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PREFACE 


The present volume contains the more advanced parts of the 
differential and integral calculus, dealing mainly with functions 
of several variables. As in Volume 1, I have sought to make 
definitions and methods follow naturally from intuitive ideas 
and to emphasize their physical interpretations—aims which 
are not at all incompatible with rigour. 

I would impress on readers new to the subject, even more 
_ than I did in the preface to Volume I, that they are not expected 
to read a book like this consecutively. Those who wish to get a 
| rapid grip of the most essential matters should begin with 
- Chapter IT, and next pass on to Chapter IV; only then should 

they fill in the gaps by reading Chapter ITI and the appendices. 
| to the various chapters. It is by no means necessary that they 

should study Chapter I systematically in advance. 

The English edition differs from the German in many details, _ 
and contains a good deal of additional matter. In particular, 
the chapter on differential equations has been greatly extended. 
Chapters on the calculus of variations and on functions of a 
complex variable have been added, as well as a supplement on 


' peal numbers. 


T have again to express my very cordial thanks to my ‘Gavan 
publisher, Julius Springer, for his generous attitude in con- 
senting to the publication of the English edition. I have also 
to thank Blackie & Son,.Ltd., and their staff, especially Miss 
Ἢ. M. Deans, for co-operating with me and my assistants and 
relieving me of a considerable amount of proof reading. Finally, 
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. I must express my gratitude to the friends and colleagues 
who have assisted me in preparing the manuscript for the press, — 
reading the proofs, and collecting the examples; in the first place 
to Dr. Fritz John, now of the University of Kentucky, and to 
Miss Margaret Kennedy, Newnham College, Cambridge, and also 
to Dr. Schénberg, Swarthmore College, Swarthmore, Pa. 


R. COURANT. 


New Rocwewrr, New Yorr. 
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"CHAPTER Tr 


” Preliminary Remarks on Analytical 
Geometry and Vector Analysis | 
Ἂς 


the interpretation and application of the mathematical facta which 
: form the main subject of this second volume it is often convenient to use 
the simple fundamental concepts of analytical geometry and vector . 
analysis. Hence, even though many readers will already have a certain | 
Κησν σεν of Ames enbjpois, H setae edeieble to guuntaarize their elemente — 
‘in a brief introduetory chapter. This 

chapter, however, need not be studied 

before the rest of the book is read; the — 

reader is advised: to refer to the facta τ = 
collected here only when he finds the — nee 
teed of thant in stadying the lnter'parte ἡ 
of the book. 7 


Ἂ 


1. Rucrancutar Co-onpmsaras. 
AND ‘Vucrors 


1. Co-ordinate: Axes. _ 


- To fix a point ina plane or in space, . 
as is well known, we generally make use 7 

᾿ of ἃ rectangular oo-ordinate system. In /% 
. the plane we take two. perpendicular 2 H 5 & 

- lines, the z-axis and the y-axis; in space ἊΝ _ Fig, 1—Co-ordinate axes in space 
‘we take three mutually | 


“Hines, the w-axis, thé g-anis, and the z-axis. “Taking the same unit of as 


length on each axia, we assign to each point of the plane an 2-co-ordinate 
and a y-co-ordinate in the usual way, or to each point in space an’ 
gsco-ordinate, a y-co-ordinate, and a z-co-ordinate (fig. 1). Conversely, 
to every set of values (x, y) or (2; y, 2) there corresponds just one point . 
of the ‘plane, or of space, as the case may be; 8 point is completely 


"Using the theorem of Pythagoras we find that the distance bekreen to : 


πὰ: 


ax “V/ ἴα, -- TG (ψι — γε)» 


Mg. 1 ees τς {4913} 
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while the distance between a points with co-ordinates (2, vy» %) and — 


(Xa, Yo 29) 18 
= να; — 2) + (νι — yo)? - (σι — me) 


In setting up a system of rectangular axes we must pay attention to 
the ortentation of the co-ordinate system. 
In Vol. I, Chap. V, § 2 (p. 268) we ae between positive and 


Fig. 2.—Right-handed system of axes Fig. 3.——Left-handed system of axes 


negative senses of rotation in the plane. The rotation through 90° which 
brings the positive a-axis of a plane co-ordinate system into the position of 
the positive y-axis in the shortest way defines a sense of rotation. According 
as this sense of rotation is positive or negative, we say that the system of 
axes is right-handed or left-handed. (cf. figs. 2 and 3). It is impossible to 
change a right-handed system into a left-handed system by a rigid motion 
~ confined to the plane. A similar distinction occurs with co-ordinate systems 


Z 


x | YY 


Fig. 4 τ ΒΕ μεθθοῦ, screw 6-4 Ε ig. 5.-—Left-handed screw 


in space. For if one imagines oneself standing on the paeplane with one’s 
head in the direction of the positive z-axis, it is possible to distinguish 
two types of co-ordinate system by means of the apparent orientation of 
the co-ordinate system in the ay-plane. If this system is right-handed the 
system in space is also said to be right-handed, otherwise left-handed 
(cf. figs. 4 and δ). A right-handed system corresponds to an ordinary right- _ 
handed screw; for if we make the zy-plane rotate about the z-axis (in the | 
sense prescribed by its orientation) and simultaneously give it a motion 
of translation along the positive z-axis, the combined motion is obviously 
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that of a right-handed screw. Similarly, a left-handed system corresponds 
to a left-handed screw. No rigid motion in three dimensions can transform 
a left-handed system into a right-handed system. 

In what follows we shall always use right-handed systems of axes. 

We may also assign an orientation to a system of three arbitrary axes 
passing through one point, provided these axes do not all lie in one plane, 
just as we have done here for a system of rectangular axes. 


2. Directions and Vectors. Formule for Transforming Axes. 


An oriented line / in space or in a plane, that is, a line traversed in a 
definite sense, represents a direction; every oriented line that can be made 
to coincide with the line 7 in position 
and sense by displacement parallel to jy j 
itself represents the same direction. It 
is customary to specify a direction rela- 
tive to a co-ordinate system by drawing 
an oriented half-line in the given direc- > 
tion, starting from the origin of the ain 
co-ordinate system, and on this half- 
line taking the point with co-ordinates Fig. 6.—The angles which a straight 
(x, β, y) which is at unit distance from ete wie 
the origin. The numbers a, 6, y are 
called the direction cosines of the direction. They are the cosines of the 
three angles 8,, δ.» ὃς which the oriented line / makes with the positive 


a-axis, y-axis, and z-axis* (cf. fig. 6); by the distance formula, they 


satisfy the relation 
a? + B24 y%== 1. 


If we restrict ourselves to the zy-plane, a direction can be specified by 
the angles δι, 8, which the oriented line 7 having this direction and 
passing through the origin forms with the positive z-axis and y-axis; or 
by the direction cosines « = 608 δ,» 8 == cosd,, which satisfy the equation 


a? β5- 1. 


A line-segment of given length and given direction we shall call a 
vector; more specifically, a bound vector if the initial point is fixed in space, 
and a free vector if the position of the initial point is immaterial. In the 
following pages, and indeed throughout most of the book, we shall omit 
the adjectives free and bound, and if nothing is said to the contrary we 
shall always take the vectors to be free vectors. We denote vectors by 
heavy type, e.g. a, 6, c, x, A. Two free vectors are said to be equal if 
one of them can be made to coincide with the other by displacement 
parallel to itself. We sometimes call the length of a vector its absolute 
value and denote it by | @ |. 


*The angle which one oriented line forms with another may always be 
taken as being between 0 and 2, for in what follows only the cosines of such 
angles will be considered. 
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If from the initial and final points of a vector Ὁ we drop perpen- 
diculars on an oriented line J, we obtain an oriented segment on / corre- 
sponding to the vector. If the orientation of this segment is the same as 
that of J, we call its length the component of Ὁ in the direction of 1; if the 
orientations are opposite, we call the negative 
of the length of the segment the component of v 
in the direction of l. The component of Ὁ in the 
direction of 1 we denote by v;. If ὃ is the angle 
between the direction of Ὁ and that of ἐ (cf. 
fig. 7), we always have 


|v [οος ὅ---ἰ l v, = | Ὁ | cosd. 


PACT 2 OO ΟΣ ΑΝ ΕΚΟΕ A vector v of length 1 is called a unit vector. 
Its component in a direction / is equal to the 
cosine of the angle between J and Ὁ. The components of a vector Ὁ in the 
directions of the three axes of a co-ordinate system are denoted by 
1, Ve, Vg. If we transfer the initial point of Ὁ to the origin, we see that 


| v|= V v2 + vo" + v5% 
If «, 8, y are the direction cosines of the direction of v, then 
σι Ξε [Ὁ le, υς -Ξῷ [Ὁ], vg=|v ly. 


A free vector is completely determined by its components 0, U2, Ug 
An equation 
v= τὸ 


between two vectors is therefore equivalent to the three ordinary equations 


υ, = Wy, 
V2 ΞΞΞ Wa, 
Vs — Wg 


There are two different reasons why the use of vectors is natural and 


a+(b+c)=(at+b)+e 


Fig. 8.—Commutative law of vector Fig. 9.—Associative law of vector 
addition addition 


advantageous. Firstly, many geometrical concepts, and a still greater 
number of physical concepts, such as force, velocity, acceleration, &c., 
immediately reveal themselves as vectors independent of the particular 
co-ordinate system. Secondly, we can set up simple rules for calculating 
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with vectors analogous to the rules for calculating with ordinary numbers; 
by means of these many arguments can be developed in a simple way, 
independently of the particular co-ordinate system chosen. 

We begin by defining the sum of the two vectors a and 6. For this 
purpose we displace the vector & parallel to itself until its initial point 
coincides with the final point of a. Then the initial point of @ and the 
final point of & determine a new vector c (see fig. 8) whose initial point 
is the initial point of ὦ and whose final point is the final point of 6. We | 
call c the sum of @ and 6 and write 


atb=c. 
For this additive process the commutative law 
a+b6b=6+4+a 


and the associative law 
a+(6+c)=(a+ d)+c=a+6+e 


obviously hold, as a glance at figs. 8 and 9 shows. 

From the definition of vector addition we at once obtain the “ projec- 
tion theorem ”: the component of the sum of two or more vectors in a direction 
1 is equal to the sum of the components of the individual vectors in that direc- 
tion, that is, 

(a+ 6),=a,+ 5, 


In particular, the components of a + 6 in the directions of the co-ordinate 
axes are αἱ + ὃ,» dy + ὃ,» ag + ὃς: 

To form the sum of two vectors we accordingly have the following 
simple rule. The components of the sum are equal to the sums of the corre- 
sponding components of the summands. 

Every point P with co-ordinates (7, y, 2) may be determined by the 
position vector from the origin to P, whose components in the directions of 
the axes are just the co-ordinates of the point P. We take three unit 
vectors in the directions of the three axes, e, in the x-direction, e, in the 
y-direction, e, in the z-direction. If the vector Ὁ has the components 
Uys Yq, Vg, then 

Ὁ = 0,2, + Veg + Ugeq- 


We call Ὁ; = v,€1, Ve = ὕ,6,5, Ug = V3@3 the vector components of Ὁ. 
Using the projection theorem stated above, we easily obtain the trans- 
formation formule which determine (z’, y’, z’), the co-ordinates of ἃ given 
point P with respect to the axes Ox’, Oy’, Oz’, in terms of (2, y, 2), its co- 
ordinates with respect to another set * of axes Ox, Oy, Oz which has the 
same origin as the first set and may be obtained from it by rotation. The 
three new axes form angles with the three old axes whose cosines may be 


*It is to be noted that in accordance with the convention adopted on 
p. 3 both systems of axes are to be right-handed. 
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expressed by the following scheme, where for example y, is the cosine of 
the angle between the 2’-axis and the z-axis: 


|ziylz 

a’ [αι Bil v1 

y’ | α] Boj Ye 

z’|as| Bal Ys 
From P we drop perpendiculars to the axes Ox, Oy, Oz, their feet being 
P,, Ps Ps, (of. fig. 1, p. 1). The vector from O to P is then equal to 
the sum of the vectors from O to P,, from O to P,, and from O to Ps. The 
direction cosines of the x’-axis relative to the axes Ox, Oy, Oz are a, By Yu 
those of the y’-axis a, By, 2, and those of the z’-axis ας, By, γ5. By the 
projection theorem we know that α΄, which is the component of the vector 


amen 
OP in the direction of the z’-axis, must be equal to the sum of the com- 
> > => 
ponents of OP,, OP,, OP; in the direction of the z’-axis, so that 
α΄ τὸ e+ By + γι, 


for «,2 is the component of x in the direction of the 2’-axis, and soon. 
Carrying out similar arguments for y’ and 2’, we obtain the transformation 
formule 

a= aye + By + V2 

y! = ae + Boy + Ye2 


Fa 


z’= age + Pay + Ys% 
and conversely 


5 το 0,2 + ay’ - age" 
y = Bix’ + Boy’ + Bae’ 
2 = yx + yey’ + 3%’. 


Since the components of a bound vector Ὁ in the directions of the axes 
are expressed by the formulz 
vy = Xe = ζι 
Vo = Yo— V1 
Vs = Zo μυῖαν ζ:» 


in which (2,, y,, z,) are the co-ordinates of the initial point and (22, y2, Zs) 
the co-ordinates of the final point of v, it follows that the same trans- 
formation formule hold for the components of the vector as for the 
co-ordinates: 

0! = 00, + Bye + Υιῦβ 

Ue = Oty + Bove + Y2%s 

Vg = gr + βεῦς + Yars- 


3. Scalar Multiplication of Vectors. 


Following conventions like those for the addition of vectors, we now 
define the product of a vector Ὁ by a number c: if Ὁ has the components 
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Vy Vg, Vs, then cv is the vector with components cv, Cvg, cvs. This de- 
finition agrees with that of vector addition, for v-+ v= 20, v-+v+u 
= $v, and so on. If c > 0, cw has the same direction as Ὁ, and is of length 
σ[ Ὁ}; ifc < 0, the direction of cv is opposite to the direction of Ὁ, and its 
length is (—c)|v|. If c= 0, we see that cv is the zero vector with the 
components 0, 0, 0. 

We can also define the product of two vectors 7 and Ὁ, where this “multi- 
plication ” of vectors satisfies rules of calculation which are in part similar 
to those of ordinary multiplication. There are two different kinds of 
vector multiplication. We begin with scalar multiplication, which is the 
simpler and the more important for our purposes. 

By the scalar product * uv of the vectors u and Ὁ we mean the product 
of their absolute values and the cosine of the angle ὃ between their directions: 


uv = ||| v|cosd. 


The scalar product, therefore, is simply the component of one of the 
vectors in the direction of the other multiplied by the length of the second 
vector. 

From the projection theorem the distributive law for multiplication, 


(4+ v)w= uw-+ vw, 


follows at once, while the commutative law, 


uv = VU, 


is an immediate consequence of the definition. 

On the other hand, there is an essential difference between the scalar 
product of two vectors and the ordinary product of two numbers, for the 
product can vanish although neither factor vanishes. 

If the lengths of τε and Ὁ are not zero, the product uv vanishes tf, and 
only if, the two vectors u and v are perpendicular to one another. 

In order to express the scalar product in terms of the components of 
the two vectors, we take both the vectors ~ and Ὁ with initial points at 
the origin. We denote their vector components by 2, 269, uw, and 
U1, Uo, Us respectively, so that w= u,+ ες -ἰ- 265 and. v= Ὁ, + Ὁς - Vz. 
In the equation wv = (uw, - M+ %3)(¥, + Vy + Vs) We can expand the 
product on the right in accordance with the rules of calculation which 
we have just established; if we notice that the products 2, Ὁ,» δέ) 3, τες Ὁ,, 
U,V, 4301, and φέρ. vanish because the factors are perpendicular to one 
another, we obtain “v= φές Ὁ. + 42V, + %3U3. Now the factors on the 
right have the same direction, so that by definition u,v, = 1%, &c., 
where U1, Ug, Us and v,, Yq, Vs are the components of # and Ὁ respectively. 
Hence 

UV = U,V, - Ug. + Ugls. 


This equation could have been taken as the definition of the scalar product, 
and is an important rule for calculating the scalar product of two vectors 


* Often called the inner product. 
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given in terms of their components. In particular, if we take τὲ and wv as 
unit vectors with direction cosines «,, α,» ας and f,, Ba, Bs respectively, 
the scalar product is equal to the cosine of the angle between # and v, 
which is accordingly given by the formula 


cos = 08, + a8. + αςβ5. 


The physical meaning of the scalar product is exemplified by the fact, 
proved in elementary physics, that a force f which moves ἃ particle of unit 
mass through the directed distance Ὁ does work amounting to fv. 


4. The Equations of the Straight Line and of the Plane. 


Let a straight line in the zy-plane or a plane in xyz-space be given. 
In order to find their equations we erect a perpendicular to the line (or 


Fig. 10.—The equation of a straight line 


the plane) and specify a definite “ positive direction along the normal”, 
perpendicular to the line (or plane); it does not matter which of the two 
possible directions is taken as positive (cf. fig. 10). The vector with unit 
length and the direction of the positive normal we denote by 22. The points 
of the line (or plane) are characterized by the property that the position 
vector x from the origin to them has a constant projection p on the direc- 
tion of the normal; in other words, the scalar product of this position 
vector and the normal vector 22 is constant. If «, 8 (or «, B, y) are the 
direction cosines of the positive direction of the normal, that is, the com- . 
ponents of 22, then 

αα -ἰ- py—p=0 


(or = ax-+ By+ yz— » ΞΞ 0) 


is the required equation of the line (or plane). Here Ὁ has the following 
meaning: the absolute value | p| of p is the distance of the line (or plane) 
from the origin. Moreover, p is positive if the line (or plane) does not 
pass through the origin and # is in the direction of the perpendicular 
from the origin to the line (or plane); p is negative if the line (or plane) 
does not pass through the origin and has the opposite direction; p is 
zero if the line (or plane) passes through the origin. Conversely, if a, B 
(or «, 8, γ) are direction cosines, this equation represents a line (or plane) 
ata distance p from the origin, whose normal has these direction cosines. 
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The expression az + By — p (or ax + By + yz — p) on the left-hand 
side of this so-called normal or canonical form of the equation of the 
straight line (or plane) also has a geometrical meaning for any point P 
(x, y) not lying on the line (or plane). Since ax -+ fy (or ax -+- By + yz) is 
the projection of the position vector from O to P on the normal, we see 
at once that the expression ax + By — p (or ax-+ By + yz — p) ts the 
perpendicular distance of the point P from the line (or plane) and is positive 
for points on one side of the line or plane (namely, that on which the normal 
ts positive) and negative for points on the other side. 

From the canonical form of the equation we obtain other forms of 
equation for the straight line (or plane) by multiplying by an arbitrary 
non-vanishing factor. Conversely, an arbitrary linear equation 


Az + By + τεῦ (or Ax+ By + Cz+ D=90) 


represents a straight line (or plane) provided the coefficients A, B (or 
A, B, C) are not all zero.* In the second of these equations, for example, 


we may divide by +/ A? + B? + C? and put 


A B 
t= Tete po °“Vape po 


σ D 
v = ——— = ,, 
ate ἢ ν΄ A? + B?+ Ο5 
In this way we obtain an equation which is seen to represent a plane at 
a distance p from the origin, whose normal has the direction cosines 
a, 8, y. Corresponding remarks hold for the equation of the straight line. 


A straight line in space may be determined by any two planes passing 
through the line. For a line in space we thus obtain two linear equetions 


A,x + By + Cyz+ D, = 0, 
Aye + By + 0% + D, = 0, 


which are satisfied by (x, y, z), the co-ordinates of any point on the line. 
Since an infinite number of planes pass through a given line, this repre- 
sentation of a line in space is not unique. 

Frequently it is more convenient to represent a line analytically in 
parametric form by means of a parameter t. If we consider three linear 
functions of ¢, 


© = ay + byt, 
y = a, + bef, 
z= a, + bzt, 


where the 6’s are not all zero, then as ¢ traverses the number axis the point 
(x, y, 2) describes a straight line. This we see at once by eliminating ἐ 
between each pair of equations, whereby we obtain two linear equations 
for x, y, 2. 


ΓΑ = B=0(or A = B = C = 0), D must also be zero, and any point 
of the plane (or of space) satisfies the equation. 
49 (Ε912) 
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The direction cosines «, 8, y of the line in its parametric form are 
proportional to the coefficients ὃ,» 6, 63. For these direction cosines are 


—_— —) ree i ee 


O 


Fig. 11.—Parametric representation of a straight line passing through two points 


proportional (cf. fig. 11) to 7; — Xo, ψι — Yo, 2% — 29. the differences of the 
co-ordinates of two points P,, P, with co-ordinates 
y= Oy t Oy, Yy= Ag+ Oh % = 3+ Dah 
and 
Ly == Ay + δχίη» Yo = ας + Dole, % = Ag + Dole. 
Hence ; 
P,P, Cos δὶ = Xo — vy = δι(ᾳ — ti) 
P,P, cos 8, = y, — Ψι = Og(tg — 4), 
P,P, Cos ὃς ΞΞΞ ζω —_— Ζ1 ΞΞΞ ba(te = t1)» 


where P,P, denotes the length of the segment P,P,. Consequently 


. ἰ, -- κα 
a= pb,, = pb., = οὗ where 9 = =~ ). 
pb, B= eb, y= pbs ( e Fe) 


Since the sum of the squares of the direction cosines is unity, it follows that 


ὃ 


πος τ, Oe, ae ἰδὲς τ. ei ὃς 
Voepeiyb? ἢ μευ τ Yuba bette 


where the double sign of the square root corresponds to the fact that we 
can choose either of the two possible senses on the line. 

By means of the direction cosines we can easily bring the parametric 
representation of the line into the form 


v= Xt AT, 
¥=Y%+ Br, 
2=% + Yt, 


where (2%, Y%, 29) is a fixed point on the line; the new parameter τ is con- 
nected with the previous parameter ¢ by the equation 


Lo + at = a, + dy. 
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From the fact that «? + 8? + y? = 1 it follows that 


tH - (x — Xo)? + (y — ψο)}3 + (ὦ — 2). 


Hence the absolute value of τ is the distance between (2), yo, 20) and 
(x, y, 2). The sign of τ indicates whether the direction of the line is from the 
point (xp, Yo, %) to the point (2, y, 2), or vice versa; in the first case τ is 
positive, in the second negative. 

From this we obtain a useful expression for (x, y, 2), the co-ordinates 
of a point P on the segment joining the points P,(%, yo, 29) and P3(2, Ψ1» 21)» 
namely, 


ἃ τῷ doy AM, Y= AYo tb AY 2 = λρῦρ + Arp 


where A, and A, are positive and 4) + 4, = 1. If τ and +, denote the dis- 

tances from P, of the points P and P, respectively, we find that λρΞΞ 1— τ 
Ty 

and A, = * For if we calculate ἃ, say, from x, = 2%) + «t,, and sub- 

Ty 
stitute this value, ἃ = (2, — %)/t,, in the equation x = 2 + at, we obtain 
the expression given above. 
Let a straight line be given by 


x= 2%+ At, 
Y= 4+ Br, 
ζ ΞΞ 2% + YT. 


We now seek to find the equation of the plane which passes through the point 
(%q. Yo» 2) and is perpendicular to this line. Since the direction cosines of 
the normal to this plane are «, 8, y, the canonical form of the required 
equation is 

ax + By + yz— p= 0, 


and since the point (2p, Ψ0» 20) lies on the plane 
P = ααρ + BY + Ὑξο- 


The equation of the plane through (2%, ¥, 290) perpendicular to the line 
with direction cosines a, β, Ὑ is therefore 


a(% — %) + Bly — Yo) + yz — 22) = 0. 


In the same way, the equation of a straight line in the zy-plane which 
passes through the point (2, Ψο) and is perpendicular to the line with 
direction cosines «, β is 


a(% — %) + Bly — Yo) = 0. 


Later we shall need a formula for 5, the angle between two planes given 
by the equations : | 
ax + By + yz —p = 0. 
aax+ By + yz— p=. 
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Since the angle between the planes is equal to the angle between their 
normal vectors, the scalar product of these vectors is 608 δ, so that 


cos δ = aa’ + BB’+ vy’. 
In the same ἜΝ for the angle ὃ between the two straight lines 
ax-+- By—p=Oandaa+ By — p’ = 0 
in the zy-plane we have 
cos ὃ = aa’-+ BP’. 


EXAMPLES 


1. Prove that the quantities «,, %,..., Ys (Ρ. 6), defining a rotation 
of axes, satisfy the relations 


3% + BiB. + Y172 = 9, a? + 67+ y= 1, 
Gets + Bobs + YoYs = 0, a? -+ B+ γεῖ = 1, 
M30, + Babi + Ys¥1 = 9, as" + Bs? + ys” = 1. 

2. If aand ὃ are two vectors with initial point O and final points A and 


B, then the vector with O as initial point and the point dividing AB in the 
ratio 0: 1 — @ as final point is given by 


(1 — θ)α + 08. 


3. The centre of mass of the vertices of a tetrahedron PQRS may be 
defined as the point dividing MS in the ratio 1:3, where M is the centre 
of mass of the triangle PQR. Show that this definition is independent of 
the order in which the vertices are taken and that it agrees with the general 
definition of the centre of mass (Vol. I, p. 283). 

4. If in the tetrahedron PQRS the centres of the edges PQ, RS, PR, 
QS, PS, QR are denoted by A, A’, B, B’, C, C’ respectively, then the lines 
AA’, BB’, CC’ all pass through the centre of mass and bisect one another 
there. 

5. Let P,,..., P, be ἡ arbitrary particles in space, with masses 
M1, Mo, ..., mM, respectively. Let G be their centre of mass and let 
fy, ---, £, denote the vectors with initial point G and final points 
P,,...,P,. Prove that 


mp, + Mop, + ..-+ Map, = Ὁ. 


2. Toe AREA or A TRIANGLE, THE VOLUME OF A TETRAHEDRON, 
THE Vector MULTIPLICATION OF VECTORS 


l. The Area of a Triangle. 


In order to calculate the area of a triangle in the xy-plane we imagine 
it moved parallel to itself until one of its vertices is at the origin; let the 
other two vertices be P,(x,, y,) and P,(x2, y,) (cf. fig. 12). We write down 
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the equation of the line joining P, to the origin in its canonical form 
—% | 
—— 4. e+ y= 0 
ay? + yy” x? + νυ 


hence for the distance h of the point P, from this line we have (except 
perhaps for sign) the expression 


+h —Yi% _+ THe 
“γα Ey? + yi? γα τ y> 


Since the length of the ᾿μὐρ δῆ OP, is \/z2 + 9,3, we find that twice the 


yp ᾿ 


x Ζ 

O 0 

Fig. 12.—To illustrate the method for Fig. 13.—Determination of the sign of the 
finding the area of a triangle area of a triangle 


area of the triangle, which is the product of the “base” OP, and the 
altitude h, is given (except perhaps for sign) by the expression 


2A = αι --- Zl 


This expression can be either positive or negative; it changes sign if 
we interchange P, and P,. We now make the following assertion. The 
expression A has a positive or negative value according as the sense in which 
the vertices OP,P, are traversed is the same as the sense of the rotation 
associated with the co-ordinate axes, or not. Instead of proving the fact by 
more detailed investigation of the argument given above, which is quite 
feasible, we prefer to prove it by the following method. We rotate the tri- 
angle OP,P, about the origin O until P, lies on the positive z-axis. (The 
case in which O, P,, P, lie on a line, so that A = ἐ(α να — 241) = 0, can be 
omitted.) This rotation leaves the value of A unaltered. After the rotation 
P, has the co-ordinates 2,’ > 0, y,’ = 0, and the co-ordinates of the new 
P, are x,’ and y,’. The area of the triangle is now 


1, 
A= 5 [1 Ya» 
and therefore has the same sign as y,. The sign of y.’, however, is the 


same as the sign of the sense in which the vertices OP,P, are traversed 
(cf. fig. 13). Our statement is thus proved. 
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For the expression 2,y, — x,y,, which gives twice the area with its 
proper sign, it 1s customary to introduce the symbolic notation 
X ἂς , 
Y1 Y2 


χες τ TY = 


which we call a two-rowed determinant, or determinant of the second order. 
If no vertex of the triangle is at the origin of the co-ordinate system, 

e.g. if the three vertices are (Xo, Yo), (X1, Y1)s (Ver Yo), by moving the axes 

parallel to themselves we obtain the formula | 

I 


A=-_ 
2 


for the area of the triangle. 


Ty — ἄρ ἂς — ἄρ 
Y¥i— Yo Yo— Yo 


2. Vector Multiplication of two Vectors. 


In addition to the scalar product of two vectors we have the important 
concept of the vector product.* The 
vector product [@6] of the vectors a 

and ὅ is defined as follows (cf. fig. 14): 
We measure off @ and 6 from a 
[a δ) point O. Then @ and 6 are two sides 
of a parallelogram in space. The vector 
product [46] - Ο is a vector whose 
length is numerically equal to the area 
of the parallelogram and whose direc- 
tion is perpendicular to the plane of the 
parallelogram, the sense of direction 
being such that the rotation from a@ to 
6 and c= [a6] is right-handed. (That 
is, if we look at the plane from the 
final point of the vector c, we see the 


Fig. 14.—Vector product of two ; : : 
vectors 4 and 6 shortest rotation from the direction of @ 


to that of 5 as a positive rotation.) If 
a and 6 lie in the same straight line, we must have [@] = 0, since the 
area of the parallelogram is zero. 


Rules of Calculation for the Vector Product. 


(1) If a + Oand ὃ + 0, then [ad] = 0 if, and only if, a and ὁ have the 
same direction or opposite directions. 
For then, and only then, the area of the ῬΑΡΆΠΘΙΘΕΝΙ δ, with @ and 6 
as sides is equal to zero, 
(2) The equation 
[a6] = —[da} 
holds. 


* Often called the outer product; other notations in use for it are @ x ὦ, 
an. 
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This follows at once from the definition of [@6]. 
(3) If α and 6 are real numbers, then 


[aa bb] = ab[ad]. 


For the parallelogram with sides aa and 06 has an area ab times as 
great as that of the parallelogram with sides @ and 6 and lies in the same 
plane as the latter. 

(4) The distributive law holds: 


[α(ὃ + c)) = [a6] + [40], [(ὅ + c)a] = [ba] + [ca]. 


We shall prove the first of these formulz; the second follows from it 
when rule (2) is applied. 

We shall now give a geometrical construction for the vector pro- 
duct [a5] which will demonstrate the truth of the distributive law 
directly. 

Let E be the plane perpendicular to a through the point O. We project 


B 
ὃ 


0 A 


Fig. 15.—To show that [a6] = [461 


ὃ orthogonally on Z, thus obtaining a vector 0’ (cf. fig. 15). Then [a5’] 
= [ad], for in the first place the parallelogram with sides a and & has the 
same base and the same altitude as the parallelogram with sides a and 
b’; and in the second place the directions of [@5’] and [@6] are the same, 
since @, ὦ, 5’ lie in one plane and the sense of rotation from @ to 5’ is the 
same as that from a to ὅ. Since the vectors @ and 6 are sides of a rect- 
angle, the length of [a5’] = [a8] is the product [ὦ || δ΄ [. If, therefore, 
we increase the length of 5’ in the ratio |a@|:1, we obtain a vector 6” 
which has the same length as [546]. But [a6] = [@6’] is perpen- 
dicular to both @ and 6, so that we obtain [a6] = [@6’] from 6” by a 
rotation through 90° about the line a. The sense of this rotation must be 
positive when looked at from the final point of a. Such a rotation we shall 
call a positive rotation about the vector @ as axis. 

We can therefore form [45] in the following way: project 4 orthogon- 
ally on the plane 7, lengthen it in the ratio | @| : 1, and rotate it positively 
through 90° about the vector a. 

To prove that [a(6 + c)] = [@]+ [ac] we proceed as follows: 5 
and c are the sides OB, OC of a parallelogram OBDO, whose diagonal OD 
is the sum ὅ - c. We now perform the three operations of projection, 
lengthening, and rotation on the whole parallelogram OBDC instead of on 
the individual vectors 6, c, 6+ .¢; we thus obtain ἃ parallelogram 
OB,D,C, whose sides OB,, OC, are the vectors [48] and [ac] and whose 
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diagonal is the product [a(S + c)]. From this the equation [a6] + [ac] 
= [α(ὃ + c)] clearly follows (cf. fig. 16). 


Fig. 16.—Distributive law for the vector product of two vectors a and ὃ 


(5) Let @ and ὃ be given by their components along the axes, a4, a,, ds 
and 5,, ὃς, ὃς respectively. What is the expression for the vector product 
[α 8] in terms of the vector components? 

We express @ by the sum of its vector components in the directions of 
the axes. If e,, 65» Θς are the unit vectors in the directions of the axes, 
then 


& = M0, + ἄ56ς + B30, 
and similarly 
δ = b,e, + ὃ,6. ΝΙΝ ὃς6ς. 


By the distributive law we obtain 


[@5] = [(α.6.) (5,e,)] + [(α.64) (b2¢2)] + [(α5.6.) (ὃς 65)} 
+ [(a@2@) (ὃ.6.)] + [(@2¢2) (2¢2)] + [(α564) (ὃ 4)1 
+ [(@s¢s) (0121)] + [(43¢s) (b2¢2)] + [(@ses) (b3€s)], 


which by rules (1) and (3) may also be written 


[2b] = a,b,[e,¢,] + 2,5,[e,es] + ab,[e,€,] 
+ abs[e,¢3] + a3b,[ese] + a3b,[ese,]. 


Now from the definition of vector product it follows that 
e, = [6565] = —[esee], 6ς = [6561] = —[e1¢3], @3 = [6465] = —[e,e,]. 
Hence 
[@b] = (αρὃς — agby)e, + (agb, — a,bs)eg + (a4, — a,b, )es. 
The components of the vector product [a5] = ὁ are therefore 
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In physics we use the vector product of two vectors to represent a 
moment. A force f acting at the final point of the position vector x has the 
moment [ fx] about the origin. 


3. The Volume of a Tetrahedron. 


We consider a tetrahedron (cf. fig. 17) whose vertices are the origin 
and three other points P,, P,, Ps; with co-ordinates (21, Ψ.» 21), (Ya. Ye» 22) 


ax 


y 


Fig. 17.—Determination of the volume of a tetrahedron 


(ας Ys, 295) respectively. To express the volume of this tetrahedron in terms 
of the co-ordinates of its vertices we proceed as follows. The vectors 
x, = OP, and x, = OP, are sides of a triangle whose area is half the 
length of the vector product [x,x,]. This vector product has the direction 
of the perpendicular from P, to the plane of the triangle OP,P,; h, the 
length of this perpendicular (the altitude of the tetrahedron), is therefore 
given by the scalar product of the vector x, = OP; and the unit vector 
in the direction of (,%x,]; for 4 is equal to the component of OP, in the 
direction of [x12,]. Since the absolute value of [x,.] is twice the area A 
of the triangle OP,P,, and since the volume V of the tetrahedron is equal 
to 4Ah, we have 


V = $([%1%2] 5). 
Or, since the components of [x,x,] are given by 


% Yi , 
ὥς; Y2 


Ww 4 ὅν % 


Ys %| 


3 
ὥς ἅς 


18 ANALYTICAL GEOMETRY AND VECTORS [Cuap. 
we can write 
Yy %y % Yi 


| v=o {as \. 
6 92 M2 Ly Ye 


This also holds for the case in which O, P,, P, lie on a straight line; in 
this case, it is true, the direction of [,x,] is indeterminate, so that A can 
no longer be regarded as the component of OP; in the direction of [x1], 
but nevertheless A = 0, so that V = 0, and this follows also from the above 
expression for V, since in this case all the components of [x,x,] vanish. 

Here again the volume of the tetrahedron is given with a definite sign, 
as the area of the triangle was on p. 13; and we can show that the sign 
is positive if the three axes OP,, OP, ,OP, taken in that order form a system 
of the same type (right-handed or left-handed, as the case may be) as the 
co-ordinate axes, and negative if the two systems are of opposite type. 
For in the first case the angle ὃ between [x,x,] and x, lies in the interval 


+ ¥3 


Ζ 3 
ὥς 4 


+ 2 


Oss Ss 2» and in the second case in the interval 5 = 38S x, as follows 


immediately from the definition of [x,x,], and V is equal to 


| [%,%2]| | ἅς cosd. 
The expression 


5 Ψι %4 +5 % 8. + 25 | al 
Yo % ὥς (Ue ve Ye 
occurring in our formule may be expressed more briefly by the symbol 
ym Ζι 
ὥς Yo ὥς» 
ὥς Y3 23 


which we call a three-rowed determinant, or determinant of the third order. 
Writing out the two-rowed determinants in full, we see that 

my Ww ὅι 

ἂρ Yo 2a] = LgYy2q — LeYo% + LoYgt — χεῖρ + WYo%s — ἀργῶς. 

ts Ys %3 


Just as in the case of the triangle, we find that the volume of the tetra- 
hedron with vertices (Zo, Yos Zo) (x4, 5.1» 2), (Xo, Yo» Za), (X3, Yea Zs) is 
1 ἀπ ρ Yi—-— Yo ὅι, - % 
i= ὥς — %y Yo Yo %e— Bp [- 
4 πῦρ Yg— Yo %se— % 
EXAMPLES * 
1. What is the distance of the point P(x», Yq, 20) from the straight line 
I given by 
z=a+b y=ed+d, z=e+f? 


*The more difficult examples are indicated by an asterisk. 
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2*, Find the shortest distance between two straight lines / and { in 
space, given by the equations 


z=at+ob x= αἵ + δ' 
y=c+d and y=ct+d’ 
z=e+tf z= et-+ Κ΄. 


3. Show that the plane through the three points (21, Ψι» 21), (Xa. Yes 22), 
(%3, Yg 33) 15 given by 
t,— & wi—y zy — 2% 
ἄττα Ye Yy ἔ,--ὦ =O. 
tz πα ¥3—— Y %g — 5 
4, In a uniform rotation let (a, 8, 7) be the direction cosines of the axis 


of rotation, which passes through the origin, and w the angular velocity. 
Find the velocity of the point (z, y, 2). 


5. Prove Lagrange’s identity 
[ay? = | x Ply |? — (xy). 
6. The area of a convex polygon with the vertices P,(2,, y,), P.(%2, Ye); 
o oes Pul(Xps Yn) is given by half the absolute value of 
ty ὅ 
4¥1 Ye 


te ἅς 
Ys Ys 


3,,..-1 vy, 
Yn-1 Yn 


Ty, Wy 
Yn γι 


+... 


3. SIMPLE THEOREMS ON DETERMINANTS OF THE SECOND 
AND THIRD ORDER 


1. Laws of Formation and Principal Properties. 


The determinants of the second and third order occurring in the cal- 
culation of the area of a triangle and the volume of a tetrahedron, together 
with their generalization, the determinant of the nth order, or n-rowed deter- 
minant, are very important in that they enable formal calculations in all 
branches of mathematics to be expressed in a compact form. Here we 
shall develop the properties of determinants of the second and third order; 
those of higher order we shall need but seldom. It may, however, be 
pointed out that all the principal theorems may be generalized at once 
for determinants with any number of rows. For the theory of these we 
must refer the reader to books on algebra and determinants.* 

By their definitions (pp. 14, 18) the determinants 


b abe 
, gq) amd |4 2} 
g hk 


*Cf. og. H. W. Turnbull, The Theory of Determinanis, een and In- 
variants (Blackie & Son, Ltd., 1929). 
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are expressions formed in a definite way from their elements a, ὃ, c, ὦ and 
a, ὃ, c, d, e, f, g, h, k respectively. The horizontal lines of elements (such 
as d, e, f in our example) are called rows and the vertical lines (such as 
ο, f, &) are called columns. 

We need not spend any time in discussing the formation of the two- 
rowed determinant 


For the three-rowed determinant we give the “diagonal rule” which © 
exhibits the symmetrical way in which the determinant is formed: 


Ded 
PSN 
λους 


(—) (+) 


We repeat the first two columns after the third and then form the 
product of each triad of numbers in the diagonal lines, multiply the pro- | 
ducts associated with lines slanting downwards and to the right by +1, 
the others by —1, and add. In this way we obtain 


"δὴ ἡ — πα e+ oh 
“Δ —ceg — afh — bdk. 


We shall now prove several] theorems on determinants: 
(1) If the rows and columns of a determinant are interchanged, the value 
of the determinant is unaliered. That is, 


ad 
6 


abe g 
de f\= hi. 
g hk cf k 
This follows immediately from the above expressions for the determinants. 
(2) If two rows (or two columns) of a determinant are interchanged, the 
sign of the determinant is altered, that is, the determinant is multiplied by 
—l. 
In virtue of (1) this need only be proved for the columns, and it can 
be verified at once by the law of formation of the determinant given above. 
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(3) In section 2 (p. 18) we introduced three-rowed determinants by th 
equations , 


m1 σι & 
MW 4% Ζι % % YY 
x. Zo | ΞΞ ἃ Zo" . 
2 Yo “2 8 Yo % + Ys 2, ἄς + 2 te Ys 
wz Ys ὥς 
Using (2), we write this in the form 
᾿ is ἃ ΕΝ τὶ aay abi + % eal 
pwccenis 2142 2 8.) 2, ὧς Yai’ 
% Y3 % 


then in the determinants on the right the elements are in the same order 
as on the left. If we interchange the last two rows and then write down 


the same equation, using (2), we obtain: 


x Ζ 
ι ϑι 91 ψι 4 Ὁ 4% 1 Yi 
ὥς Yo %| = —% Ys z,| 1 ¥| x 54} 55 ty Yl" 

| % Ys 28 

and similarly 
δὴ “ " = Yo 22 ay Ve ὥς Xe " 
δι: TlY¥s % 112g 38 tz Ys 

ὧβ Ys % 


We call these three equations the expansion in terms of the elements of the 
third row, the second row, and the first row respectively. By interchanging 
columns and rows, which according to (1) does not alter the value of the 
determinant, we obtain the expansion by columns, 


x 
mow A) im | im ala, [5.1 ἤ 
dl Tly3 %s "19s 23 31 Ye Ζᾳ |” 
tT Ys %% 
ah 91 XZ ζ4 vy % ty My 
ὅς Yo %j, >= MN t, 2 + Ye ty 2s — ¥3 Le z,)’ 
3, Ys % 

z 
ga Β . [Ὁ 2) ee “1 ὅ1} Ὶ Yi 
2 Yo |= 1] ας Ys 21a, Ys 8] χ, ysl” 
ᾶς Ys % 


An immediate consequence of this is the following theorem: 

(4) If all the elements of one row (or column) are multiplied by a number 
9, the value of the determinant is multiplied by ρ. 

From (2) and (4) we deduce the following: 

(5) If the elements of two rows (or two columns) are proportional, that is, 
if every element of one row (or column) is the product of the corresponding 
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element in the other row (or column) and the same factor p, then the de- 
terminant ts equal to zero. 

For according to (4) we can write the factor outside the determinant. 
If we then interchange the equal rows, the value of the determinant is 
unchanged, but by (2) it should change sign. Hence its value is zero. 

In particular, a determinant in which one row or column consists 
entirely of zeros has the value zero, as also follows from the definition 
of a determinant. 

(6) The sum of two determinants, having the same number of rows, which 
differ only in the elements of one row (or column) is equal to the determinant 
which coincides with them in the rows (or columns) common to the two de- 
terminants and in the one remaining row (or column) has the sums of the 
corresponding elements of the two non-identical rows (or columns). 

For example: 


abe amie a bt+miec 
defilt+tid n fli=jd e+n fi. 
g hk g pk σ h+tpk 


For if we expand in terms of the rows (or columns) in question, which 
in our example consist of the elements ὃ, 6, A and m, n, Ὁ respectively, and 
add, we obtain the expression 


a ¢ 


ad f 


ad f ae 
(—b—m)|° ἜΝ Ἐπ --ῦ} 


which clearly is just the expansion of the determinant 


abt+m ὁ 
d etn f 
g ht+tp ἢ 


in terms of the column b-+m, e+, h+p. This proves the state- 
ment. 

Similar statements hold for two-rowed determinants. 

(7) If to each element of a row (or column) of a determinant we add the 
same multiple of the corresponding element of another row (or column), the 
value of the determinant is unchanged. 

By (6) the new determinant is the sum of the original determinant and 
a determinant which has two proportional rows (or columns); by (5) 
this second determinant is zero.* 


* The rule for expansion in terms of rows or columns may be extended to 
define determinants of the fourth and higher order. Given a system of sixteen 


numbers 


for example, we define a determinant of the fourth order by the expression 
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The following examples illustrate how the above theorems are applied 
to the evaluation of determinants. We have 
a 0 0 
0 e O| = aek, 
00k 


#8 we can prove by the diagonal rule. A determinant in which the 
elements in the so-called principal diagonal alone differ from zero is equal 
to the product of these elements. 

Evaluation of a determinant: 


I i1-l 2 0 0 
1-—-l 1lj= 1 —1 1] (second row added to the first), 
—I 1 1 —1 141 
2 0 0 1 
1-—-l l;=2 | 11 (expansion in terms of the first row). 
1 4141 
Hence i 43-1 
}—l 1{- -- 4, 
—1 1 1 
Another example is 
lz 2 1 x Δ" ] x x 
\loy Yl=|0 y—a y—ei=—10 y—ae y?— a). 
lz 2 1 Ζ ΓΝ 0 :--, ,«,σ 23-- ἡ 


If we now expand this in terms of the first column we obtain 


γι 
1 z2+2 


y—-x yP— 


= (y — 2) (2 — 2) (2— y). 
Ζτ XB Bo 


x 


2. Application to Linear Equations. 
Determinants are of fundamental importance in the theory of linear 
equations. In order to solve the two equations 
ax - by = A, 
cx + dy = B, 
for z and y, we multiply the first equation by c and the second by a. and 


«-Ο.’.- 


b, Ca dy a, Co ad, ad, ὃς d, ας ὃς Cyi 
αι [ὃς ὃς ds| --δι [ας Cy ἄς +e, |, ὃς ἀξ} —d, ας ὃς ος]; 
be ὦ, dy a, 6, dy a, by ὦ, αι by ὦ 
and similarly we can introduce determinants of the fifth, sixth, ..., nth order 


in succession. It turns out that in all essential properties these agree with the 
determinants of two or three rows. Determinants of more than threc rows, 
however, cannot be expanded by the “diagonal rule”. We shall not consider 
further details here. 
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subtract the second from the first; then we multiply the first equation by 
ὦ and the second by ὃ and subtract. We thus obtain 

(be — ad)y = Ac — Ba 

(ad — bc)x = Ad — Bb, 


or a b A ὃ a ὃ a A 
Fle dl~|B dal? Yie alle Br 
If we assume that the determinant 
a b 
c ἃ 
is different from zero, these equations at once give the solution 
A 6b a 4 
Bd c B 
= VS 
ele oe ἢ ἢ 
ec ἃ c ἃ 


which can be verified by substitution. If, however, the determinant 
a ὦ 


vanishes, the equations 


α ἃ 
α ὃ ΙΑ ὃ a b a A 
fecal ie al ὙΠ ἃ} le B 
would lead to a contradiction if either of the determinants bi = and 
c 


were different from zero. If, however, 


A ὃ 
Bad 


our formule tell us nothing about the solution. 

We therefore obtain the fact, which is particularly important for our 
purposes, that a system of equations of the above form, whose determinant is 
different from zero, always has a unique solution. 

If our system of equations is homogeneous, that is, if A = Β --- 0, our 


calculations lead to the solution x = 0, y = 0, provided that : : | + 0. 
δ 


Α 
Bd 


aA 
= 0, 
6 : 


For three equations with three unknowns, 


az - by + cz = A, 
dz + ey+t fz = B, 
gethyt+tke=C, 


a similar discussion leads to a similar conclusion. We multiply the first 


equation by be , the third by : Ξ » and 


hk 


H ! the second by — 


add, thus obtaining 
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e f bc δ co 
“(5 tala al tele “ἢ 

e f ὃ ὁ ὃ ὁ 
ἘΝ Ὁ 5 alte qt 

ε ἢ οἰὃ ὁ δ cl\_ ,[6ὲ ΠῚ pid ὁ δ 6 
Ἐσ(. ἢ ΠΡ ΒΕ; mls ἃ Bl alte]. sh 


But by our formule for the expansion of a determinant in terms of the 
elements of a column, this equation can be written in the form 


a be ὃ ὃ ὁ c ὃ ὁ A bB¢ 
aid e fityie ὁ fitzif e fli=|B e fi. 
g hk hhk khk Chk 
By rule (4) the coefficients of y and z vanish, so that 
abe A be 
wajd e fi=iB e fil. 
ghk Chk 


In the same way we derive the equations 


abe aAe 
yid e fl=jid B fi, 
ghk g Ck 
α ὃ ς αᾳὃ 4 
Jee al=[e «2 
g hk gh @ 
If the determinant 

abe 

def 

g hk 


is not zero, the last three equations give us the value of the unknowns. 
Provided that this determinant is not zero, the equations can be solved 
uniquely for x, y, z. If the determinant is zero, it follows that the right- 
hand sides of the above equations must also be zero, and the equations 
therefore cannot be solved unless A, B, C satisfy the special conditions 
which are expressed by the vanishing of every determinant on the 
right. 

If, in particular, the system of equations is homogeneous, so that 
A= B=C= 0, and if its determinant is different from zero, it again 
follows that ἃ = y = z= 0. 

In addition to the cases above, in which the number of equations is 
equal to the number of unknowns, we shall occasionally meet with 
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systems of two (homogeneous) equations with three unknowns, e.g. 
dx - ey + fz= 0. 

If the three determinants 

ὃ ὁ 

e f 

are not all zero, if, for example, D, + 0, our equations can first be solved 

for z and y; this gives 


b 
D = = 9 D --- a 
1 2 3 d Ἂ 


c a 
f da 


2D, 2zDa 
Hp — > y aS 
D, D; 


or 
z3:y:z2= D,: Dy: Ds. 


Geometrically this has the following meaning: we are given two vectors 
u and Ὁ with the components a, ὃ, c and d, e, f respectively. We seek a 
vector x which is perpendicular to 24 and Ὁ, that is, which satisfies the 
equations 

ux=0, vx=0. 


Thus x is in the direction of [vv]. 


EXAMPLES 
1. Show that the determinant 
abe 
ade f 
g h k 
can always be reduced to the form 
a O 90 
0 6 0 
00 ¥ 


merely by repeated application of the following processes: (1) interchang- 
ing two rows or two columns, (2) adding a multiple of one row (or column) 
to another row (or column). 


9. If the three determinants 
ὃ, ὃς 
Cy C2 


Ga, Gs 
6, bz 


a, ὥς 
σι 


3 > 


do not all vanish, then the necessary and sufficient condition for the 
existence of a solution of the three equations 

b,x + by = e 

x + cy = f 
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αι ας ἃ 
is το δ, ὃ. e|=9. 
Cy ὃς ἢ 
3. State the condition that the two straight lines 
y= ακ - ὃ. and ψ = Cot + dy 


either intersect or are parallel. 


4*, Prove the properties (1) to (7), given on pp. 20-22, for deter- 
minants of the fourth order (defined on p. 22 (footnote)). 


5. Prove that the volume of a tetrahedron with vertices (x, y;, 24)» 
(ας, Yor 24)» (gs Yo» 54)» (Tas Yar 2a) 18 given by 


% yy & XI 

1 ἃς Ye ἔς 1 : 
6 ] 
1 


tz Ys 23 
Ue Ya 4 


4. AFFINE TRANSFORMATIONS AND THE MULTIPLICATION 
OF DETERMINANTS 


We shall conclude these preliminary remarks by discussing the simplest 
facts relating to the so-called affine transformations; at the same time 
we shall obtain an important theorem on determinants, 


1. Affine Transformations of the Plane and of Space. 


By a mapping or transformation of a portion of space (or of a plane) 
we mean a law by which each point has assigned to 1t another point of 
space (or point of the plane) as image point; the point itself we call the 
original point, or sometimes the model (in antithesis to the wmage). We 
obtain a physical expression of the concept of mapping by imagining that 
the poriion of space (or of the plane) in question is occupied by some 
deformable substance and that our transformation represents a deformation 
in which every point of the substance moves from its original position 
to a certain final position. 

Using a rectangular system of co-ordinates, we take (x, y, 2) as the co- 
ordinates of the original point and (2’, y’, 2’) as those of the corresponding 
image point. 

The transformations which are not only the simplest and most easily 
understood, but are also of fundamental importance for the general case, 
are the affine transformations. An affine transformation is one in which 
the co-ordinates (x’, y’, 2’) (or in the plane (2’, y’)) of the image point are 
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expressed linearly in terms of those of the original point. Such a trans- 
formation is therefore given by the three equations 


a’ = ax + by + cz-+m 
y=dx+teyt+fe+n 
z= gut hy + kz-+ p, 


or in the plane by the two equations 


α΄ = αα -ἰ by+m 
y=cx+dy+n, 


with constant coefficients a, b,... These assign an image point to every 
point of space (or of the plane). The question at once arises whether we 
can interchange the relation of image point and original point, that is, 
whether every point of space (or of the plane) has an original point corre- 
sponding to it. The necessary and sufficient condition for this is that the 
equations 

ax + by -Ἐ cz = χ' - πὶ 

det+ey+fz=y—n o 

gz + hy + ke= 2 —p 


az-+ by = 2/—m 
cx +-dy=y—n 


shall be capable of being solved for the unknowns 2, y, 2 (or 2, y), no 
matter what the values of 2’, y’, 2’ are. By section 3 (p. 24) an affine 
transformation has an inverse, and in fact a unique inverse,* provided 
that its determinant 


abe Pe 
A=|de f!, or δ ib 
g hk 


is different from zero. We shall confine our attention to affine trans- 
formations of this type, and shall not discuss what happens when 
A= 0. | 

By introducing an intermediate point (2, y’’, 27) we can resolve the 
general affine transformation into the transformations 


a’ = αὐ - by + cz a’ = ax + by 


y’=dz+ey+ fe or "ΜΕ d 


and 
»ἐπε θὰ af == χ' +m 
Pam ᾿ ν΄ -Ξ- γ΄ +n 
χ' τ ’ κ΄ +p 


Here (x, y, 2) is mapped first on (z’’, ν΄, 2’’) and then (χ᾽, y’’, 277) is mapped 
on (z’, y’, 2’). Since the second transformation is merely a parallel translation 
of the space (or of the plane) as a whole and is therefore quite easily under- 


* That is, every image point has one and only one original point. 
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stood, we may restrict ourselves to the study of the first. We shall there- 
fore only consider affine transformations of the form 


x’ = aa + by + οἷ 
ν΄ τ ἀν Ὁ ἐν τ fe or 
with non-vanishing determinants. 


The results of section 3 (p. 25) for linear equations enable us to express 
the inverse transformation by the formulze 


x’ == ax -+ by 
y’ = cx + dy 


a= α΄ χ' + b’y/’ + c’2’ — a'r’ b’1/’ 
y= ae +ey+f2 or ΕΑΝ ps ᾿ fe 
z= σα + h'y’ + k’2 ᾿ 


in which a’, b’, . . . are certain expressions formed from the coefficients 
a,b, . . . Because of the uniqueness of the solution, the original equations 
also follow from these latter. In particular, from 2 = y = z = 0 it follows 
that 2’ = γ΄ = z = 0, and conversely. 

The characteristic geometrical properties of affine transformations are 
stated in the following theorems. 

(1) In space the image of a plane is a plane; and in the plane the vmage 
of a straight line is a straight line. 

For by section 1 (p. 9) we can write the equation of the plane (or the 
line) in the form 

Azx+ Byt+ Cz+D=0 


(or Az + By + D= 0). 


The numbers A, B, C (or A, B) are not all zero. The co-ordinates of the 
image points of the plane (or of the line) satisfy the equation 
A(a’a’ + b’y! + ο΄) + B(d’a’ 4+- ἐν + f’%’) 
+ Of 2 + ἅν + kz’)+ D=0 


(or = A(a’a’ + δ ν᾽) + B(e’2’ + dy’) + D= 0). 


Hence the image points themselves lie on a plane (or a line), for the co- 
efficients 
A’=@A+a@B+ 9/7 
B=VWA+e¢eB+hC or 
O=CATfP/B+kC 


A’ =avA+cB 
B=vA+adB 


of the co-ordinates 2’, y’, 2’ (or x’, y’) cannot all be zero; otherwise the 
equations 
vA+dB+/C=0 a’A , 
ee +¢B=0) 
WA+e/’B+hC=0 (or vA + 48--0 
CA+fB+khC=0 


would hold, and these we may regard as equations in the unknowns A, B,C 
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(or A, B). But we have shown above that from these equations it follows 
that A= B= C=0(or4= B= 0). 

(2) The image of a straight line in space is a straight line. 

This follows immediately from the fact that a straight line may be 
regarded as the intersection of two planes; by (1) its image is also the inter- 
section of two planes and is therefore a straight line. 

(3) The images of two parallel planes of space (or of two parallel lines of 
the plane) are parallel. 

For if the images had points of intersection the originals would have 
to intersect in the original points of these intersections. 

(4) The images of two parallel lines in space are two parallel lines. 

For as the two lines lie in a plane and do not intersect one another, 
the same is true for their images, by (1) and (2). The images are therefore 
parallel. 

The image of a vector Ὁ is of course a vector vw’ leading from the image 
of the initial point of w to the image of the final point of Ὁ. Since the 
components of the vector are the differences of the corresponding co- 
ordinates of the initial and final points, under the most general affine 
transformation they are transformed according to the equations 


Vy! = av, + bv, + cv, 
V2! = dv, + U5 -+- fvs 
Vs = gv, + hv, + kos. 


2. The Combination of Affine Transformations and the Resolution 
of the General Affine Transformation. 
If we map a point (z, y, 2) on an image point (2’, y’, 27) by means of the 
transformation 
v= ax+ by+ οἷ 
y = dx-+ ey + fz 
z= gx-+ hy + kz 


and then map (2’, y’, 2’) on a point (x, ν΄, 2’”) by means of a second affine 
transformation 


a’ = aya’ + by’ + ¢,2’ 
y= ἀπ΄ + ay’ + fiz 
2 == gy’ + hy’ + ἔμ’, 


then we readily see that (x, y, z) and (x, ψ΄, 277 are also related by an affine 
transformation: and in fact | 

xv’ = age + dey + cg2 

ν΄ τ- dyx + egy + for 

ζ΄ == gor - hey + kz 


where the coefficients are given by the equations 
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ad,=aa+bd+eg, b= ab+ be+ eh, σ, ΞΞ aye + Of + ck, 
d=—dated+fg eq =db+eet+fh, fe=det+ af + fk, 
9. Ξε σιὰ διά - κι, he=gb+ het kh, k= ge+ hif + ἀμ. 


We say that this last transformation is the combination or resultant of the 
first two. Ifthe determinants of the first two transformations are different 
from zero, their inverses can be formed; hence the compound transforma- 
tion also has an inverse. The coefficients of the compound transformation 
are obtained from those of the original transformation by multiplying 
corresponding elements of a column of the first transformation and of a 
row of the second, adding the three products thus obtained, and using this 
“ product” of column and row as the coefficient which stands in the 
column with the same number as the column used and in the row with 
the same number as the row used. 
In the same way, combination of the transformations 


a’ = ax + by and a!” = a,x’ +- byy’ 
y’ = ca + dy ν΄ = oa’ + dy’ 


gives the new transformation 


a!” = (aya + δι). + (a,b + b,d)y 
97 = (ca + dele + (eb + dd)y. 


By a primitive transformation we mean one in which two (or one) 
of the three (or two) co-ordinates of the image are the same as the corre- 
sponding co-ordinates of the original points. Physically we may think of 
a primitive transformation as one in which the space (or plane) undergoes 
a, stretching in one direction only (the stretching of course varying from 
place to place) so that all the points are simply moved along a family of 
parallel lines. A primitive affine transformation in which the motion takes 
place parallel to the a-axis is analytically represented by formulz of the 
type 

xv’ = axn-+ by + cz 


a’ = ax + by 
os eS yay. 
z= @ 

The general affine transformation in the plane, 
a’ = ax + by 
y = cx + dy, 


with a non-vanishing determinant, can be obtained by a combination of 
primitive transformations. 
In the proof we may assume * that a + 0. We introduce an intermediate 


* Ifa = 0, then ὁ + 0, and we can return to the case a + 0 by interchanging 
z and y. Such an interchange, represented by the transformation X=y, 
Y = 2, is itself effected by the three successive primitive transformations 


ἔξ Ξα -Ψν, &=& , X=-& την 
m= 4 7 pH tne’ Y= » ™ % 
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point (&, ἡ) by the primitive transformation 
ξ = ax + by, Y= Y, 


whose determinant a is different from zero. From &, ἡ we obtain 2’, y’ 
by a second primitive transformation 


amt, ym Ey ἢ 
a 
with the determinant 
ad—be lja ὃ 
a ale ]. 


This gives the required resolution into primitive transformations. 
In a similar way the affine transformation in space 


x = ax-+ by + cz 
y = dx + ey + fz 
Ζ' τὸ ρα - ἂν -Ἐ k, 
with a non-vanishing determinant, can be resolved into primitive transforma- 
tions. 
Of the three determinants 


a b 
de 


a δ δ ἃ 


" |d fl je f 


at least one must be different from zero; otherwise, as the expansion in 
terms of the elements of the last row shows, we should have 


abe 
de fi=0. 
ghk 


As in the previous case, we can then assume without loss of generality 


(1) that p ° + 0, and (2) that a+ 0. The first intermediate point 
e 
(ξ, ἡ, Ὁ is given by means of the equations 
ξ = ax-+ by + cz 
j= y 
C= Ze 


The determinant of this primitive transformation is a, which is not zero. 
For the second transformation to &’, η΄, ζ΄ we wish to put ξ΄ = ξ, ζ΄ = ζ, 
and also to have η΄ =y’. One primitive transformation then remains. If 
in the equation η΄ = y’ = dx +- ey + fz we introduce the quantities ξ, ἡ, ζ 
instead of x, y, 2, we obtain the second primitive transformation in the 
form 
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v= | 
,__@ lla ὃ lla δ 
a alata te ala: gle 
ζ' -- ζ, 
1 ὃ 
The determinant of this transformation is -- ἡ \* 0. The third trans 
: ald 
formation must then be 
a’ = ξ' 
y = 7 
a ὃ οἱ 
i e a 4 de ‘| 
h h δ k 
“; -- --.ἕ 9 ΄ 9 ᾿ 9 Ἃ 
a 6 oe a ὃ wr a b 
de de ade 


3. The Geometrical Meaning of the Determinant of Transforma- 
tion, and the Multiplication Theorem. 


From the considerations of the previous section we can find the 
geometrical meaning of the determinant of an affine transformation and 
at the same time an algebraic theorem on the multiplication of 
determinants. 

We consider a plane triangle with vertices (0, 0), (%1» Ψι)»ν (%2» Ye), Whose 
area is given (section 2, p. 14) by the formula 

1 


2 


ty Xs, 
Yi Ye 


We shall investigate the relation between A and the area A’ of its 
image obtained by means of a primitive affine transformation 


x’ = ax-+ by 
y = y. 
The vertices of the image triangle have the co-ordinates (0, 0), 
(ax, + by, ¥1), (ας + bye, S and therefore 
1 | x,’ aX, ᾿ ἕω, Al, Ἔ Oya | 


21 νι Ye" 93: 


A’ = 


This determinant, however, can be transformed by the theorems of section 3 
(p. 22) in the following way: 


ge ea At, + by,|  Vjax, ax,| _ G@)% me 
Y2 2) 4 Ys 2141 Yel’ 
that is, 
A’ = aA. 


3 (8912) 
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If we had taken the primitive transformation 


στιὰ 
ψΨ΄ = ca + dy, 


we should have found in the same way that 
| A’ = dA. 


We see, therefore, that a primitive affine transformation has the effect 
of multiplying the area of a triangle by a constant independent of the tri- 
angle.* Since the general affine transformation can be formed by com- 
bining primitive transformations, the statement remains true for any 
affine transformation. In the case of an affine transformation the ratio of 
the area of an image triangle to the area of the original triangle is constant 
and independent of the choice of triangle, depending only on the coefficients of 
the transformation. In order to find this constant ratio we consider in 
particular the triangle with vertices (0, 0), (1, 0) and (0, 1), whose area A 
is 4. Since the image of this triangle according to the transformation 


a’ = ax + by 
y = ca + dy 


has the vertices (0, 0), (a, c), (b, d) its area ia 
1 a b 
c 4 


2 
and we thus see that the constant ratio of area A’/A for an affine trans- 
formation is the determinant of the transformation. 
For transformations in space we can proceed in exactly the same way. 
If we consider the tetrahedron with the vertices (0, 0, 0), (2, Ψ.» 2), 
(Loy Yoo 2a), (23. Ys, 35) and subject it to the primitive transformation 


a b 
== A 
c 4 


2 = 2, 


the image tetrahedron has the vertices (0, 0, 0), (aa, + by, + cz, Yi, 21), 
(72 + bY, + C%a Yo, 22), (αἷς + bys + C2, Ys, 23), 80 that its volume Κ΄ is 


1 AX, + by, + cz, αἷς + bys + Οἷς ats + bys + Οἷς 
6 Y1 Yo Ys 


my Zs 23 


γ' = 


a| Ὁ, % Xz 
= 6 Yi Ye Ys 
ΖΦ ὥς Oe 


* If no vertex of the triangle lies at the origin, the same fact holds, in virtue 
of the general formula for the area given on p. 14. 
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Hence V’ = a/v, 


where V is the volume of the original tetrahedron. For the volume of the 
image given by the primitive transformation 


a= 2 
y = dx - ey + fz 
a= 2 
we similarly find that 
V’ = eV, 
and for the primitive transformation 
a= 2 
y=y 


χ' -ῷὸ, ρα -᾿ ἦν - ἀξ 
we find that 
V’= kV 


From this it follows that an arbitrary affine transformation has the effect 
of multiplying the volume of a tetrahedron by a constant.* In order to 
find this constant for the transformation 


a’ = ax + by + cz 
ν΄ = dx - ey + fe 
ζ΄ = gu - hy + kz 


we consider the tetrahedron with the vertices (0, 0, 0), (1, 0, 0), 
(0, 1, 0), (0, 0, 1), whose image has the vertices (0, 0, 0), (a, d, g), 
(δ, e, h), (c, f, &). For the volumes V’ and V of the image and the 
original we therefore have 


hence the determinant 


The sign of the determinant also has a geometrical meaning. For from 
what we have seen in section 2 (p. 18) on the connexion between the sense 
of rotation and the volume of the tetrahedron or area of the triangle, it 
follows at once that a transformation with a positive determinant preserves 
the sense of rotation, while a transformation with a negative determinant 
reverses tt. 


*If no vertex of the tetrahedron coincides with the origin, this theorem 
follows from the general formula for the volume of a tetrahedron (p. 18). 
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We now consider the combination of two transformations 


av = ax-+ by + cz a” = aya! + by’ + c42’ 
y = ἀκ τ ἐν Ὁ fe y= dae’ + ey’ + fv 
2a = gu + hy + kz κ΄ = σιν + yy’ + ἀκ, 


a! = (aya + bd + yg) + (ab + bye + gh)y + (aye + Bf + eakye 
γ΄ -Ξ (da + ed + fighe + (db + ge + Π Δ). + (dye + Qf + fikjz 
2” = (ga + hyd + kyg)e + (σι + Wye + kyh)y + (ge + Ay f+ μὴ). 


As we pass from 2, y, z to 2’, y’, 2’ the volume of a tetrahedron is multiplied 
by 

abe 

de fi, 

g hk 
as we pass from 2’, y’, 2’ to σ΄, γ΄, 2” by 
aq b οι 
d, & fy; 
| | % fy ἴα " 
and by direct change from 2, y, 2 to x”, γ΄, 2” it is multiplied by 
aa+bd+eg ab+be+ oh ae+ ὃ ΓῈ qk 
datedt+fig dbteetfh de+teft fik 
gea+thdtkg gbthe+ hh gye+ hif-+ kk 


οὐ This gives us the following relation, known as the theorem for the 
multiplication of determinants: 


> 


aq ὦ, δὶ Qe ὃ, Cg 
dg fi d, € fs 
σι hy ἦι Jn ἦς he 


ατας + δι, + C492 αχὸς + Byeo + Cyhy AyCq + δι fy + Chey 
ἄ ας - διά, + fgg ας + Cee + fake dye, + 1 fo + fike 
σιᾶς + ἰχᾶς + Keyge gybe + Iyeg + kyhe 9iCn + Ai fa + kyk, 


As before, we call the elements of the determinant on the right the “ pro- 


m% bb GY ὡς ὃ; Cy 
ducts’ of the rows of |d, ¢, jf,| and the columns οὗ |d, ὁ, [9 |; at 
9, ἦν ky 9, hy ke 


the intersection of the ¢-th row and the k-th column of the product of 
the determinants there stands the expression formed from the i-th row of 


[aq ὃ, gy ἂς be Cy 
d, δι f,| and the &-th column of jd, ¢é, fe|. Since rows and 
σι hk, ky go, ho ἄς 


columns are interchangeable, the product of the determinants can also 
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be obtained by combining columns and rows, columns and columns, or 


᾿ς rows and rows. 


For two-rowed determinants the corresponding theorem of course 
holds, namely 
αχᾶς + διὺ, αχος + δια, 
οχῶς + ἀϊδ, CC, + dydy 


a, db, 
Cy de 


a, ὦ, 
α dy 
(combining rows and rows, &c.). 


EXAMPLES 


1. Evaluate the following determinants: 


8 4 5! 111 111 1 2 2 
(a) |4 5 Gi, (δ), 1 2 41, (2 3 41, (d) 11 y ψ5]. 
5 6 7 13 9 3-1 7 lz 2 


2. Find the relation which must exist between a, ὃ, c in order that the 
system of equations 
3a -+- ἀν +- z= a 
4; Ὁ ὅν + θὲ τῷ ὃ 
52 + by + ἤχτε α 
may have a solution. 


3*. (a) Prove the inequality 


a 6 ¢ 
D=|a δ' σ΄͵ SV@+R4 A) (a? + δ5 - 5) (a? + 2 -Ὁ σ΄). 
α΄ ὃ“ c”’ 


(ὁ) When does the equality sign hold? 


4. What conditions must be satisfied in order that the affine trans- 
formation 
a =ax-+- by, y’ = cx - dy 
may leave the distance between any two points unchanged? 
5. Prove that in an affine transformation the image of a quadric 
ax? +- by? + cz* + day + exz+ fyze - gxthy+e+7=0 
is another quadric. 
6*, Prove that the affine transformation 
a’ = ax-+ by + cz 
ν΄ = dz + ey + fz 
2 τὸ gz+ hy+ke 


leaves at least one direction unaltered. 
7. Give the formule for a rotation through the angle φ about the axis 
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2:y:z2=1:0:-—1 such that the rotation of the plane 2 = z is positive 
when looked at from the point (—1, 0, 1). 


8. Prove that an affine transformation transtorms the centre of mass 
of a system of particles into the centre of mass of the image particles. 


9. If a, ..-,» Y3 denote the quantities on p. 6, defining a rotation of 
axes, then 
a Br Υγ) 
ας Be γ2|ΞΞ +1. 
a Bs Ys 


CHAPTER II 


Functions of Several Variables and 
their Derivatives 


We have already become acquainted with functions of several 
variables in Chapter X of Vol. I, and there learned enough to 
appreciate their importance and usefulness. We are now about 
to enter on a more thorough study of these functions, discussing 
properties which were not touched upon in the previous volume 
and proving theorems which there were merely made plausible. 
No proof in this volume will involve previous knowledge of any 
proof developed in Chapter X of Vol. I. Yet the student is 
recommended to read that chapter, as the intuitive discussion 
given there will assist him in forming mental images of matters 
which are perhaps somewhat abstract. 

As a rule a theorem which can be proved for functions of two 
variables can be extended to functions of more than two variables 
without any essential change in the argument. In what follows, 
therefore, we shal] usually confine ourselves to functions of two. 
variables, and shall only discuss functions of three or more 
variables when some special point is involved. 


1. THe Concept or FUNCTION IN THE CASE OF 
SEVERAL VARIABLES 
1. Functions and their Ranges of Definition. 
Equations of the form 
u=a2ty, u=xvy?, or u= log(l— 2? — y?) 
assign a functional value u to a pair of values (x, y). In the 


first two of these examples a value of wu is assigned to every pair 


of values (z, y), while in the third the correspondence has a 
ΒΕ] 
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meaning only for those pairs of values (x, y) for which the 
inequality z* + y? < 1 is true. 

In these cases we say that u is a function of the independent 
variables x and y. This expression we use in general whenever 
some law assigns a value of u as dependent variable, corresponding to 
each pair of values (x, y) belonging to a certain specified set. Simi- 
larly, we say that wu is a function of the m variables 2, 25» ..., Up 
if for every set of values (x1, ἅ5, ..., ,) belonging to a certain 
specified set there exists a corresponding value of wu. 


Thus, for example, the volume u = xyz of a rectangular parallelepipec 
is a function of the lengths of the three sides z, y, z; the magnetic de- 
clination is a function of the latitude, the longitude, and the time; the 
sum 2, + %+...+ 2, is a function of the » terms 7, %y..., Xp. 


In the case of functions of two variables we represent the pair 
of values (2, y) by a point in a two-dimensional rectangular co- 
ordinate system with the co-ordinates x and y, and we occasionally 
call this point the argument point of the function. In the case of 
the functions u= «+ y and u= 2*y? this argument point can 
range over the whole of the zy-plane, and we say that these 
functions are defined in the whole zy-plane. In the case of the 
function u = log(1 — 2? — γῇ), the pomt must remain within the 
circle 2? + y? <1, and the function is defined only for points 
inside this circle. 


ἵν ρὲ O Ὄ 
Fig. 1.—A simply-connected region Fig. 2.—-A triply-connected region 


As in the case of functions of a single variable, the arguments 
in the case of functions of several variables may be either “ dis- 
continuous ” or “ continuous ”’, Thus the average population per 
state of the United States depends on the number of states and 
on the number of inhabitants, both of which are integers. On 
the other hand, lengths, weights, &c., are examples of continuous 
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variables. In the future we shall deal almost exclusively with 
pairs of continuously variable arguments; the point (z, y) will 
be allowed to vary in ἃ definite “region” (or “ domain ”) of 
the zy-plane, corresponding to the “interval” in the case of 
functions of one variable. This region may consist of the whole 
xy-plane; or it may consist of a portion of the plune bounded by 
a single closed curve C which does not intersect itself (a “ simply- 
connected region ”; cf. fig. 1); or it may be bounded by several 
closed curves. In the last case it is said to be a “ multiply- 
connected region ”’, the number of the boundary curves giving 
the so-called “connectivity”; fig. 2, for example, shows ἃ 
triply-connected region. 


0 


i Ka 


_ Fig. 3.—A rectangular region Fig. 4.—A circular region 


The boundary curves, and in fact every curve considered in 
this volume, will be assumed to be sectionally smooth.* That is, 
we assume once and for all that every such curve consists of a 
finite number of arcs, each one of which has a continuously- 
turning tangent at each of its points up to and including the end 
points. Such curves, therefore, can at most have a finite number 
of corners or cusps. 

The most important types of region, which recur over and 
over again in the study of functions of several variables, are (1) 
the rectangular region (fig. 3), defined by inequalities of the form 


asa2“sib 
exysd, 


in which each of the independent variables is restricted to a 
definite interval, and the argument point varies in a rectangle; 


* Ger. stiickweise glatt. 
3 (B912) 
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and (2) the circular region (fig. 4), defined by an inequality of the 

form | 
| ( -- a) Ὁ (y— BPS, 

in which the argument point varies in a circle with radius r 

and centre (a, 8). 

A point P which belongs to a region R is said to be an wterior 
point of R if we can find a circle with its centre at P lying entirely 
within R. If P is an interior point of R, we also say that R 18 
a neighbourhood of P. Thus any neighbourhood of P will contain 
a, sufficiently small circle with P as centre. 

We may briefly remark that corresponding statements hold 
in the case of functions of more than two independent variables, 
e.g. of three variables x, y, z. In this case the argument pomt 
varies in a three-dimensional region instead of in a plane region. 
In particular, this region may be a rectangular region, defined 
by inequalities of the form 


axsasb, cSySd, eSzsf, 
or a spherical region, defined by an inequality of the form 
(πο + (y— P+ (ὁ - γῖ" Se. 


In conclusion, we shall mention a finer distinction, which, while scarcely 
essential for the purposes of this book, is nevertheless of importance in 
more advanced study. We sometimes have to consider regions which do 
not contain their boundary points, that is, the points of the curves bound- 
ing them. Such regions are called open regions (cf. the Appendix to this 
chapter, p. 98). Thus, for example, the region 27 + y® < 1 is bounded by 
the circle 22 + y? = 1, which does not belong to the region; the region 
is therefore open. If, on the other hand, the boundary points do belong 
to the region, as will be the case in most of the examples which we shall 
discuss, we say that the region is closed. 


When we are dealing with more than three independent 
variables, say 2, y, 2, w, our intuition fails to provide a geometrical 
interpretation of the set of independent variables. Still, we 
shall occasionally make use of geometrical terminology, speaking 
of a system of m numbers as a point in n-dimensional space. 
By rectangular regions and spherical regions in such a space we 
naturally mean systems of points whose co-ordinates satisfy 
inequalities of the form 


aS aKa SySby 4 S2Sty ASwvSd, ... 
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respectively. 

We can now give precise expression to our definition of the 
concept of function in the following words. Jf R is a region in 
which the independent variables x, y,... may vary, and af a definite 
value ἃ ts assigned to each point (x, y,.. .) of this region according 
to some law, then u = f(x, y, ...) ts said to be a function of the 
continuous independent variables x, y,... . 

It is to be noted that, just as in the case of functions of one 
variable, a functional correspondence associates a unique value of 
u with the system of independent variables 2, y,.... Thus if the 
functional value is assigned by an analytical expression which 


is multiple-valued, such as arc tan g, this expression does not 


determine the function completely. On the contrary, we have still 
to specify which of the several possible values of the expression 
is to be used; in the case mentioned, we have still to state that we 


are to take the value of arc tan 2 which lies between — δ and 

T 
a 2 
similar specification. In such a case we say that the expression 
defines several different single-valued branches of the function 
(cf. Vol. I, p. 17). ΤΆ we wish to consider all these branches at 
once, without giving any one of them preference, we may regard 
them as together forming a multiple-valued function. In this 
book, however, we shall make use of this idea in Chap. VIII only. 


, or the value between 0 and a, or we must make some other 


2. The Simplest Types of Functions. 


Just as in the case of functions of one variable, the simplest functions 
are the rational integral functions or polynomials. The most general 
polynomial of the first degree (linear function) is of the form 


where a, b, and c are constants. The gencral polynomial of the second 
degree has the form 
u = aa? + bry + cy? + ἀντ ἐν τὸ ἢ. 


_ The general polynomial of any degree is a sum of terms of the form a 
where the constants a,,,, are arbitrary. 


MF 
muX ψ 3 
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Rational fractional functions are quotients of polynomials; to this class 
belongs e.g. the linear fractional function 
ee ee 
ας, + b’y οἵ 
By extraction of roots we pass from the rational functions to certain 
algebraic functions,* e.g. 
x — ὃ a + y)® 
+ ay 


In the construction of more complicated functions of several variables 
we almost always fall back on the well-known functions of one variable,t 


e.g. 


a) τ Ξ 


u=—=sin(xarccosy) or τ ΞΞ log. Ye 


3. Geometrical Representation of Functions. 


In Chapter X of Vol. I we discussed the two principal methods for 
representing a function of two independent variables, namely (1) by 
means of the surface u = f(x, y) in zyu-space, described by the point with 
co-ordinates (x, y, wu) as (z, y) ranges over the region of definition of the 
function τ, and (2) by means of the curves (contour lines) in the xy-plane 
along which u has a definite fixed value k. We shall not repeat this dis- 
cussion here. If the student is not already perfectly familiar with these 
methods of geometrical representation, he would be well advised to turn 
to the previous volume and read the discussion given there (p. 460 εὐ seq.). 


2. CoNTINUITY 
1. Definition. 


The reader who is acquainted with the theory of functions of 
a, single variable and has seen what an important part is played 
in it by the concept of continuity will naturally expect that a 
corresponding concept will figure prominently in the theory of 
functions of more than one variable. Moreover, he will know in 
advance that the statement that the function u= f(z, y) is 
continuous at the point (2, y) will mean, roughly speaking, that 
for all points (ξ, ἡ) near (x, y) the value of the function f(€, ἢ) 
will differ but little from f(x, y). This idea we shall express more 
precisely as follows. 

The function f(x, y), defined an the region R, 18s continuous at 
the point (€, ἡ) of R, provided that for every positive number e it 1s 
possible to a a positive number ὃ = δ(ε) (an general depending on 


* For an accurate definition of the term “ algebraic function ” see Ῥ. 119. 
¢ Cf. also the section on compound functions (p. 69). | 
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ε and tending to 0 with ε) such that for all pownts* of the reguon 
whose distance from (ξ, ἡ) 18 less than ὃ (that ἐ8, for which 


( -- PF + ( - η)5 ΞΞ δ3), 
| f(z, y) — f(é, ἢ) | Se. 


Or, in other words, the relation 
ιΧ(ξ -Ὁ ἃ, η- ἢ —flé [Se 


is to hold for all pairs of values (h, k) such that h? + k? < 8 and 
the point (€ -+ h, ἡ + k) belongs to the region R. 

If a function is continuous at every point of a region R, we 
say that it is continuous in R. 

In the definition of continuity we can replace the distance 
condition h? + k? <= 8 by the following equivalent condition: 

To every «>0 there shall correspond two posite numbers 
δὶ and ὃ, such that 


fE+4,n +h) —flén)| Se 


whenever | h| S δι and | k| S ὃ, 

The two conditions are equivalent. For if the original con- 
dition is fulfilled, so is the second 
if we take 8, = 6, = δίν 2; and 
conversely, if the second con- 
dition is fulfilled, so is the first 
if for ὃ we take the smaller of the 
two numbers 6, and 4,. 

The following facts are almost 
obvious: 

The sum, difference, and pro- 
duct of continuous functions are 9 
also continuous. The quotient of —_—‘Fig 5. “Boundary point 
continuous functions 1s continuous | 
except where the denominator vanishes. Continuous functions of 
continuous functions are themselves continuous (cf. section 5, No. 1, 
p. 70). In particular, all polynomials are continuous, and all 
rational fractional functions are also continuous except where the 
denominator vanishes.+ 


* Fig. 5 illustrates the case where (£, 7) lies on the boundary of R. 
+ Another obvious fact, which, however, is worth stating, is as follows: 
if a function f(x, y) ἐδ continuous in a region R and is different from zero at an 
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A function of several variables may have discontinuities of a much 
more complicated type than a function of a single variable. For example, 
discontinuities may occur along whole arcs of curves, as in the case of the 
function «= y/x, which is discontinuous along the whole line z= 0. 
Moreover, a function f(x, y) may be continuous in x for each fixed value 
of y and continuous in y for each fixed value of x and yet be a discontinuous 

| ory 

ΚΟ, 0) = 0. If we take any fixed non-zero value of y, this function 
is obviously continuous as a function of x, as the denominator cannot 
vanish. If y= 0, we have f(x, 0)= 0, which is a continuous func- 
tion of x. Similarly, f(z, y) is contmuous in y for each fixed value of 
x. But at every pomt on the line y = x, except the point = y= 0, 
we have f(x, ψ) ΞΞ 1; and there are points of this line arbitrarily close 
to the origin. Hence the function is discontinuous at the point 
v= y = 0. | 

Other examples of discontinuous functions will be found in Vol. I 
(p. 464). 


function of z and y. This is exemplified by the function f(z, y) = 


2. The Concept of Limit in the Case of Several Variables. 


The concept of the limit of a function of two variables is 
closely related to the concept of continuity. Let us suppose that 
the function f(x, y) is defined im a region R, and that (&, 7) is a 
point either within # or on its boundary. Then the statement 
that the limit of f(x, y) as x tends to & and y tends to 7 15 ὦ is 
to be understood as having the followimg meaning: for every 
€> 0 there isa ὃ > 0 such that 


If@y—i<e | 
for all points (x, y) in R for which the inequality 
0<(@— ἔδ- ῳ -- 7)" δ' 
holds. It is to be noted that, just as in the case of functions of 


one variable, the point (z, y)i is required to be distinct from the 


point (£, 7). 
We symbolize the existence of the limit 1 by writing 


me: y) = 1, or f(a, y) > 1 as (ὦ, y) > (ξ, ἡ). 


yn 


interior point P of the region, it 1s possible to mark off about P a neighbourhood, 
say a circle, belonging entirely to R, in which f(x, y) ts nowhere equal to zero. 
For if the value of the function at P is a, we can mark off about P a circle so 
small that the value of the function in the circle differs from a by less than 
a/2 and therefore is certainly not zero. 
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For emphasis this is sometimes read “the double limit as ὦ 
tends to ξ and y tends to 7 of f(z, y) isl”. ΠΡ 

Using the language of limits, we can say that a function 
f(a, y) is continuous at a point (ξ, ) if, and only i, 


me I (a, y) = [(ξ, ἢ): 


»»η 


We can see the matter in a new light if we consider sequences 
of points. We shall say that a sequence of pomts (αι, 41), (Ze, Ye); 
..+ 3 (fry Yn), --- tends to a limit point (€, 7) if the distance 
/{(n— ξ)3-Ὲ (Yn— η)2} tends to 0 as m increases. We can then 
show at once (cf. Vol. I, p. 47) that if f(x, y) > Las (x, y) > (ξ, ἡ), 
then lim f(2,, Yn) == 1 for every sequence of points (£,, y,) in R 


n—> © 
which tends to (€, 7). The converse is also true; if lim f(%,, Yn) 
—> 


exists and is equal tol for every sequence (%,, Yn) of pomts in R 
tending to (ἔξ, 7), then the double limit of f(z, y) as ὦ > ξ and 
y - 7 exists and is equal to J. We omit the proof of this. 

In our definition of limit we have allowed the point (ὦ, y) to 
vary in the region R. If we so desire, however, we can impose 
restrictions on the point (x, y). For example, we may require it 
to lie in a sub-region R’ of R, or on a curve C, or in a set of points 
MinR. In this case we say that f(z, y) tends to / as (a, y) tends | 
to (ξ, 7) in R’ (or on C, or in M). It is of course understood that 
R’ (or C, or M) must contain points arbitrarily close to (ξ, η) in 
order that the definition may be applicable. ἜΝ 

Our definition of continuity then implies the two following 
requirements: (1) as (x, y) tends to (€, ») im R the function 
f(x, y) must possess a limit 1; and (2) this limit | must coincide 
with the value of the function at the point (ξ, ἡ). 

It is obvious that we could define continuity of a function, 
not only in a region R but also, for example, along a curve C, 
in the same way. 


3. The Order to which a Function Vanishes.* 


If the function f(z, y) is continuous at the point (ξ, 7), the 
difference f(a, y) —f(€, 7) tends to zero as x tends to € and y 
‘tends to 7. By introducing the new variables h = ὦ -- ξ and 


* This sub-section may be omitted on a first reading. 
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k = y — n we can express this as follows: the function ¢(h, k) 
= f(é+h, n+ 1) --- Κ(ξ, ἢ) of the variables ἢ and k tends to 0 
as h and k tend to 0. 

We shall frequently meet with functions such as ¢(h, 1) 
which tend to zero * as A and k do. As in the case of one in- 
dependent variable, for many purposes it is useful to describe 
the behaviour of d(h, k) as h->0 and ὦ -ὸ Ὁ more precisely 
by distinguishing between different “orders of vanishing” or 
“orders of magnitude” of ¢(h, k). For this purpose we base 
our comparisons on the distance 


p= ΜΔ = νῷ -- ὃ + (y— ἡ 


of the point with co-ordinates x= €+ 4 and y=7+& from 
the point with co-ordinates € and ἡ, and make the following 
statement: . 

A function d(h, k) vanishes as p—>0 to the same order as 
p = Vh?-+ k?, or, more precisely, to at least the same order as p, 
provided that there is a constant C, independent of h and k, 


else 
Ὲ 


such that the inequality 


holds for all sufficiently small values of p; or, more precisely, when 
there is a 5 > 0 such that the inequality holds for all values 


of ὦ and & such that 0< νλξ- k*< ὃ. Further, we say that 
d(h, k) vanishes to a higher order ἡ than p if the quotient p(h, k) 
p 


tends to0 as p->0. This is sometimes expressed by the sym- 
bolical notation ᾧ d(h, &) = o(p). 


*In the older literature the expressions “ ¢(h, δ) becomes infinitely small 
as ἢ and k do” or “ d(h, k) is infinitesimal ” are also found. These statements 
have a perfectly definite meaning if we regard them simply as another way of 
saying “ ¢(h, k) tends to 0 as h and k do”. We nevertheless prefer to avoid 
the misleading expression “ infinitely small ” entirely. 

+ In order to avoid confusion, we would expressly point out that a higher 
order of vanishing for p—>0 implies smaller values in the neighbourhood of 
ρ =Q; for example, p? vanishes to a higher order than p, and p* is smaller 
than p, when p is nearly zero. 

t The letter o is of course chosen because it is the first letter of the word 
order. If we wish to express the statement that ¢(h, k) vanishes to at least the 
same order as p, but not necessarily to a higher order, we use the letter O instead 
of o, writing ¢(h, k) = O(p). In this book, however, we shall not use this 
symbol. | 
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Let us now consider a few examples. Since 


| | | &| 
Te S19" ee FE” 


the components ἃ and ὦ of the distance 9 in the directions of the 2- and 
y-axes vanish to at least the same order as the distance itself. The same 
is true for a linear homogeneous function ah + bk with constants a and 8, 


1 
or for the function ρ sin-. For fixed values of « greater than | the power 


ρ΄ of the distance vanishes to a higher order than 9; symbolically, 
e*=0(p) for « > 1. Similarly, a homogeneous quadratic polynomial 
ah? +. bhk + ck? in the variables ἢ and k vanishes to a higher order than 
pas p > 0: 

ah? +- bhk + ck* = o(¢). 


More generally, the following definition is used. If the 
comparison function w(h, k) is defined for all non-zero values 
of (ὦ, &) in a sufficiently small circle about the origin, and 
is not equal to zero, then ¢(h, k) vanishes to at least the same 
order as w(h, k) as p -> 0 if for some suitably chosen constant C 
the relation 3 


oh | <Q 
w(h, k) | 
holds; and similarly, 6(h, &) vanishes to a higher order than w(h, k), 
_ . Ph, k) 
or d(h, k) = o(w(h, k)), if wah, ἢ — 0 when ρ -» . 


For example, the homogeneous polynomial ah? +- bhk +- ck? is at least 
of the same order as p*, since 


| ah? + bak + ck*| S(ja| - [Ὁ] +1 el) G+ ἐν. 


I 
Also p = o( ---- ) since lim (p loge) = 0 (Vol. I, p. 195). 
: | log p | p—>0 


EXAMPLES 


1. Discuss the behaviour of the functions 
(a) a — 3ay’, | 
(ὦ) a4 — 6aty* + ψ' 
in the neighbourhood of the origin. 


2, How many constants does the general form of a polynomial P(z, y) 
of degree » contain? | 
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3. Prove that the expression 5 
ax? +. bay® + caty + dys 
vanishes at z= y= 0 to at least the same order as ρὅ = (2? + y?)i, 
4. Find the condition that the polynomial 
P= az* + 2bay + cy? 
is of exactly the same order as p? in the neighbourhood of z= 0, y= 0 


P e? 
(ie. both -- and -- are bounded). 
ρ Ρ 


5. Are the following functions continuous at «= y = 0? 


G22” τ 2ey + 9° a? -+- 3xy + γῆ 
a yt Tete OP ey Py 
ἘΠῚ ΒΝ, οὐ ΒΒ Ἐν | -α ἢ, 

(d) eee (6) ε΄ A= Bys9, 

A (at to? 

(f) fai) fat. aye fy fier VE PY) _ 


νων} } 9 


᾿ς 6, Find a δίς) (p. 44) for those functions of Ex. 5 which are continuous. 


3. Tue DERIVATIVES OF A FUNCTION 


1. Definition. Geometrical Representation. 


If in a function of several variables we assign definite numeri- 
cal values to all but one of the variables and allow only that one 


77 
pi ine 
ES 5 


Sections of u = f (x, y) 


variable, say x, to vary, the function becomes a function of one 
variable. We consider a function u = f(z, y) of the two variables 
Φ and y and assign to y a definite fixed value y= yy = 6. The 
function w= f(x, yo) of the single variable x which is thus 


IT} THE DERIVATIVES OF A FUNCTION δι 


formed may be represented geometrically by letting the plane 
y = yg cut the surface u= f(x, y) (cf. figs. 6 and 7). The 
curve of intersection thus formed in the plane is represented by 
the equation u= f(x, yo). If we differentiate this function in 
the usual way at the point x = 2 (we assume that the derivative 
exists), we obtain the partial derivative of f(x, y) with respect to x 
at the point (2, y,). According to the usual definition of the 
derivative, this is the limit * | 


lim f (2 + ἃ, τ — f(x, Yo). 


h—>0 


Geometrically this partial derivative denotes the tangent of the angle 
between a parallel to the z-axis and the tangent line to the ourve 
u = f(x, yo). It is therefore the slope of the surface u = f(x, y) tn the direc- 
tion of the x-axis. 


To represent these partial derivatives several different nota- 
tions are used, of which we mention the followimg: 


lim 7 (δ. + ἢ, Yo) — F(X Yo) 
h 


h-—>0O 


= frlXo, Yo) = Uz(Xo, Yo)» - 


If we wish to emphasize that the partial derivative is the limit 
of a difference quotient, we denote it by 


of 2 


ὃς OF δι" 


Here we use a special round letter 0, instead of the ordinary ἃ 
used in the differentiation of functions of one variable, in order 
to show that we are dealing with a function of several variables 
and differentiating with respect to one of them. | 

It is sometimes convenient to use Cauchy’s symbol D, men- 
tioned on p. 90 of Vol. I, and write 


but we shall seldom use this symbol. 
| In exactly the same way we define the partial derivative of 


* If (29, Ψο) is a point on the boundary of the region of definition, we make 
the restriction that in the passage to the limit the point (x + h, y,) must always 
remain in the region. 
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f(x, y) with respect to y at the point (x, y,) by the relation 


. Πρ, Yo + *) —f (Xo; 
Ras {oe fot Ὁ - Του de = fr{o Yo) = Dy (ων Yo)- 
This represents the slope of the curve of intersection of the surface 
u= f(x, y) with the plane x= x, perpendicular to the z-axis. 

Let us now think of the point (xp, yo), hitherto considered 
fixed, as variable, and accordingly omit the suffixes 0. In other 
words, we think of the differentiation as carried out at any point 
(x, y) of the region of definition of f(z, y). Then the two deriva- 
tives are themselves functions of x and y, 


| Of (x of (x 
μία, Y= fale, = LEY and ula, =e y= TOY. 

For example, the function u= 22+ y? has the partial derivatives 
uw, = 2x (in differentiation with respect to x the term y* is regarded as a 
constant and so has the derivative 0) and u, = 2y. The partial derivatives 
of u == ay are uy, = 327y and τ = 2°. 


We similarly make the following definition for any number n 
of independent variables, 


Of (41, Lo, « 19%) Slat h, Lay. « 5 Bn) — f (Uy, Loy - τας Sn) 
OX, h—>0 h | 


= fiz (σι, La, .-- , Ln) = Do f(y, Ly -- +s Ln); 


it being assumed that the limit exists. 

Of course we can also form higher partial derivatives of f(x, y) 
by again differentiating the partial derivatives of the “ first 
order ”’, f,(2, y) and f,(x, y), with respect to one of the variables, 
and repeating this process. We indicate the order of differentia- 
tion by the order of the suffixes or by the order of the symbols 
Ox and dy in the “ denominator ”’, from right to left,* and use 
the following Ἔ for the second derivatives: 


On = (2 =o I = Sos = Dah; 


_ ne 
On “( -ῖς- = fay = Dav, 
ats ΑΝ 


is written ~—— 


& + — 
In Continental usage, on the other hand, By By ae" 


0x 
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0 fof o*f a 
oy (2) = Sy on 5": = δῆ, 
ὃ (ΑΔ ef 
= (2 = aya Sw = θῖν, 


We likewise denote the third partial derivatives by 


ὃ (ΟἿ ὃ 
ὃς Bae) “δῷ Jee 
8. OF _ 
3y Naat) ~ dyou® 75» 


ὃ ( 5 ef | 
δα δον = Fahy — Jae ἄο.; 


and in general the n-th derivatives by 
Ὧ (:: ee 
ox λυ} ~ dan Ὁ 
0 for-f onf 
a tents 


da" 1} ~ dydar— 


In practice the performance of partial differentiations involves 
nothing that the student has not met with already. For according 
to the definition all the independent variables are to be kept 
constant except the one with respect to which we are differentiat- 
ing. We therefore have merely to regard the other variables as 
constants and carry out the differentiation according to the rules 
by which we differentiate functions of a single independent 
variable. The student may nevertheless find it helpful to study 
the examples of partial differentiation given in Chapter X of 
Vol. I (p. 469 οἱ seq.). 

Just as in the case of one independent variable, the possession 
of derivatives is a special property of a function, not enjoyed 
even by all continuous functions.* All the same, this property 
is possessed by all functions of practical importance, except 
perhaps at isolated exceptional points. 


* For an explanation of the term “ differentiable”, which implies more 
than that the partial derivatives with respect to ὦ and y exist, see p. 60 


el seq. 
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2. Continuity and the Existence of Partial Derivatives with 
respect to x and y. 


In the case of functions of a single variable, we know that 
the existence of the derivative of a function at a point implies 
the continuity of the function at that point (cf. Vol. I, p. 97). 
In contrast with this, the possession of partial derivatives does 
not imply the continuity of a function of two variables: e.g. the 


τὺ , with ὦ (0, 0) = 0, has partial derivatives 
at y? 


function u (x, y)= 
everywhere, and yet we have already seen (p. 46) that it is discon- 
tinuous at the origin. Geometrically speaking, the existence of 
partial derivatives restricts the behaviour of the function in the 
directions of the z- and y-axes only, and not in other directions. 
Nevertheless the possession of bounded partial derivatives does 
imply continuity, as is stated by the following theorem: 

If a function £(x, y) has partial derivatives ἔς and ἕν everywhere 
in a region R, and these derwatives everywhere satisfy the wn- 
equalities | 

| fla W1<M, files 9 | <M, 


where M is independent of x and y, then f(x, y) is continuous 
everywhere in R. 

To prove this we consider two points with co-ordinates (2, y) 
and (x-+h, y+) respectively, both lying in the region ἢ. 
We further assume that the two line-segments joining these 
points to the point (x-+ h, y) both lie entirely in R; this 1s 
certainly true if (7, y) is a point interior to R and the point 
(z+ h, y+ 1) lies sufficiently close to (x, y). We then have 


fethyt+th—fey=(fethyt+h)—fet+hy} 
| +{f(a+h, y)—f(x, y)}. 


The two terms in the first bracket on the right differ only in y, 
those in the second bracket only in x. We can therefore trans- 
form both the brackets on the right-hand side by means of the 
ordinary mean value theorem of the differential calculus (Vol. I, 
p. 103), regarding the first bracket as a function of y alone 
and the second as a function of x alone. We thus obtain the 
relation 


flat hy y + kb) —f(e, y) = Ula + hy y + Ok) + μα +6,h, 9), 
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where @, and @, are two numbers between 0 and 1. In other words, 
the aaa with respect to y is to be formed for a point of the 
vertical line joining (a+ h, y) to (α«.- ἃ, yk), and the deriva- 


tive with respect to x is to be formed for a point of the horizontal 


line joining (x, y) and (+A, y). Since by hypothesis both 
derivatives are less in absolute value than M, it follows that 


\fa@+hy+tkh—f@y|SMh|+|&). 


For sufficiently small values of 4 and & the right-hand side 1s 
itself arbitrarily small, and the continuity of f(x, y) 1s proved. 


3. Change of the Order of Differentiation. 


In the examples of partial differentiation given in Vol. I it 
will be found that f,, = ζων; in other words, it makes no difference 
whether we differentiate first with respect to x and then with 
respect to y, or first with respect to y and then with respect 
tox. This observation depends on the following important 
theorem: 

If the “ mixed” partial derwatives fxy and fy, of a function 
f(x, y) are continuous in a region R, then the equation 

͵ ya —— 7 ey 
holds throughout the interior of that region; that 1s, the order of 
differentiation with respect to x and to y 18 wmmaterial. 

The proof, like that of the previous sub-section, is based on 
the mean value theorem of the differential calculus. We consider 
the four points (x, y), (ὦ -Ἐ ἢ, y), (ὦ, y+ hk), and (ὦ - h, y+ &), 
where h==0 and k+0. If (x, y) is an interior point of the 
region R, and h and k are small enough, all four of these points 
belong to ὦ. We now form the expression 


A=f(ixthytkh—flethy—fayt+h)+f(e, y). 
By introducing the function 
p(x) = f(x, y + k) — f(a, y) 


of the variable x and regarding the variable y merely as a “ para- 
meter ’’, we can write this expression in the form 


A =  φ( + ἢ) — F(a). 


Transforming the right-hand side by means of the ordinary 
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mean value theorem of the differential calculus, we obtain 
A = hd'(x + 6h), 
where θ lies between 0 and 1. From the definition of d(x), how- 


ever, we have 
$'(x) = fr(x, y + k) — fila, y); 


and since we have assumed that the “ mixed” second partial 
derivative f,, does exist, we can again apply the mean value 
theorem and find that 


A = Bf jglz + Oh, y + 91), 


where 6 and 6’ denote two numbers between 0 and 1. 
In exactly the same way we can start with the function 


Wy) = (ὦ + ἢ, y) — f(z y) 
and represent A by means of the equation 
| A= py + ἢ — py). 
We thus arrive at the equation 
A=ifey(a-+ Oh, y+ 0,'k), where 0<6,<1and0<6,' <1, 
and if we equate the two expressions for A we obtain the equation 
Fucle + θὰ, y+ Ob) = γωνία + Oh, y+ ,'R). 


If here we let ὦ and ὦ; tend simultaneously to 0 and recall that 
the derivatives /,,(x, y) and f,.(z, y) are continuous at the point 
(x, y), we immediately obtain 


“μία, Y) = ζανία, ψ), 


which was to be proved.* 


* For more refined investigations it is often useful to know that the theorem 
on the reversibility of the order of differentiation can be proved with weaker 
hypotheses. It is, in fact, sufficient to assume that, in addition to the first 
partial derivatives ἔς and fy, only one mixed partial derivative, say ἔων» exists, 
and that thie derivative is continuous at the point in question. To prove this, we 
return to the above equation 


A=fathy +k) - Κ7( Ὁ ἢ, νὴ -- 71(πρ ν + kh) + f(x,y), 
divide by hk, and then let ἃ alone tend to 0. Then the right-hand side has a 
limit, and therefore the left-hand side also has a limit, and 


lim A St + A, y) — Sy (7, yy 
a—>o Kh k 
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The theorem on the reversibility of the order of differentiation — 
has far-reaching consequences. In particular, we see that the 
number of distinct derivatives of the second order and of higher 
orders of functions of several variables is decidedly smaller than 
we might at first have expected. If we assume that all the 
derivatives which we are about to form are continuous functions 
of the independent variables in the region under consideration, and 
if we apply our theorem to the functions f,(z, y), f,(Z, ¥), fev(2, 7). 
&c., instead of to the function f(x, y), we arrive at the equations 


Seay = faye = yen 
een = ἦγων = fovea 


S αν = J ανωῶν — I cuve — I yxy — I, yoye — f ψυσῶν 


and in general we have the following result: 

In the repeated differentiation of a function of two independent 
variables the order of the differentiations may be changed at will, pro- 
vided only that the derivatives in question are continuous functions.* 


Further, it was proved above with the sole assumption that f,,. exists that 
A , 
hk = fugl -/- 6h, ψ + θ΄ 1). 


In virtue of the assumed continuity οὗ f,,, we find that for arbitrary « > 0 
and for all sufficiently small values of h and k 

Sual% ¥) — ε «- [μία + Oh, y + Wk) < fyxlts y) Ὁ ε, 
whence it follows that 


ἰμαία, ψ) --ε ee ee) Ξ' ἔναία, ¥) + ¢€ 


. ν ᾿ h, = 3 
or lim ὦ 2 “ fle 9) am ἤνωία, Ψ)» 
that is, Seeyl® ν) = fygl™ ν). 


*It is of fundamental interest to show by means of an example 
that in the absence of the assumption of the continuity of the second 
derivative ἔων or fy, the theorem need not be true, and that on the contrary 

2 — 4,2 
Say can differ from f,,. This is exemplified by the function f(z, y) = xy τὴν 
{(0, 0) = 0, for which all the partial derivatives of second order exist, but are 
not continuous. We find that 


f(z, y) ~ [(0, y) _ 
0 x 


: νυ ᾿Ξ ν..- 

FalO ν) faa a ΨΕ aa Ξ χα Ἢ a | ᾿ 
f(z, y) -- F(z, 0) : τ — y? 

2,0) = lim ΞΞΞΞ 5“ -} = 
Ful% 0) aa y yo ty 


-ν. 


a, 
and consequently 
Syz(0, 0) = —1 and f,,(0, 0) = +1. 


These two expressions are different, which by the above theorem can only be 
due to the discontinuity of f,,, at the origin. 
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With our assumptions about continuity a function of two 
variables has three partial derivatives of the second order, 


Sow ἴων, Suv 
four partial derivatives of the third order, 
Sow Seo Seve Sow 
and in general (n + 1) partial derivatives of the n-th order, 


Ton, στ, Sp—ay, a eos ie ee Tym 


It is obvious that similar statements also hold for functions 
of more than two independent variables. For we can apply our 
proof equally well to the interchange of differentiations with 
respect to x and z or with respect to y and z, &c., for each in- 
terchange of two successive differentiations involves only two 
independent variables at a time. 


EXAMPLES 


1. How many n-th derivatives has a function of three variables? 


2. Prove that the function 
J 
f(a) 95» sess Tn) = (a2 + a2... + 2,2)" 98 
satisfies the equation 


fay t faye t 00+ + Saga, τὸ 


3. Calculate 
ge | +2 b δ 
aa? d e+ 2 f . 
9 h k+-a 


4. Prove that 
πα) 7.(σ)ὺ fe’(x) 
σι (Ψ) σε (Ψ) 9s'(y) 


filx) fol) fs(2) 
gy) gly) σαί) 


Ox Oy δ ΄ ΄, ,ὕ 
2421 h(a) 6) hale)! [λ04) ἅζ) ἀφ) 
5. Considering 
a be 
D=\d e f 
g hk 
as a function of the nine variables a, b,. . . , k, prove that 


(a) aD, + ὃ, + cD, = D, 
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(6)* D, ΓΝ D, 
Dg D, D; 


D, D,, D; 


= δ, 


4. Tae Tora, DirreERENTIAL OF A FUNCTION AND ITS 
GEOMETRICAL MEANING 


1. The Concept of Differentiability. 


In the case of functions of one variable the existence of a 
derivative is intimately connected with the possibility of approxi- 
mating to the function ἡ -Ξ [(ξ) im the neighbourhood of the 
point x by means of a linear function ἡ = φ(ξ). This linear func- 
tion is defined by the equation 


$(E) = [() + (ξ — Ὁ). 


Geometrically (€ and ἡ being current co-ordinates), this represents 
the tangent to the curve ἡ = f(£) at the poimt P with the co- 
ordinates ἔτεος and »=/(z); analytically, its characteristic 
feature is that it differs from the function f(£) in the neighbour- 
hood of P by a quantity o(h) of higher order than the abscissa 
h= &—z (ef. p. 48). Hence 


[Κῶ — $(€) κε (ὃ —F@) — (ξ — 2) f(x) = off) 
or, otherwise, 
7 Ὁ ἢ — f(x) — Af" (x) = o(h) = eh, 


where ε denotes a quantity which tends to zero as A does. The 
term hf’(x), the “linear part” of the increment of f(x) corre- 
sponding to an increment of h in the independent variable, we 
have already (Vol. I, p. 107) called the differential of the function 
f(z) and have denoted it by 


dy = df (2) = hy’ = ἌΓ) 


(or also by dy = y’da, since for the function y = ᾧ the differential 
bas the value dy=dz=1 Χ ἢ). We can now say that this 
differential is a function of the two independent variables 
gz and h, and we need not restrict the variable h in any way. 
Of course this concept of differential is as a rule only used when 
h is small, so that the differential 4f’(z) forms an approximation 


60 FUNCTIONS OF SEVERAL VARIABLES [Crap. 


to the difference f(z + h) — f(z) which is accurate enough for 
the particular purpose. | 

Conversely, instead of beginning with the notion of the deri- 
vative, we could have laid the emphasis on the requirement that 
it should be possible to approximate to the function 7=f( in 
the neighbourhood of the point P by a linear function such that 
the difference between the function and the linear approximation 
function vanishes to a higher order than the increment ὦ of the 
independent variable. In other words, we should require that 
for the function f(¢) at the point =~ there should exist a 
quantity A, depending on # but not on h, such that 


f(a + ἢ) — f(a) = Ah + o(h) = Ah+ εἶ, 


where ε tends to 0 with 4. This condition is equivalent to 
the requirement that f(a) shall be differentiable at the point 2; 
the quantity A must then be taken as the derivative f’(a) at the 
point x. We see this immediately if we rewrite our condition in 


the form | 
fle+M-fO)_ 4a, 
h 


and then let A tend to 0. Differentiability of a function with 
respect to a variable and the possibility of approximating to a 
function by means of a linear function in this way are therefore 
equivalent properties. 

If we notice that A + ¢€= α(α, h) is a function of h which 
tends to A(x) as h->0, we arrive at the equivalent definition: 
J (&) 18 said to be differentiable at the point ὦ if f(z + h) — St (x) 
= ha(#, h), where the quantity a(z, ἢ) is continuous, as a function 
of h, ath= 0. 

These ideas can be extended in a perfectly natural way to 
functions of two and more variables. 

We say that the function u= f(z, y) is differentiable at the 
point (x, y) if it can be approximated to in the neighbourhood of 
this point by a linear function, that is, if it can be represented 
in the form 


S(athy+kh)=flz, y)+ Ah+ Bk+ eh+ ek, 


where A and B are independent of the variables A and k and 
where «, and ες tend to 0 as ἦ and k do. In other words, the 
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difference between the function f(z-+h, y+) at the point 
(. - ἃ, y+) and the function f(z, ψ) -" 4} - Bk which 15 
linear in h and k must be of the order οἵ magnitude* o(p), that 1s, 
must vanish as p-+0 to a higher order than the distance 
p= (03 + Κ᾽ of the point (x + ἢ, y+ Δ) from the point (ὦ, y). 

If such an approximate representation is possible, it follows 
at once that the function f(a, y) can be partially differentiated 
with respect to 2 and to y at the point (a, y) and that 


fem A and fy = B. 
For if we put & = 0 and divide by ὦ we obtain the relation 
16. h, Hy — 1 3) A+ ἐγ. 


Since εἰ tends to zero with h, as we pass to the limit h -Ὁ 0 the 
left-hand side has a limit, and that limit is A. Similarly, we 
obtain the equation f,(z, y) = B. 

Conversely, we shall prove that a function u=—/f(x, y) is 
differentiable in the sense just defined, that is, it can be approxi- 
mated to by a linear function, if it possesses continuous deriva- 
tives of the first order at the point in question. In fact, we can 
write the increment 


Au = f(w+ ἢ, y+ 1) -- 70, y) 
of the function in the form | 
Au={f@thy+h —fayt+h}+{f@ y+ —f(a y}. 
As before (p. 54), the two brackets can be expressed in the form 
Au = hf.(x + Oh, y + k) + Wa, y + 9%), 


using the ordinary mean value theorem of the differential 
calculus. Since by hypothesis the partial derivatives f, and ἵν 
are continuous at the point (z, y), we can write 


κι + 0h, y+ k) = [κ(α, y) + & 


* The equivalence of these two definitions follows from the following remark: 
the inequality |eh + ek| S|e|vV(A? + &*) always holds, where ε = | «| 
+ \ | and tends to 0 as ε; and ες do. Hence the second definition of differenti- 
ability follows from the first. Again, since [εν (h? + &)| S| e|(|4[ + kl), 
if the second condition is fulfilled the difference between the function and the 
linear approximation is of the form 6«(|h| +]|k|), where -1S 9 +1, 
whence it follows that the requirements of the first definition are also fulfilled. 
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and } νία, y+ 6,k) τ f (2; 4) + €g, 


where the numbers ες and ες tend to zero as kh and kdo. We thus 
obtain τ 
Au = hf αἰ, y) Ἔ kf, A, y) 7 eh ae éok 
= hf{x, y) + k(x, y) + ον "3 -Ἐ 15), 


and this equation is the expression of the above statement.* 
We shall occasionally refer to a function with continuous first 
partial derivatives as a continuously differentiable function. If 
in addition all the second-order partial derivatives are continuous, 
we say that the function is twice continuously differentiable, 
and so on. 

As in the case of functions of one variable, the definition of 
differentiability can be replaced by the following equivalent 
definition: the function f(x, y) is said to be differentiable at the 
point (x, y) if 


fet h, y+ [ὃ — f(z, y) = ah + Bk, 


where a and β depend on ὦ and & as well as on 2 and y, and are 
continuous as functions of h and k for h= 0, k= 0. 

No further discussion is required to show how these considera- 
tions can be extended to functions of three and more variables. 


2. Differentiation in a Given Direction. 


An important property of differentiable functions is that they 
not only possess partial derivatives with respect to x and y, or, 
as we also say, in the z- and y-directions, but they also have 
partial derivatives in any other direction. By the derivative in 
the direction a we mean the following: 

We let the point (x -+ A, y+ k) approach the point (x, y) in 
such a way that it 1s always on the straight line through (z, y) 
which makes the constant angle a with the positive z-axis. In 
other words, A and k do not tend to 0 independently of one 
another, but satisfy the relations 


h=pcosa and k= psina, 
where p is the distance +/(h? + k?) of the point (2 + h, y + k) 


* If we assume the existence only, and not the continuity, of the derivatives 
J, and f,, the function is not necessarily differentiable (cf. p. 65 et seq.). 
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from the point (x, y) and tends to 0 as h and k do. If as usual 
we then form the difference f(a - ἢ, y+ Ὁ) — f(z, y) and divide 
by p, we call the limit of the fraction 


Deaf (ats y) = lim {{Ὁ Ὁ p cosa, y + psina) -- f(z, y) 
p> 0 p 


the derivative of the function f(z, y) at the point (x, y) in the 

direction a, provided that the limit exists. In particular, when 

a= 0 we have ἀξ: and h= p, and we obtain the partial 

derivative with respect to z; when a= 7/2 we have h= 0 and 

k= p, and we obtain the partial derivative with respect to y. 
If the function f(z, y) is differentiable, we have 


fath y+ kh) —fa, y) = Met My + €p 
= p(f, cosa -+ f, sina + e). 


As p tends to 0, so does ¢, and for the derivative tn the direction 
a we obtain the expression | 


Dey ζῷα, y) = fx 008 + fy sin a; 


‘it is therefore a linear function of the derivatives f, and f, am the 
x- and y-directions, with the coefficients cosa and sina. This result 
always holds good, provided that the derivatives f, and f, exist 
and are continuous at the point in question. 


Thus for the radius vector r= V (az? + y*) from the origin to the point 
(x, y) we have the partial derivatives 


pipe eT δῇ and ΠΕ ΕΝ ΠΕ cing 
κ΄ Veit yor vO Vat yor 


where 9 denotes the angle which the radius vector makes with the x-axis, 
Consequently, in the direction « the function r has the derivative 

Dea)? = Tz 608% + Ty SiN® = 005θ cosa + sin8 sina = cos(6 — «); 
in particular, in the direction of the radius vector itself this derivative has 
the value 1, while in the direction perpendicular to the radius vector it 
has the value 0. 

In the direction of the radius vector the function z has the derivative 
D(x) = cos8 and the function y has the derivative D,¢(y) = sin9; in the 
direction perpendicular to the radius vector they have the derivatives 
Deo +x/2)% = —8inO and Dio+n/2)¥ = 0089 respectively. 


The derivative of a function f(z, y) in the direction of the 
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radius vector is in general denoted by F(a, 9) . Thus we have 
the convenient relation or 

0 0 Sad 
= cos 8 — + ale 

where any differentiable function can be written after the symbols 
00 ὃ 

ar? Ba’ By 

It is also worth noting that we obtain the derivative of the 
function f(x, y) in the direction a if, instead of allowing the 
point Q with co-ordinates («+ ἢ, y+ k) to approach the point 
P with co-ordinates (x, y) along a straight line with the direction 
a, we let Q approach P along an arbitrary curve whose tangent 
at P has the direction a. For then if the line PQ has the direction 
B, we can write h = pcos f, k= psin 8, and in the formule used 
in the above proof we have to replace a by f. But since by 
hypothesis β tends to a as p -> 0, we obtain the same expression 
for Di.) f(z, y)- 

In the same way, a differentiable function f(z, y, z) of three 
independent variables can be differentiated in a given direction. 
We suppose that the direction is specified by the cosines of the 
three angles which it forms with the co-ordinate axes. If we 
call these three angles a, B, y, and if we consider two points 
(ω, y, z) and (7+ h, y+k, z+1), where 


h = pcosa, 
k = pcos f, 
l= p cosy, 


then just as above we obtain the expression 
f, cosa + f, cos B + f, cosy 
for the derivative in the direction given by the angles (a, 8, γ). 


3. Geometrical Interpretation. The Tangent Plane. 


For a function u= f(z, y) all these matters can easily be 
illustrated geometrically. We recall that the partial derivative 
with respect to z is the slope of the tangent to the curve in which 
the surface is intersected by a plane perpendicular to the zy-plane 
and parallel to the zu-plane. In the same way, the derivative in 
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the direction a gives the slope of the tangent to the curve in which 
the surface is intersected by a plane perpendicular to the zy-plane 
and making the angle a with the z-axis. The formula D,,, f(z, y) 
== f, cosa + f, sina now enables us to calculate the slopes of 
the tangents to all such curves, that is, of all tangents to 
the surface at a given point, from the slopes of two such 
tangents. 

We approximated to the differentiable Ἔν t= f (ἐ, 7) 
in the neighbourhood of the point (2, y) by the linear function 


fé ἡ) Ξε ἔα, y+ (E-—Dhe + —Whw - 


where é and ἡ are the current co-ordinates. Geometrically this 
linear function represents a plane, which by analogy with the 
tangent line to a curve we shall call the tangent plane to the sur- 
face. The difference between this linear function and the function 
F(€ ἢ) tends to zero as ὅ -- σξξξ ὦ and n—y=k do, and in 
fact es to a higher order than »/(h? + 15). By the defi- 
nition of the tangent fo a plane curve, however, this states 
that the intersection of the tangent plane with any plane per- 
pendicular to the azy-plane is the tangent to the corresponding 
curve of intersection. We thus see that all these tangent lines to 
the surface at the pownt (x, y, u) he wm one pane, the tangent 
plane. 

This property is the geometrical expression of the differen- 
tiability of the function at the point (2, ψ, w=/f(z, y)). If 
(€, 7, ¢) are current co-ordinates, the equation of the tangent 
plane at the point (ὦ, y, w= f(z, y)) is 


€—u= (é— ©) fe + (η — y)fy- 


As has already been shown on p. 61, the function is differen- 
tiable at a given point provided that the partial derivatives are 
continuous there. In contrast with the case where there is only 
one independent variable, the mere evistence of the partial de- 
rivatives f, and f, is not sufficient to ensure the differentiability 
of the function. If the derivatives are not continuous at the 
point in question, the tangent plane to the surface at this point 
may fail to exist, or, analytically speaking, the difference between 
S(e@+h, y+ k) and the function f(z, y) + λύρα, y) + ἀνία, y) 
which is linear in & and & may fail to vanish to a a order 
than νί (5 - k?). 


(5912) 
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This is clearly shown by a simple example. We write 


f(z. y}=90 tf «=0 or y= J, 
f(z, yy=|2] ἢ et—y=0 or e+y=0. 


Between these lines we define the function in such a way that it is repre- 
sented geometrically by planes. The surface u = f(x, y) therefore consists 
of eight triangular pieces of planes, meeting in roof-like edges above the 
lines a = 0, y= 0, y= 2% and y= —2. This surface obviously has no 
tangent plane at the origin, although the derivatives f,(0, 0) and f,{0, 0) 
both exist and have the value 0. The derivatives are not continuous at 
the origin, however; in fact, as we readily see, they do not even exist on 
the edges.* 


4. The Total Differentia) of a Function. 


As in the case οἱ functions of one variable, it 1s often con- 
venient to have a special name and symbol for the linear part 
of the increment of a differentiable function u= f(x, y). We 
call this linear part the differential of the function, and write 


= ἃ, 4,4 of 
du = df (zx, aa ἄπ ἔπ Pd 


The differential, sometimes called the total differential, is a 
function of four independent variables, namely the co-ordinates 
z and y of the point under consideration and the increments ἢ 


* Another example of a similar type is givea by the fanction 


u=fley = as if 22 + y? +0, 


u=O0 if z=0,¥= 0, 


Tf we introduce polar co-ordinates this becomes 
2 


The first derivatives with respect to x and to y exist everywhere in the neighbour- 
hood of the origin and have the value 0 at the origin itself. These derivatives, 
however, are not continuous at the origin, for 


eT ae ὅς ν᾽ 
mm ie (τς: Te) Viz? + ya) 


If we approach the origin along the z-axis, wv, tends to 0, while if we approach 
along the y-axis, u, tends to 1. This function is not differentiable at the origin; 
at that point no tangent plane to the surface wu = f(x, y) exists. For the 
equations f,(0, 0) = f,(0, 0) = 0 show that the tangent plane would have to 
coincide with the plane u = 0. But at the points of the line @ = 7/4 we have 
sin2@ = 1 and u = r/2; thus the distance wu of the point of the surface from 
the point of the plane does not, as must be the case with a tangent plane, 
vanish to a higher order than r. 
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and k, which are the differentials of the independent variables 
or independent differentvals. We need scarcely emphasize once 
more that this has nothing to do with the vague concept of 
“infinitely small quantities”. It simply means that du approxi- 
mates to Au= f(x-+h, y+ 1) — ays (x, y), the increment of the 
function, with an error which is an arbitrarily small frac- 
tion of »/(h* + 15) (itself arbitrarily small), provided that ἢ 
and & are sufficiently small quantities. Incidentally, we thus 
collect the expressions for the different partial derivatives in one 
formula. For example, from the total differential we obtain the 


0 : 
partial derivative = by putting dy = 0 and dx= 1. 


We again emphasize that to speak of the total differential of 
a function f(z, y) has no meaning unless the function is differen- 
tiable in the sense defined above (for which the continuity, but 
not the mere existence, of the two partial derivatives suffices). 

If the function f(z, y) also possesses continuous partial de- 
rivatives of higher order, we can form the differential of the 
differential df(z, y), that is, we can multiply its partial deriva- 
tives with respect to x and y by h= dz and k= dy respectively 
and then add these products. In this differentiation we must 
regard ἢ and & as constants, corresponding to the fact that the 
differential df = hf, -+- kf, is a function of the four independent 
variables x, y, ἢ, and k. We thus obtain the second differential * 
of the function, 


Pf = ke "(ὅλ δι) 


Ox? 


Hansa? ὃν ὑμῶν 
Ox" voy 


Similarly, we can form the higher differentials 


Bf = dd) = Clie +3 stay ἄς ody +3. τὰ ἀρὰ ae dys, 


* We shall later see (p. 80 ef seq.) that the differentials of higher order intro- 
duced formally here correspond exactly to the terms of the corresponding order 
in the increment of the function. 
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dep SF dah +4 δΓ ρα ει. ΟἹ datdy® 


da Oy aay? 
of of 
+ 4p OY Ὁ δὰ ἀν", 


and, as we can easily show by induction, in general 


nf — nm | gn—1 
df = ΤῊ ae “G) santa? dy +... 


onf 
n—l “ὦ d. n 
ε ιν -- ΤΕ θυ ἀγ5-1 ors re oy” : 


The last expression can be expressed symbolically by the equation 
ap (Lae+ δ᾽ ay)” = (fade + fay) 


where the expression on the right is first to be expanded formally 
by the binomial theorem, and then the expressions 


i as ee Ὁ oo dy 

δι OO Sant dy OO, «++ > Bnd 
are to be substituted for the products and powers of the quan- 
tities ρα and f, dy. 


For calculations with differentials the rule 
a( fg) = fdg + gdf 


holds good; this follows immediately from the rule for the 
differentiation of a product. 

In conclusion, we remark that the discussion in this sub- 
section can immediately be extended to functions of more than 
two independent variables. 


5. Application to the Calculus of Errors. 


The practical advantage of having the differential df = hf, + kj, as a 
convenient approximation to the increment of the function f(x, y), Au = 
f(x+h, y+ k)—f(z, y), a8 we pass from (2, y) to (ας - ἢ, y+ ΚΑ), is exhibited 
particularly well in the so-called “ calculus of errors” (cf. Vol. I, p. 349). 
Suppose, for example, that we wish to find the possible error in the deter- 
mination of the density of a solid body by the method of displacement. 
If m is the weight of the body in air and m its weight in water, by Archi- 
medes’ principle the loss of weight (m— m) is the weight of the water 
displaced. If we are using the c.g.s. system of units, the weight of the 
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water displaced is numerically equal to its volume, and hence to the 
volume of the solid. The density s is thus given in terms of the inde- 
pendent variables m and m by the formula 8 = m/(m— m). The error 
in the measurement of the density s caused by an error dm in the measure- 
ment of m and an error dm in the measurement of m is given Sp prommately 
by the total differential 


da -- ὧδ dm + ἐξ dm. 
om 


By the quotient rule the partial derivatives are 


08 m 08 m 


δι (m—mp am (mm — πὴ 
hence the differential is 
ἄς 3: —mdm + mdm 
(m — m)? 

Thus the error in 8 is greatest if, say, dm is negative and dm is positive; 
that is, if instead of m we measure too small an amount m-+ dm and 
instead of m too large an amount m + dm. For example, if a piece of brass 
weighs about 100 gm. in air, with a possible error of 5 mg., and in water 
weighs about 88 gm., with a possible error of 8 mg., the density is given 
by our formula to within an error of about 


88.5.10-§+ 100.8.10- 


ww 9. 10:3, 
12 


or about one per cent. 


5. Functions or Functions (Compounp FuNcTIONS) AND THE 
INTRODUCTION OF NEw INDEPENDENT VARIABLES 


1. General Remarks. The Chain Rule. 


It often happens that the function wu of the independent 
variables z, y is stated in the form of a compound function 


u=f(&,...) 


where the arguments £, ἡ, ... of the function f are themselves 
functions of x and y: | 


E= d(z, y), n= ψία, y),.-.. 
We then say that 
u=flé7,..)=f(pe, ψ), ψία, ψ), - - ἡ = Fle, y) 


is given as a compound function of x and y. 
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For example, the function 
u= eV sin(a + y) = F(z, y) 
may be written as a compound function by means of the relations 
u=esinn=f(&, ἡ; ξ τὸ ὧν, n= uty. 
Similarly, the function 
u = log (a* + y*). arc βίη νΊ -- 22? — y? = F(z, y) 
can be expressed in the form 


= Ἢ arc sin ξ = f (&, n)s 


E=V1—#—y, n= log(z* + γ᾽). 


In order to make this concept more precise, we adopt the 
following assumption to begin with: the functions = φία, y), 
n= ψίω, y),... are defined in a certain region R of the inde- 
pendent variables ὦ, y. As the argument point (x, y) varies 
within this region, the point with the co-ordinates (£, ἡ, .. .) 
always lies in a certain region S of ἕξη... .-space, in which the 
function τ τὸ {(ξ, 7,...) is defined. The compound function 


ω = [(φ(α, 4), ψία, 4) os .) - F(z, y) 
is then defined in the region R. 


In many cases detailed examination of the regions R and 8 will be 
quite unnecessary, e.g. in the first example given above, in which the 
argument point (z, y) can traverse the whole of the zy-plane and the 
function u = ε siny is defined throughout the €y-plane. On the other 
hand, the second example shows the need for considering the regions & 
and § in the definition of compound functions. For the functions 


E=/1—@—y and y= log(e + ψἢ 


are defined only in the region & consisting of the points 0 < a?+ ¥7 SI, 
that is, the region consisting of the circle with unit radius and centre the 
origin, the centre being removed. Within this region | § |< 1, while ἢ 
can have all negative values and the value 0. For the region S of points 
(, ἡ) defined by these relations the function ἡ arc sin ξ is defined. 


A continuous function of continuous functions is itself con- 
tinuous. More precisely: 

If the function u= f(€, ἡ, ...) 1s continuous in the region 8, 
and the functions = ¢(x, y), n= (x, y), ... are continuous 
in the region R, then the compound function ἃ = F(x, y) ts con- 
tinuous in R. 
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The proof follows immediately from the definition of con- 
tinuity. Let (x, Ψψο) be a poimt of R, and let &, no,... be the 
corresponding values of £, 7, .... Then for any positive ε the 


difference 
FE, ἡ, + -) το (Eo No» - + +) 
is numerically less than ε, provided only that the inequalities 
ἱ ἔ -- ἔο] <8 [η- η9] <5... 


are all satisfied, where 5 is a sufficiently small positive number. 
But by the continuity of ¢(x, y), u(x, y), . . . these last inequalities 
are all satisfied if | | 
[Ὁ --- οἹ «γ, ly—yl<y, 

where γ is a sufficiently small positive quantity. This establishes 
the continuity of the compound function. | 

Further, we shall prove that a differentiable function of 
differentiable functions is itself differentiable. This statement is 
formulated more precisely in the following theorem, which at the 
same time gives the rule for the differentiation of compound 
functions, or so-called chain rule: 

If €= (x, y), ἡ = ψίχ, y), ... are differentiable functions 
of x and y in the region R, and £(€, 4,...) ts a@ differentiable 
function of ἕξ, ἡ, .. . wn the region 8, then the compound function 


u=f(d(2, y), ψία;, y), . . .) = F(z, y) 
is also a differentiable function of x and y, and its partial deriva- 
teves are gwen by the formule 


Fz = fibe t+ fhe + sey 
Fy τὸ κῴν t+ ξύν". fey 


Ue = UgS2 + της + - coy 
Uy = Ugsy + ἀρὴν +--+ 


or, briefly, by 


Thus in order to form the partial derivative with respect to x 
we must first differentiate the compound function with respect 
to all the functions €, 7, ... which depend on z, multiply each 
of these derivatives by the derivative of the corresponding 
function with respect to z, and then add all the products thus 
formed. This is the generalization of the chain rule for 
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functions: of one variable discussed in Vol. I, Chapter ΠῚ 
(p. 153). .. | | ee νὰ 

- Our statement can be written in a particularly simple and. 
suggestive form if we use the notation of differentials, 
namely _ : ae 


du = u,da + uydy = u,dé-+ u,dy+..- 

= u,(E,da + ξυ αν) + u,(qede + nydy) + .. 

= (tbe + Une +. .) 4 -Ἐ (ὡρξν + Uy + .. ἡ ὧν. 
This equation means that the linear part of the increment of the 
compound function u= f(é, 7, - - -) = F(a, y) can be found by 
first writing down this linear part as if ἕξ, ἡ, . - . were the inde- © 
pendent variables and subsequently replacing @, dy, ... by the 
linear parts of the increments of the functions ¢= ¢(z, y), 
n = ψία, y),.... This fact exhibits the convenience and flexibility 
of the differential notation. | | 

In order to prove our statement we have merely to make use 

of the assumption that the functions concerned are differentiable. 
From this it follows that if we denote the increments of the 
independent variables x and y by Az and Ay, the quantities &, ,... 
change by the amounts | | 


Ag = $,A% + py Ay + «Ax + y, Ay, 
An = ψωδα + py, Ay + egAx + y2Ay, 


where the numbers €,, ἐ9» - - -» Yr Ya ++ tend to 0 as Az and Ay 
do, or as «/(Aa? + Ay?) does. Moreover, if the quantities £, ἡ, ... 
undergo changes Ag, Ay, ..., the function u= f(g, 9, .-.) 15 
subject to an increment of the form 


Au = f,AE + fAq+...+8,AE+ δρδὴ +... 


where the quantities δι» 5,,... tend to 0 as Aé, An, ... do, or 
as «/(A€? +- An? + .. .) does (and may be taken as exactly zero 
when the corresponding increments Ag, Ay vanish). — 

If in the last expression we take the mcrements Aé, An, ... 
as those due to a change of Az in the value of 2 and a change of 
Ay in the value of y, as given above, we obtain 7 


Au = (fbx + fits + .. JAR 
+ Seba Εὐλῴν +. Ay + eAx + yAy. 
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Here the quantities « and y have the values 


ε- ἤει + fig +. .- + bd, + ped, + ειδι + €5, Sai ss 
y= + five + ag ἐπ dy δι + yd. + 191 + Ye5a+.- 


On the right we have a sum of products, each of which contains 
at least one of the quantities «, €,. - - » 71» 785» - - + > δι» Og +e 
From this we see that ε and y also tend to 0 as Aw and Ay do. 
By the results of the preceding section, however, this expresses 
the statement asserted in our theorem. 

It is obvious that this result is quite independent of the 
number of independent variables x, y, ..., and remains valid e.g. 
if the quantities €, ἡ, ... depend on only one independent 
variable x, so that the quantity u is a compound function of the 
single independent variable z. 

If we wish to calculate the higher partial derivatives, we have 
only to differentiate the right-hand sides of our equations with 
respect to x and y, treating /;, f,, ... a8 compound functions. 
Confining ourselves for the sake of simplicity to the case of three 
functions ἔξ, ἡ, and ¢, we thus obtain 


Une feeb" + Santa? + [ζω + 2fenSane + renaSe + AfecEale 
ἢ SeSa0 + f,Nea + Sela 


Gey =frEaby +fneMy +fecaby + fe ίξωην + Ea) +fadneSy + Tube) | 
+ See( Saby + §y ba) + ἢ ξων Ἔ ἢ ον ἜΚζων 


yy = ρεξυ" + Sony" ἜΑ Ζῇ, ξνην -Ἐ 2f ηνζν ++ Beste 
+ ἧξυν + fnew PS Soy: if 


2. Examples.* 


1. Let us consider the function 
ag me ett inty + Mey sing sing +? 
We put 
ξ τ “5 βίπδυ, n= 2zysinzsiny, €= y? 
and obtain | 
ξ, = 2 βἰπῆψ, ny = 2ysinzsiny + 2zycosrsiny, €,=03; 
ἔς = 2atsiny cosy, ny = 2esinzsiny + 2eysinz cosy, Cy = 2y; _ 
Ue = Uy = be = eftats, 


κα We would emphasize that the following differentiations can also be carried | 
out directly, without using the chain rule. δ ἢ 
45 (Ε viz) 
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Hence | 
Uy = 26 “τὴν + My sinesiny + ¥* (y sin?y + y sine siny + zy cosz siny) 
and 

Uy = Jew sinty + Bey sinz οἷον + ¥ (ϑ siny cosy ++ a sing siny 


+ ay sinz cosy + y). 
2. In the case of the function 


u = sin(2* + y?) 

we put &§ = 2? + y*, and obtain 

εἰς, = 25 cos(z? + y*), τ = 2y cos(z? + γῆ), 

Une = —4a? sin(a? + y*) + 2 cos(z* + y?), Ugy = —4ay sin (x? + y?), 
Uyy = -- ἀν" sin (2? + y*) + 2 cos(a? + y’). 

3. In the case of the function 

u = arc tan(z? - zy + y”), 

é=@, τε ἂν, C= ¥ 
ee cc Se 

7+ (8 + ay + ν᾽)" 


ie ΞΡ ΟΝ 
"1+ (+ ἂν Ὁ ν᾽") 


the substitution 


leads to 


3. Change of the Independent Variables. 


A particularly important application of the facts developed 
on pp. 69-74 occurs in the process of changing the independent 
variables. For example, let τι τ f(€, 7) be a function of the two 
independent variables £, ἡ, which we interpret as rectangular 
co-ordinates in the €y-plane. If we introduce new rectangular 
co-ordinates x, y in that plane (cf. p. 6) by the transformation 


E=a,r7-+ By, x = αχγξ + ayn, 
n= a,e-+ By, y= BiE-+ Bon, 


the function u = f(é, 7) is transformed into a new function of x 


and y, 
u=f(é, ἡ) = F(a, y), 


and this new function is formed from /(£, ἡ) by a process of com- 
pounding such as was described on p. 69. We then say that 
new independent variables ὦ and y have been introduced into the 
relation u = Κ(ξ, 7) between the independent variables € and ἢ 
and the dependent variable wu. 
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The rules of differentiation given on p. 71 at once yield 


Ug = μα, = U, Ag» 
Uy = ueBy sr U,, Bos 


where the symbols u,, vu, denote the partial derivatives of the 
function F(z, y), and the symbols u,, u, denote the partial 
derivatives of the function f(&, 7). 

Thus the partial derivatives of any function are transformed 
according to the same law as the independent variables when 
the co-ordinate axes are rotated. This is true for rotation of the 
axes in space also. 

Another important type of change of the independent variables 
is the change from rectangular co-ordinates (x, y) to polar 
co-ordinates (r, 0) which are connected with the rectangular 
co-ordinates by the equations 


a=—rcosé, r= ηγ(3 - y%), 


y=rsin#, = arc cos = are sin 


wl y 
V (2? + νὴ Ve? Ὁ y*) 
On introducing the polar co-ordinates we have 
u= f(x, y) = f(r cos 6, r sin @) = Fir, 0), 
and the quantity ὦ appears as a compound function of the inde- 
pendent variables r and 6. Hence by the chain rule we obtain 


sin 0 


L 
Ug = Ula + Ue = Uy — rs 


cos 8 
Uy = Url y + UgDy = Uy = Bb Up 5 = Ue sind + tly τ 


These yield the equation 


1 
Ug Uy? = ὦ,5 + 2 Ue" 


which is frequently of use. By the chain rule the higher 
derivatives are given by 
sin? cos @ sin @ sin? @ 


Ung = Urry COS θην ς ae a OF as +4 — 


cos 7 sin 8 


aus CSCS 
y2 
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| cos 6 sin @ cos? @ — sin?@ 
Uny = Uyg = Upp 0089 511 — Ug ————— +b yg —-— 
r 
sin?@ — cos?@ sin @ cos 8 
+ Uy ———_—_——__ — uy —————> 
y2 γ 
: cos? @ cos @ sin @ cos? @ 
Uyy = Ury 8130) + Ugg 5 + 2,0 ———— + 4, 
? 7 γ 
cos @ sin 
— QU, Se ae 
v2 


This leads us to the following formula, giving the expression 
appearing in the well-known “ Laplace’s ” or “ potential ” equa- 
tion Au = 0 in terms of polar co-ordinates: 

| 1 1 lf ὃ. ou O7u 
AU = Ung + Uyy = Ure + Use as Uy = μ᾿ [ aC 5 + ant 
Of the formule 


ΗΜ" * 
by = ae tly 2 = u, cos) - u, sind, 


Uy = —Ugy + U,x = —u,7r sin 8 + uyr cos 8, 


which express the rules for the differentiation of a function f(z, y) 
with respect to 7 and θ, the first is the expression for the 
derivative of f(x, y) in the direction of the radius vector r which 
we previously met with on p. 64. | 

In general, whenever we are given a series of relations defining 
a compound function, 


w= fin.) 
g == p(x, 4), χω — ψία, 4), eee 


we may regard it as an introduction of new independent variables 
x, y instead of £, 7,.... Corresponding sets of values of the 
independent variables assign the same value to u, whether it is 
regarded as a function of £,7,...or of a, y. 

In all cases involving the differentiation of compound functions 


u= {(ξ, Noes ) 


the following point must carefully be noted. We must distin- 
guish clearly between the dependent variable uw and the func- 
tion Κ(ξ, 7,...) which connects u with the independent variables 
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€,7,... . The symbols of differentiation τόρ, u,,... have no mean- 
ing until the functional connexion between u and the indepen- 
dent variables is specified. When dealing with compound functions 
u=f(é,7,...)= F(z, y), therefore, we really should not write 
Uz, U, OF Uz, Uy, but should instead write ἔς, f, or F,, Fy respec- 
tively. Yet for the sake of brevity the simpler symbols ὧς, u,, 
Uy, Uy are Often used when there is no risk that confusion will arise. 


The following example will serve to show that the result of differentiating 
a quantity depends on the nature of the functional connexion between 
it and the independent variables, that is, it depends on which of the 
independent variables are kept fixed during the differentiation. With the 
“identical”’ transformation &= 2, ξεν the function u= 2ξ - ἢ 
becomes u == 27+ y, and we have u, = 2, u,=1. If, however, we 
introduce the new independent variables & = x (as before) and §+ = », 
we find that τ τὸ a+ v, so that u, = 1, u, = 1. That is, differentiation 
with respect to the same independent variable z gives different results in 
the two different cases. 


| EXAMPLES 
1. Prove that the tangent plane to the quadric 
| at + by? + c= 1 
at the point (a, Yo, Zo) is 
Axx, + byyy + czzy = 1. 
2. If ὦ = u(x, y) is the equation of a cone, then 
| Uggttyy — Ugy* = 0. 
3. Prove that if a function f(x) is continuous and has a continuous 
derivative, then the derivative of the function 
f(z) « 1 
g(x) = [[1ἃ ἃ 1 
71 “ 1 
vanishes for a certain value between z, and 2. 
4. Let f(x, y, z) be a function depending only on r= ν (a? + y* +- 23), 
ie. let f(x, y, 2) = g(r). 
(2) Calculate f,, + f vy + See 
(Ὁ) Prove that if foe + fuy + Ses = 0, it follows that f= ~ + ὃ (where 
a and ὃ are constants). ᾿ 
ὅ. If f(x, 9». .«.. ἀρ) = g(r) = σίν (2,2 + a2 -Ἐ ...-Ὁ 2,%)), calculate 


Fccstes ἘΠ ἴανα, tenet Sg tty 
(cf. Ex. 2, p. 58). 
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6*. Find the expression for ἔα + fyy + f,, in three-dimensional polar 
co-ordinates, i.e. transform to the variables 7, 0, φ defined by 
x= rsin0 cose 
y=rsinO sing 
z = rcos@. 
Compare with example 4(a). 
7. Prove that the expression 
J ζῶ a f vy 
is unchanged by rotation of the co-ordinate system. 
8. Prove that with the linear transformation 


a= ab + By 
y= γξ + δη, 


fralts Y¥)> fryl% Y)> fyy(%, y) are respectively transformed by the same law 
as the coefficients a, b, c of the polynomial 


ax® +- 2bay 4+- cy. 


6. Tae Mean VaLuE THEOREM AND TAYLOR’S THEOREM FOR 
FUNCTIONS OF SEVERAL VARIABLES 


1. Statement of the Problem. Preliminary Remarks. 


We have already seen in Vol. I (Chapter VI, p. 320 e seq.) 
how a function of a single variable can be approximated to in the 
neighbourhood of a given point with an accuracy of order higher 
than the n-th, by means of a polynomial of degree n, the Taylor 
series, provided that the function possesses derivatives up to the 
(n+ 1)-th order. The approximation by means of the linear 
part of the function, as given by the differential, is only the first 
step towards this closer approximation. In the case of functions 
of several variables, e.g. of two independent variables, we may 
also seek for an approximate representation in the neighbourhood 
of a given point by means of a polynomial of degree ἢ. In other 
words, we wish to approximate to f(z - ἢ, y+ k) by means of 
a “ Taylor expansion ” in terms of the differences h and k. 

By a very simple device this problem can be reduced to what 
we already know from the theory of functions of one variable. 
Instead of considering the function f(x + ὦ, y + k), we introduce 
yet another variable ¢ and regard the expression | 


F(t) =f(a+ Mt, y+ λὴ 
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as a function of t, keeping x, y, h, and k fixed for the moment. 
As ¢ varies between Ὁ and 1, the point with co-ordinates 
(x-+ ht, y+ kt) traverses the line-segment joining (x, y) and 
(. - ἢ, y+ ἢ). 

We begin by calculating the derivatives οὗ F(é). If we assume 
that all the derivatives of the function f(z, y) which we are about 
to write down are continuous in a region entirely containing 
the lme-segment, the chain rule (section 5, p. 71) at once gives 


F'(t) = hfa + My, 
F “(ἢ — hf oe te 2hkf. αν + fay 


and, in general, we find by mathematical induction that the n-th 
derivative is given by the expression 


F(t) = hf pt (*) hl fon—ty + (7) h”212f naa... thf yp. 


which, as on p. 68, can be written symbolically in the form 
FO (t) = (hfe + hf). 


In this last formula the bracket on the right is to be expanded by 

the binomial theorem and then the powers and products of the 

of 

Ox 

derivatives ΕἼ ΒΕ ΣΝ ,-... In all these derivatives the argu- 
da” ox™—lOy 

ments ᾧ - At and y + kt are to be written in place of ᾧ and y. 


quantities ~ and Ἵ are to be replaced by the corresponding n-th 
Y : 


2. The Mean Value Theorem. 


In forming our polynomial of approximation we start from 
a mean value theorem analogous to that which we already know 
for functions of one variable. This theorem gives a relation 
between the difference f(z - ὦ, y+ k) — f(z, y) and the partial 
derivatives f, and f,. We expressly assume that these derivatives 
are continuous. On applying the ordinary mean value theorem 
to the function F(t) we obtain 


se ee 3 
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where @ is a number between 0 and 1, and from this it follows that 


Letty Ὁ ἰὴ - ἔ νὴ). rg ce + Oht, y + Olt) 
igere i ah ~ »9T 
+ kya + ht, y + Oh). 


If we put ὁ = 1 in this, we obtain the required mean value theorem 

for functions of two variables in the form 

flet+h y+h—f(a, y)=Wfda+ Oh, y+ Ok) + kfy(e-+ Oh, y+ Ok) 
= ἀξι(ξ, n) + MAE, ἡ). 

That is, the difference between the values of the function at the 

points (x +h, y + k) and (x, y) ts equal to the differential at an 


intermediate point (ξ, ἡ) on the line-segment joining the two points. 
It is worth noting that the same value of @ occurs in both 


f, and ἢ. 
The following fact, the ee of which we leave to the reader, 


is a simple consequence of the mean value theorem. A function 
f(x, y) whose partial derivatives So and f, exist and have the 
value 0 at every point of a region is a constant. 


3. Taylor's Theorem for Several Independent Variables. 


If we apply eee formula with Lagrange’s form of the 
remainder (cf. Vol. I, Chapter VI, p. 324) to the function δ) 
and finally put ¢ = 1, we obtain Taylor’s theorem for functions of 
two independent vanables 


fle+hy+ h=f@ 2) Ὁ λεία, y) + Kfla, ¥)} 
FI ea ts 9) + Wifey y) + Ἰῤϊννία, Ψ)} « 


+2 {irfete.y+(t » πε μία, y+ Εἰσί, 9) | 
+ Re 
where Ra pore the remainder term 
- {πω + Oh, y+ Ok) + kf, (e+ Oh, y+ ΕΘ} Ἐν, 
0<@<1. 


Ἀπ wh 


The homogeneous polynomials of degree 1, 2,..., ”, n+l, 
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into which the increment f(z + 4, y + 1) — f(a, y) is thus split 
up, apart from the factors | 

cia ee ee 

ara! @+ 1} 


are respectively the first, second, ... , n-th differentials 


af ar hf. te kf, ” 
df = (hf, + ἘΠ) = Wfex + Akfoy + fu 


df = (hfe + δ) = hfon +(3) hl [ρα + 0 + fn 


of f(z, y) at the point (ὦ, y) and the (m+ 1)-th differential 
d"*1f at an intermediate point on the line-segment joining (x, y) 
and (x-+-h, y+k). Hence Taylor’s theorem can be written 
more compactly as | | 


Hoth yth=fle n+ Yo n+ δὶ 4@ Nt. 
1 oe ek ἢ 
+ ate, 9) Ὁ Bw 


where — " 
Rutan 
(n+ 1)! | 
In general the remainder R,, vanishes to a higher order than the 
term df just before it; that is, as h—>0 and k—>0 we have 
R, = ον (5 + I)"}. | 
In the case of Taylor’s theorem for functions of one variable 
the passage (n> ©) to infinite Taylor series played an im- 
portant part, leading us to the expansions of many functions in 
power series. With functions of several variables such a process 
is in general too complicated. Here to an even greater degree 
than in the case of functions of one variable we lay the stress 
rather on the fact that by means of Taylor’s theorem the incre- 
ment f(c+h, yt k)—f(a, y) of a function is split up mto 
increments df, df, ... of different orders. | ᾿ 


ἀπ α - 0h,y+ 6k), O<O@<1. 


EXAMPLES 


1. Find the polynomial of the second degree which best approximates 
to the function sinz siny in the neighbourhood of the origin. , 
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2. If f(z, y) is a continuous function with continuous first and second 
derivatives, then 
= NY —ifh 
[μαίθ, 0) == tim SO) "7, ε΄“) FO, 0) 


h—> +0 h 


3. Prove that the function e—”*+?” can be expanded in a series of the 
form 
> H,(2) y™ 


which converges for all values of « and y and that 
(a) ἢ, (4) is a polynomial of degree n (so-called Hermite polynomials). 
(ὁ) H’,(x) = 2nH,_,(2). 3 
(c) Aaa -Ξ 2xH,, = 2nH,,—1 = 0. 
(d) H",, — 22H’, + 2nH,, = 0. 
4, Find the Taylor series for the following functions and indicate their 
range of validity: 
1 


(a) ἐπ ταν : (δ) ert, 


7. Tue APPLICATION OF VecToR METHODS 


Many facts and relationships in the differential and integral 
calculus of several independent variables take a decidedly 
clearer and simpler form if we apply the ideas and notation of 
vector analysis. We shall accordingly conclude this chapter with 
some discussion of the matter. 


1. Vector Fields and Families of Vectors. 


The step which connects vector analysis with the subjects 
just discussed is as follows. Instead of considering a single 
vector or a finite number of vectors, as in Chapter I (p. 3), we 
investigate a vector manifold dependmg on one or more con- 
tinuously varying parameters. — 

If, for example, we consider a solid body occupying a portion 
of space and in a state of motion, then at a given instant each 
point of the solid will have a definite velocity, represented by a 
vector %#. We say that these vectors form a vector field in the 
region in question. The three components of the field vector 
then appear as three functions 


U,(Xy, Lo, Xz), Ug(T, Ly, Ly), Ug (2, Lg, 14) 


[η VECTOR METHODS 83 


of the three co-ordinates of position, which we here denote by 
(αι, Xa, Lg) instead of (x, y, 2). 


A case of a velocity field is represented in fig. 8, which shows 


4, ~~ 
ΠΝ “ett tte 


Fig. 8.—The velocity field in ἃ rotation 


the velocity field of a solid body rotating about an axis with 
constant angular velocity. 

The forces acting on the points of a moving solid body likewise 
form a vector field. As an example of a force field we consider 
the attractive force per unit mass exerted by a heavy particle, 
according to Newton’s law of gravitation. By Newton's law 
all the vectors of this field of force are directed towards the 
attracting particle, and their lengths are inversely proportional 
to the square of the distance from the particle. 

If we pass to a new rectangular co-ordinate system by rotation 
of axes, all the vectors of the field will have new components with 
respect to the new system of axes. If the two co-ordinate systems 
are connected by equations of the form (Chapter I, section 1, p. 6) 


ἔξ) = 042, + B,% + Wks 
Ey = Gh, + Boe + Vers 
ξς = agt, + βοῦς + yas 


<2 Ξ-Ξ ay & ΞΕ Ag &o ag&és 
T= βιξι + Bofe + Bsés 
ἄς = Wb, + Yebe + Vata 


or 
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respectively, then the relations between the components w,, te, Us 
with respect to the 2-system and the components w,(€;,, €,, &3), 
w(&,, £5, £3), ws(E1, € €) with respect to the new €-system are 
given by the equations of transformation 


== yt + Byte + Uz 
We == Agi, + Bolle + Yotlg 
Ws = Agity + Byte + Yells 

and | 
Uy == αγω; - ἀγὼ; + gig 
Ug = βιω, -+ Botde+ Baus 
Ug = γιὼχ -- YoW2 + YaWs 


respectively. (Cf. Chap. 1, p. 6.) The components ,, ὥς. ὡς 
in the new system thus arise from the introduction of the new 
variables and the simultaneous transformation of the functions 
representing the components in the old system. 

When in physical applications each point of a portion of space 

has assigned to it a definite value of a function u = f(x, %, 2g), 
such as the density at the point, and we wish to emphasize that 
the property is not a component of a vector, but on the contrary 
is a property which retains the same value although the co- 
ordinate system is altered, we say that the function is a scalar 
function or scalar; or, if we wish to emphasize the association 
between the values of the function and the points of the portion 
of space, we speak of a scalar field. Thus for every vector field 2 
the quantity | ze |? = u,2-+ u?-+ wu,” is a scalar; for it represents 
the square of the length of the vector and therefore retains the 
same value independently of the co-ordinate system to which 
the components of the vector are referred. 
In the examples above the vector field z is given us to begin 
with, and its components with respect to any system of rect- 
angular co-ordinates are therefore determined. If, conversely, 
in ἃ definite co-ordinate system, say an 2-system, there are given 
three functions (x1, %_, Lz), Up(X1, 5» Lz), U3(X1, 5, 14), these three 
functions define a vector field with respect to that system, the 
components of the field being given by the three functions. To 
obtain the expressions for the components w,, we, ws in any 
other system we have only to apply the equations of transfor- 
mation deduced above. 
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In addition to vector fields, we also consider manifolds of 
vectors called families of vectors, which do not correspond to each 
point of a region in space, but are functions of a parameter l. We 
express this by writing 46 — z(t). If we think of 2 as a position 
vector measured from the origin of co-ordinates in t,%g%.-space, 
then as ¢ varies the final point of this vector describes a curve 
in space given by three parametric equations, “ἝΞ 


t= φ(ἢ), = $0), τς Ξ- x. 

Vectors which depend on a parameter ¢ in this way can be 
differentiated with respect to t. By the derivative of a vector 
u(t) we mean the vector 24 ({) which is obtained by the passage 
to the limit 

| lim z(t a5 h) aan u(t) 
ho A 
and which accordingly has the components 


, _ Ay , Wg , dg 
Uy = he’ ᾿ς hh? Ug mi ὦ 


We see at once that the fundamental rules of differentiation 
hold for vectors. Firstly, it is obvious that if ες 
w=u-+t v 


then 
w =u + v’. 


Further, the product rule applied to the scalar product 
of two vectors w# and ὕ, “v= UV, + Ugly + Ugly (ch p. 1), 
gives oa to 


ge?) — uo’ + uw'v. 


In the same way we obtain the rule 


| [wv] , , 
GP) [κ0]Ὁ [Ὁ] 


for the vector product. 
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2. Application to the Theory of Curves in Space. Resolution of a 
Motion into Tangential and Normal Components. 


We shall now make some simple applications of these ideas. 
If x(t) is a position vector in 2,%,%3-space which depends on a 
parameter ¢, and therefore defines a curve in space, the vector 
x'(é) will be in the direction of the tangent to the curve at the 
point corresponding tot. For the vector α(ἐ- h)— x(t) is in the 
direction of the line-segment joining the points (ἢ) and (ἐ - h) 


(cf. fig. 9); therefore so is the vector “τὰ, which differs 


from it only in the factor 1/h. As h->0 the direction of 

this chord approaches the direc- 

(ἐφ: tion of the tangent. If instead of 

t we introduce as parameter the 

length of the arc of the curve meas- 

ured from a definite starting-point, 

and denote differentiation with 

respect to s by means of a dot, we 
can prove that 


7 | Lae + #5" ==: 


this may also be written in the form 


Fig. 9.—Differentiation of the position XX= x? ae 
vector of a curve 


The proof follows exactly the same 
lines as the corresponding proof for plane curves (cf. Vol. I, 
Chap. V, p. 280). The vector % is therefore of unit length. If 
we again differentiate both sides of the equation #2: = 1 with 
respect to s, we obtain 


LH = 0. 
This equation states that the vector ἀξ with components (6), 
(8), &3(s) 1s perpendicular to the tangent. This vector we call the 


curvature vector or principal normal vector, and its absolute value, 
that is, its length 


: 
ρ 


we call the curvature of the curve at the corresponding point. 


μεε τ -- (EP + oP + ἀφ, 
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The reciprocal p= 1/k of the curvature we call the radius of | 
curvature, as before. The point obtained by measuring from the 
point on the curve a length p in the direction of the principal 
normal vector is called the centre of curvature. 

We shall show that this definition of the curvature agrees 
with that given in Vol. I, Chap. V (pp. 280-3). For X is a vector 
of unit length. If we think of the vectors #(s + h) and X(s) as 
measured from a fixed origin, then the difference x(s + 4) — X(s) 
will be represented, as in fig. 9, by the vector joining the final 
points of the vectors %(s) and x(s + A). Ifa is the angle between 
the vectors x(s) and x(s-+ h), the length of the vector joining 
their final points is 2 sin a/2, since #(s) and 2%(s + h) are both of 
unit length. Hence if we divide the length of this vector by a 
and let h > 0, the quotient tends to the limit 1. Consequently 


tim = [πὸ 5 ψ {((s -Ὁ 1) — s4(0))* + Gals -Ὲ 1) — ἀμ)» 
h—> 0 h—>0 
+ (dels Ὁ ἢ — ag(s))2}. 


Here the limit on the right is exactly +/(#?+ #,?-+ ἀκ). 
But a/h is the ratio of the angle between the directions of 
the tangents at two points of the curve and the length of are 
between those points, and the limit of that ratio is what we have 
previously defined as the curvature of the curve. 

The curvature vector plays an important part in mechanics. 
We suppose that a particle of unit mass moves along a curve 
x(t), where ὁ is the time. The velocity of the motion is then 
given both in magnitude and in direction by the vector x(t), 
where the dash denotes differentiation with respect to ¢. Similarly, 
the acceleration is given by the vector χ (ἡ). By the chain rule 
we have 


Pe Ὁ 
dt 


(where the dot denotes differentiation with respect to s), and also 
ws , . fds\* 
x =X ἼΣ + x (5) : 


In view of what we already know about the lengths of % and 
%, this equation expresses the following facts: 
The “ acceleration vector” of the motion is the sum of two 
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vectors. One of these is directed along the tangent to the curve, 
and its length is equal to τ that is, to the acceleration of the 
point in its path (the tangential acceleration). The other is directed 
towards the centre of curvature, and its length is equal to the 


square of the velocity multiplied by the curvature (the normal 
acceleration). 


3. The Gradient of a Sealar. 


We now return to the consideration of vector fields and shall 
give a brief discussion of certain concepts which frequently arise 
in connexion with them. 

Let u = f(x, %, 23) be any function defined in a region of 
%%_Xz-Space; that is, according to the terminology previously 
adopted, « is a scalar quantity. We may now regard the three 
partial derivatives _ | | 


=f» te=Sey Us=Se, 
in the z-system as forming the three components of a vector 2. 
If we now pass to a new system of rectangular co-ordinates, the 


§-system, by rotation of axes, the new components of the vector 
26. are given according to the formule of p. 6 by the equations 


y= yt + βιμᾳ + Us 
Wy = Agtt, + Bolla + Yolty 
ὡς = Ogty + Pyle + yoty. 
On the other hand, if we introduce the rectangular co-ordinates 


£1, &2, ἔφ a8 new independent variables in the function F (®4» La, Ls), 
the chain rule gives 


Se, = Καὶ + FP oe 
Sey = fA + .,8. + feVo 
de, = f.,% + FeP3 t+ fies V3e 
Hence 
wy = fi Wy =f, Ws = fr, 


and we thus see that in the new co-ordinate system also the 
components of the vector z are given by the partial derivatives 
of the function f with respect to the three co-ordinates. Thus 
to every function / in three-dimensional space there corresponds 


 —— 
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a definite vector, whose components in any rectangular co- 
ordinate system are given by the three partial derivatives with 
respect to the co-ordinates. We call this vector the gradient of 
the function, and denote it by 


u = grad f. 


For a function of three variables the gradient is an analogue 
of the derivative for functions of one variable. | 

In order to form a graphical idea of the meaning of the 
gradient, we shall form the derivative of the function in the 
direction (a, ag, ag), Where αι» ας» ag are the three angles which 
this direction makes with the axes, so that cos*a,-+ cosa, 
+ cos?ag = 1. For this derivative we have already obtained the 
expression 

Df = fp, COBa, + fir, COS Ag + Jz, CO8 Ag 


If we think of a vector 6 of unit length in the direction (a, ag, ag), 
this vector will have components δ᾽ = COS a1, €:= COS ας; 64 = COS ag. 
Thus for the derivative of the function in the direction (ἃ), a, 3) 
we obtain the expression | 


Df = e grad f, 


the scalar product of the gradient and the unit vector in the 
direction (a,, a, ag), 1.6. the projection of the gradient on that 
vector (cf. Chap. I, p. 7). 

Τὸ is this fact that accounts for the importance of the concept 
of gradient. If, for example, we wish to find the direction in 
which the value of the function increases or decreases most 
rapidly, we must choose the direction in which the above expres- 
sion has the greatest or least value. This clearly occurs when 
the direction of e is the same as that of the gradient or is exactly 
opposite to it. | | 

Thus the direction of the gradient is the direction in which the 
function increases most rapidly, while the direction opposite to that 
of the gradient is that in which the function decreases most rapidly; 
the magnitude of the gradient gives the rate of increase or decrease. 

We shall return to the geometrical interpretation of the 
gradient in Chapter III (p. 124). We can, however, immedi- 
ately give an intuitive idea of the direction of the gradient. If 
in the first instance we confine ourselves to vectors in two dimen- 
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sions, we have to consider the gradient of a function f(z, y). We 
shall suppose that this function is represented by its contour 
lines (or level lines) 


I(x, y)=e 


in the xy-plane. Then the derivative of the function f(z, y) in the 
direction (cf. p. 62) of these level lines is obviously zero. For if 
P and Q are two points on the same level line, the equation 
F(P) — f(Q) = 9 holds (the meaning of the symbols is obvious), 
and the equation will still hold if we divide both sides by h, the 
distance between P and Q, and then let A tend to 0. The projec- 
tion of the gradient in the direction of the tangent to the level 
line is therefore zero, and hence at every point the gradient is 
perpendicular to the level line through that point. An exactly 
analogous statement holds for the gradient in three dimensions. 
If we represent the function f(x, 2, 23) by its level surfaces 


f (σι, Los 3) = ¢, 


the gradient has the component zero in every direction tangent 
to a level surface, and is therefore perpendicular to the level 
surface. 

In applications we frequently meet with vector fields which 
represent the gradient of a scalar function. The gravitational 
field of force may be taken as an example. 


If we denote the co-ordinates of the attracting particle by (ξ;, Cap ΞΡ. 
those of the attracted particle by (2,, x,, 23), and their masses by m and 
M, the components of the force of attraction are given by the expressions 

σ ξ, - % | 
VJ {Es —~ αι) + (ξ, — α9)2 + (Es — ag)*}8 
σ ξ, — Xe 
νίξ, — 4)" + (ξ, — a)? + (ξς — %3)7} 
C | Es — 2s ; 
A/ (Es —~ &)? + (& — xg)? + (Eg — %)"} 
Here C is a constant with the value ymM, where y is the “ gravitational 
constant’. (The factors 
bi — δι 


are the cosines of the angles which the line through the two points makes 
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with the axes.) By differentiation we see at once that these components 
are the derivatives of the function 


C 
/ (Ey — αὐ) + (& — 2%)? + (ξς — 23}5} 
with respect to the co-ordinates 2, %, ὥς respectively. The force vector 
apart from a constant factor is therefore the gradient of the function 
Lc: 1 
ro V/{(E1 — αὐ) + (ξ το 22)? + (ξς — 2g)9} 


If a field of force is obtained from a scalar function by forming 
the gradient, this scaler function is often called the potential 
function of the field. We shall consider this concept from a 
more general point of view in the study of work and energy 
(Chapter V, p. 350, and Chapter VI, pp. 415, 468-81). 


4, The Divergence and Curl of a Vector Field. 


By differentiation we have assigned to every function or 
scalar a vector field, the gradient. Similarly, by differentiation 
we can assign to every vector field a certain scalar, known as the 
divergence of the vector field. Given a specific co-ordinate system, 
the x-system, we define the divergence of the vector 26 as the 
function 

_ Oty, Olly , OUg 

OW oa Bay Oa 

1.6. the sum of the partial derivatives of the three components 
with respect to the corresponding co-ordinates. Suppose now 
that we change the co-ordinate system to the ¢-system. If the 
divergence is really to be a scalar function associated with the 
vector field and independent of the particular co-ordinate system, 
we must have 
duo εἶ: δὼ; , Ows 
δὲ, θὲ, ὃ, 
where ὡ,, We, ὡς are the components of 26 in the €-system. In 
fact, the truth of the equation 
Ou, On δες Hh yo dws 


δα, | Od, Ot, 08, Of, 8 


can be verified immediately by applying the chain rule and the 
transformation formule of p. 84. 


div n= 
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Here we content ourselves with the formal definition of the 
divergence; its physico-geometrical interpretation will be dis- 
cussed later (Chapter V, section 5, p. 388). 

We shall adopt the same procedure for the so-called curl * 
of a vector field.. The curl is itself a vector 


y= curl 
whose components 71, 72, 7s are defined by the equations 


Oz Us OU, Us OU, OU, 
— —— N= ng 74 -Ξ - --- >. 
| Ot, ὃ; Or, Otte 
In order to show that our definition actually gives a vector 
independent of the particular co-ordinate system, we could verify 


by direct differentiation that the quantities 

Pe ace Os Pe Oe 

a δὲ, i OA 8, δέ,’ 

which define the curl in terms of the new co-ordinates, are con- 
nected with the quantities 71, 72, 73 by the equations of transfor- 
mation for vector components. Here, however, we shall omit 
these computations, since in Chapter VI, section 6 (p. 396) we 
shall give a physical interpretation of the curl which clearly 
_ brings out its vectorial character. 

The three concepts of gradient, divergence, and curl can all 
be related to one another if we use a symbolic vector with the 
ie aaa δε’ = = 
nabla} and is denoted by the symbol V. The gradient of a scalar 
field f(x, 25, %), grad f, is the product V/f of the scalar quantity 
f and the symbolic vector V, that is, it is a vector with the com- 
ponents 9 if of of 


Ox," 0a’ ὃ. 


This symbolic vector is often called 


The curl of a vector field u(x, 22, 23), curl 26, is the vector product 
[Vze] of the vector z and the symbolic vector V; finally, the 
divergence is the scalar product 


div t¢—= Vee = 41 4 Ola, Ole 
OL, 0%, Om, 


* Often called rotation (with the abbreviation rot). 
t After ἃ Hebrew stringed instrument of similar shape. 
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In conclusion we mention a few relations which constantly 
recur. The curl of a gradient 1s zero; in ἀράν 


curl grad f = 


As we easily see, this relation follows from the reversibility of 
the order of differentiation. | ΝΗ 
The divergence of a curl is zero; in symbols 


div curl «= 0. 


This also follows directly from the reversibility of the order of 
differentiation. | 

The divergence of a gradient is an extremely important expres- 
sion elas besa: in analysis, notably in the well-known 
“ Laplace’s ” or “ potential equation”. It is the sum of the 
three “ principal " second-order partial derivatives of a function; 
insymbols _ 


: τὴ τ oF 
di d Af = ; 
v grad f= Af= staat a 73 
where ΔΙ is written as an abbreviation for the expression on the 
right.* The symbol 
ΟΣ 03 05 
"δα Bat δα 
is called the Laplacian operator. 

Finally, we may mention that the terminology of vector 
analysis is often used in connexion with more than three inde- 
pendent variables; thus a system of n functions of τ independent 
variables is sometimes called a vector field in n-dimensional 
space. The concepts of scalar multiplication and of the gradient 
then retain their meanings, but in other respects the state of 
affairs is more complicated than in the case of three dimensions. 


iecaieecas 


1. Find the equation of the so-called osculating plane of a curve 
x = f(t), y = g(t), z = A(t) at the point fo, 1.6. the limit of the planes passing 
through three points of the curve as these points approach the point with 
parameter ἔρ- 

2. Show that the curvature vector and the tangent vector both lie in 
the osculating plane. 


* The notation V?f is also used. 
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3*. Let x = x(s) be an arbitrary curve in space, such that the vector 
x(s) is three times continuously differentiable (s is the length of arc). 
Find the centre of the sphere of closest contact with the curve at the 
point 8. 

4. If C is a continuously differentiable closed curve and A a point 
not on Οὐ, there is a point B on C which has a shorter distance from A 
than any other point on C. Prove that the line AB is normal to the 
curve. 


5. If x = x(s) is a curve on a sphere of unit radius, the equation 


9322 — XA) = (ἀ Δ} 
holds. 
6. If x = x(t) is any parametric representation of a curve, then the 


ax 
vector 7 with initial point x lies in the osculating plane at 2. 


7. The limit of the ratio of the angle between the osculating planes 
at two neighbouring points of a curve and the length of arc between 
these two points, ie. the derivative of the unit normal vector with 
respect to the are (8), is called the torsion of the curve. Let &,(s), &.(s) 
denote the unit vectors along the tangent and the curvature vector of the 
curve x(s); by §(s) we mean the unit vector orthogonal to ἕξ, and &, 
(the so-called binormal vector), which is given by [§,5.]. Prove Frenet’s 
formulae 


E ΞΞ ἕξ, (0, 
δ. -ΞΞ —&,/p + §3/t, 
ἕξ, — --ξΕ, τ, 


where 1/p = k is the curvature and 1/z the torsion of x(s). 

8. Using the vectors &,, &,, &, of Ex. 7 as co-ordinate vectors, find 
expressions for (a) the vector x, (b) the vector from the point z to the 
centre of the sphere of closest contact at x. 

9. Show that a curve of zero torsion is a plane curve. 

10*. Prove that if z= u(x, y) represents the surface formed by the 
tangents of an arbitrary curve, then (a) every osculating plane of the curve 
is a tangent plane to the surface; (δ) u(z, y) satisfies the equation 

Upggllyy — ἀργὴ = 0. 
11. Prove that 
curl curl # = grad div #— Ax. 
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Appendix to Chapter II 


1. Tue PRINCIPLE OF THE Pornt OF ACCUMULATION IN SEVERAL 
DIMENSIONS AND ITS APPLICATIONS 


If we wish to refine the concepts of the theory of functions 
of several variables and to establish it on a firm basis, without 
reference to intuition, we proceed in exactly the same way as in 
the case of functions of one variable. It is sufficient to discuss 
these matters in the case of two variables only, since the methods 
are essentially the same for functions of more than two inde- 
pendent variables. 


1. The Principle of the Point of Accumulation. 


We again base our discussion on Bolzano and Weierstrass’s 
principle of the point of accumulation. A pair of numbers (2, y) 
will be called a point P in space of two dimensions, and may be 
represented in the usual way by means of a point with the rect- 
angular co-ordinates ὦ and y in an zy-plane. We now consider 
a bounded infinite set of such points P(x, y); that is, the set 
is to contain an infinite number of points, and all the points are 
to lie in a bounded part of the plane, so that |x| < Cand|y|< Ὁ, 
where C is a constant. The principle of the point of accumulation 
can then be stated as follows: every bounded infinite set of pownts 
has at least one point of accumulation. That is, there exists a point 
Q with co-ordinates (£, η) such that an infinite number of points 
of the given set lie in every neighbourhood of the point Q, say 
in every region 

[«.- ξ| <8, [γ-- Ῥη] «ὃ 


where § is any positive number. Or, in other words, οὐ of the 
infinite set of points we can choose a sequence P,, Ps, Ps, . . . am such 
a way that these points approach a limit point Q. 

_ This principle of the point of accumulation is just as intuitively 
clear for several dimensions as it is for one dimension. It can be 
proved analytically by the method used in the corresponding 
proof in Vol. I (p. 58), merely by substituting rectangular regions 
for the intervals used there. An easier proof can be constructed, 
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however, by using the principle of the point of accumulation 
for one dimension. To do this we notice that by hypothesis every 
point P(2, y) of the set has an abscissa x for which the inequality 
[ 2 « Ο holds. Either there is an z= 2, which is the abscissa 
of an infinite number of points P (which therefore lie vertically 
above one another) or else each x belongs only to a finite number 
of points P. In the first case, we fix upon ἄρ and consider the 
infinite number of values of y such that (2, y) belongs to our 
set. These values of y have a point of accumulation ηρ, by the 
principle of the point of accumulation for one dimension. Hence 
we can find a sequence of values of y, say y,, Ys, ... , Such that 
Yn —> No, from which it follows that the points (29, y,,) of the set 
tend to the limit point (x, 79), which is thus a point of accumu- 
lation of the set. In the second case, there must be an infinite 
number of distinct values of « which are the abscisse of points 
of the set, and we can choose a sequence 2, %, ... of these 
abscissee tending to a unique limit ~ For each 2, let P,(X,, Yn) 
be a point of the set with abscissa v,. The numbers y,, are an 
infinite bounded set of numbers; hence we can choose a sub- 
sequence ¥,, ὅπ,» - . . tending to a limit 7. The corresponding 
sub-sequence of ne Ln»Ln,, ... Still tends to the limit €; hence 
the points P,,, P,,, ... tend to the limit point (ξ, 7). In either 
case, therefore, we can find a sequence of points of the set vending 
to a limit point, and the theorem is proved. 

A first and important consequence of the principle of ie 
point of accumulation is Cauchy’s convergence test, which can be 
expressed as follows: | , | 

A sequence of points P,, P,, Ps, . . . with the co-ordinates (x,; γ 4); 
(Xe, Ye), (Xs, Ys), - - - tends to a lamit point +f, and only «f, for every 
«> 0 there 18 a suffic N= N(e) such that the distance between 
the points P, and P., V (Σ, — Xm)? + (Yn — Ym)”, 28 less than 


ε whenever both n and τ m are greater than N. 


2. Some Concepts of the Theory of Sets of Points. 


The general concept of a limit point is fundamental in many 
of the more refined investigations of the foundations of analysis 
based on the theory of sets of points. Although these matters 
are not essential for most of the purposes of this book, we shall 
mention some of them here for the sake of completeness. . 

A bounded set of points, consisting of an infinite number of 
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points, is said to be closed if it contains all its limit points; that 
is, limit points of sequences of points of the set are again points 
of the set. For example, all the points lymg on a closed curve 
or surface form a closed set. For functions defined in closed sets 
we can state the two following fundamental theorems: 

A function which is continuous in a bounded closed set of 
points assumes a greatest and a least value in that set. 

A function which is continuous in a bounded closed set ws 
uniformly continuous im that set. 

The proofs of these theorems are so like the corresponding 
proofs for functions of one variable that we shall omit them. 

The least upper bound of the distance between the points δι. 
and P, for all pairs of points P,, P,, where both points belong to a 
set, is called the diameter of that set. If the set is closed, this 
upper bound will actually be assumed for a pair of points of the 
set. The student will be able to prove this easily, remembering 
that the distance between two points is a continuous function 
of the co-ordinates of the points. 

By using the theorem that a continuous function on a bounded 
closed set does assume its least value, we can readily establish 
the following fact: if a point P does not belong to a closed set M, 
a positive least distance from P to M exists; that is, a point Q of 
M exists such that no point of M has a smaller distance from P 
than Q has. This enables us to show that the closed regions 
defined in section 1 (p. 41) are actually closed sets according 
to the definition here. For let C be a closed curve, and let R be 
the closed region consisting of all points interior to C or on C; 
we have to show that all the limit points of 1) belong to #. We 
assume the contrary, i.e. that there is a point P not belonging to 
R which is a limit point of R. Then, in particular, P does not lie 
on ΟἹ hence by the theorem above it has a positive least distance 
from C (C being a closed set). We can therefore describe a circle 
about P as centre, so small that no point of C lies in the circle; 
we have only to make the radius of the circle less than the 
least distance from P to C. The point P is outside Οὐ, since 
otherwise it would belong to R; and since every point in the 
small circle can be joined to P by a line-segment which does 
not cross the curve C, every point of the circle lies outside C, 
and so no point of the circle belongs to R. But we assumed that 


P is a limit point of R, which requires that the circle should 
δ (2912) 
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contain an infinite number of points of R. Hence the assumption 
that there is a limit point of R which does not itself belong to & 
leads to a contradiction, and our assertion is proved. The extension 
to closed regions R bounded by several closed curves is obvious. 

A useful property of closed sets is contained in the theorem 
on shrinking sequences of closed sets: | 

If the sets M,, M,, Ms, . . . are all closed, and each set is con- 
tained in the preceding one, then there 1s a pont (ξ, ἡ) which belongs 
to all the sets. 

In each of the sets M,, let us choose a point P,. The sequence 
P,, must either contain an infinite number of repetitions of some 
one point, or else an infinite number of distinct points. If 
one point P is repeated an infinite number of times, then it 
belongs to all the sets; for if M,, 1s any one of the sets, P belongs 
to a set M,,, where n, Σ» ἢ, and M,, is contained in M,. If 
there are an infinite number of distmct points P,, then by the 
principle of the point of accumulation they possess a point of 
accumulation (ξ, 7). This point belongs to each M,. For when- 
ever m > ἢ the point P,, belongs to M,, since it is a point of 
M,, which is contained in M,. Hence (ξ, ἢ) 1s a mit point of 
points P,, of M,, and since M,, is closed, (ξ, 7) is a point of M,,. 
Thus in either case there exists a pomt common to all the sets 
M,, and the theorem is proved.* 

A set is said to be open if for every point of the set we can find 
a circle about the point as centre which belongs completely to 
the set. An open set is connected if every pair of points A and B 
of the set can be jomed by a broken (polygonal) line which 
lies entirely in the set. 

The word “domain” is often used with the restricted 
meaning of a connected open set. As examples we have the 
interior of a closed curve, or the interior of a circle with the 
points of a radius removed. The points of accumulation of 
a domain which do not themselves belong to the domain are 
called the boundary points. The boundary B of a domain D ἐδ a 
closed set. Here we shall sketch the proof of this statement. 


* The assumption that the sets M,, are closed is essential, as the following 
example shows. Let M,, be the set 0 «σα «- ᾿ Each set is contained in the 
preceding, but no point belongs to all the sets. For if z = 0 the point belongs 
to no set, while if x > 0 it belongs to no set M,, for which Ε <2 
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A point P which is a limit point of B does not belong to D, 
for every point of D lies in a circle composed only of points of 
D and hence devoid of points of B. It is also a limit point of D, 
for arbitrarily close to P we can find a point @ of B, and arbi- 
trarily close to Ὁ we can find points of D. Hence P belongs 
to 8. 

If to a domain D we add its boundary points B, we obtain a 
closed set. For every limit point of the combined set is either 
a limit point of B and belongs to B, or is a limit point of ἢ) 
and belongs either to D or to B. Such sets are called closed 
regions, and are particularly useful for our purposes. 

Finally, we define a neighbourhood of a point P as any open 
set containing P. If we denote the co-ordinates of P by (ξ, ἡ), 
the two simplest examples of neighbourhoods of P are the circular 
neighbourhood, consisting of all points (7, y) such that 


(2 — δ + (y— η) < δ, 
and the square neighbourhood, consisting of all points (x, y) such 


that 
[5 --- ξ|]  -ὸδ and |y—7n| <8. 


3. The Heine-Borel Covering Theorem. 


A further consequence of the principle of the point of accumu- 
lation, which is useful in many proofs and refined investigations, 
is the Heine-Borel covering theorem, which runs as follows: 

If corresponding to every point of a bounded closed set M a 
neighbourhood of the point, say a square or a curcle, 18 assigned, 
it is possible to choose a finite number of these neighbourhoods in 
such a way that they completely cover M. The last statement of 
course means that every point of M belongs to at least one of 
the finite number of selected neighbourhoods. 

By an indirect method the proof can be derived almost im- 
mediately from the theorem on shrinking closed sets. We suppose 
that the theorem is false. The set @, being bounded, les in a 
square @. This square we subdivide into four equal squares. 
For at least one of these four squares, the part of M lying in or 
on the boundary of that square cannot be covered by a finite 
number of the neighbourhoods; for if each of the four parts of 
M could be covered in this way, M itself would be covered. 
This part of Μ we call M,, and we see at once that M, is closed. 
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We now subdivide the square containing M, into four equal 
squares. By the same argument, the part M, of M, lying in or on 
the boundary of one of these squares cannot be covered by a 
finite number of the neighbourhoods. Continuing the process, 
we obtain a sequence of closed sets M,, M,, Mz, ..., each en- 
closed in the preceding; each of these is contained in a square 
whose side tends to zero, and none of them can be covered by a 
finite number of the neighbourhoods. By the theorem on shrink- 
ing sequences of closed sets we know that there 1s a point (ξ, ἡ) 
which belongs to all these sets, and hence a fortiori belongs 
to M. To the point (, ἡ) there accordingly corresponds one of 
the neighbourhoods, containing a small square about (ἕξ, 7). 
But since each M,, contains (€, 7) and is itself contained in a 
square whose side tends to 0 as 1/n does, each M,, after a certain 
n is completely contained in the small square about (£, ἡ), and 
is therefore covered by one neighbourhood of the set. The assump- 
tion that the theorem is false has therefore led to a contradiction, 
and the theorem is proved. 


EXAMPLES 


1. A convex region R may be defined as a bounded and closed region 
with the property that if A, Bare any two points belonging to R, all 
points of the segment AB belong to R. Prove the following state- 
ments: 

(a)* If A is a point not belonging to R, there is a straight line 
passing through 4 which has no point in common with R. 

(b)* Through every point P on the boundary of F there is a straight 
line 7 (a so-called “line of support”) such that all points of FR lie on one 
and the same side of / or on / itself. 

(c) If a point A lies on the same side of every line of support as the 
points of R, then A is also a point of 0. 

(4) The centre of mass of # is a point of R. 

(6) A closed curve forms the boundary of a convex region, provided 
that it has not more than two points in common with any straight line. 

(f)* A closed curve forms the boundary of a convex region, provided 
that its curvature is everywhere positive. (It is assumed that if the 
whole curve is traversed the tangent makes one complete revolution.) 

2. (a) If 8 is an arbitrary closed and bounded set, there is one “ least 
convex envelope” ἢ of S, i.e. a set which 
(1) contains all points of 3, 
(2) is contained in all convex sets containing 8, 
(3) is convex. 
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(6) E# may also be described in the following way: 
A point P is in # if, and only if, for every straight line which leaves 
all points of 8 on one and the same side, P is also on this side, 
(c) The centre of mass of JS is a point of ἢ. 


2. THe Concept oF Limit FoR FUNCTIONS OF 
SEVERAL VARIABLES 


We shall find it useful to refine our conceptions of the various 
limiting processes connected with several variables and to consider 
them from a single point of view. Here we again restrict our- 
selves to the typical case of two variables. 


1. Double Sequences and their Limits. 


In the case of one variable we began with the study of se- 
quences of numbers a,, where the suffix n could be any integer. 
Here double sequences have a corresponding importance. These 
are sets of numbers a,,, with two suffixes, where the suffixes m 
and » run through the sequence of all the integers independently 
of one another, so that we have e.g. the numbers 


Ay1> Ay; Qo1, A135 Ay0, A315 Qa Qos, aeee 


Examples of such sequences are the sets of numbers 
1 1 n 


Onm = -------, Gam = -- -----, Inm a one 

ἢ -Ἐ m n* + m? n+m 
We now make the following statement: 

The double sequence a,,,, converges as n> © and m—> © to 
a limit, or more precisely a “double limit”, 1 if the absolute 
difference | a,,,—1| ts less than an arbitrarily small pre-assigned 
positwe number ε whenever n and m are both sufficiently large, that 
ts, whenever they are both larger than a certain number N depend- 
img only on ε. We then write 


lim a,,, = l. 
tt —> 0 
m-—>@ 
Thus, for example, 3 
lim —_/ -0 
n—>co Τὸ + m 
mt —> Ὁ 
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LL n ΤῊΝ 
and | lim - ὙΠ = ate - 
"- mn Pow nN 
51- © 


Following Cauchy, we can determine, without referring to the 
limit, whether the sequence converges or not, by uae the 
following criterion: 

The sequence a,,, converges if, and only if, for every « >0 
a number N = Nie). exists such that | aga, — Mm | < ε whenever 
the four suffixes n, m, n’, m’ are all greater than N. 

Many problems in analysis involving several variables depend 
on the resolution of these double hmiting processes imto two 
successive ordinary limiting processes. In other words, instead 
of allowing ἢ and m to increase simultaneously beyond all bounds, 
we first attempt to keep one of the suffixes, say m, fixed, and let 
nm alone tend to o. The limit thus found (if it exists) will in 
general depend on m; let us say that it has the value ἰ,.. We 
now let m tend to oo. The question now arises whether, and 
if so when, the limit of l,, is identical with the original double 
limit, and also the question whether we obtain the same result, 
no matter which variable we first allow to increase; that is, 
whether we could have first formed the limit lim a,,, = λ, and 


»- © 
then the limit lim Q,, and still have obtained the same result 


n--> ὦ 


We shall begin by gaining a general idea of the position from a 


few examples. In the case of the double sequence a,,, = , when 
m 
m is fixed we obviously obtain the result lim a,,, = l,, = 0, and therefore 
N—0D 
lim J, = 0; the same result is obtained if we perform the passages to the 


m—>% . 
limit in the reverse order. For the sequence 


however, we obtain 


and consequently 
lim l,, = 1; 
M—>- © 


while on performing the passages to the limit in the reverse order we first 
obtain 
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lim Gy, = A, = 0 
m => ὦ 
and then 


lim A, = 0. 

n—>- 0 
In this case, then, the result of the successive limiting processes is not 
independent of their order: 


lim (lim a,,,,) + lim (lim a,,,,). 
mo n—po no m—>w 


In addition, if we let » and m increase beyond all bounds simultaneously, 
we find that the double limit fails to exist.* 
Another example is given by the sequence 


Ἧς, tess sin 
nm m i 
Here the double limit lim a,,, exists and has the value 0, since the nu- 


na—> © 


m—> 
merator of the fraction can never exceed 1 in absolute value, while thedenomi- 
nator increases beyond all bounds. We obtain the same limit if we first let m 
tend to 0; we find that lim a,,,,—,=0, so that lim A,»=0. If, how- 


-» rR—> © 
ever, we wish to perform the passages to the limit in the reverse order, keeping 
m fixed and letting increase beyond all bounds, we encounter the difficulty 


that lim sinn does not exist. Hence the resolution of the double limiting 
n—>o 

process into two ordinary limiting processes cannot be carried out in both 

ways. 


The position can be summarized by means of two theorems. 
The first of these is as follows: 


If the double limit lim a,,, = 1 exists, and the simple limit 


n—> © 

m—> © 
lim @nm = ly exists for every value of m, then the limit lim 1,, 
n—> 2 —> © 


also exists, and lim l,,— 1. Again, if the double limit exists and 
M—> 2 
has the value I, and the limit lim a,,,, = 2, exists for every value 


m—> oO 
of μη, then lim A, also exists and has the value J. In symbols: 


n—> ὦ 

t= lim a,,, = lim (lim @ym) = lim (lim am); 
Η-: ὦ m— > ὃ n—> 0 a—> © ἢ1- ὦ 
m—> 00 


* For if such a limit existed it would necessarily have the value 0, since 
we can make a,,,, arbitrarily close to 0 by choosing 7 large enough and choosing 
m = n?. On the other hand, a,,, = ὁ whenever n = m, no matter how large 
nis. These two facts contradict the assumption that the double limit exists. 
But even when lim (lim a,,,) = lim (lim a,,,,) the double limit lim Oy», May 

M—> HD π-- σοῦ aD M—>O π--» ὦ 
ἢ m—>o 


fail to exist, as is shown by the example aan = kaye 
—m 
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the double limit can be resolved into simple limiting processes 
and this resolution is independent of the order of the simple 
limiting processes. 
The proof follows almost at once from the definition of the 
double limit. In virtue of the existence of lim a,,,, = l, for every 
πω 
m-—> 2 
positive ε there isan N = N(e) such that the relation | @ym— [τ ε 
holds whenever ἢ and m are both larger than N. If we now 
keep m fixed and let nm increase beyond all bounds, we find 
that | lim @am—1|=|l,—1| <<. This inequality holds for 
n—> © 


any positive ε provided only that m is larger than N(e); in 
other words, it is equivalent to the statement lim (lim @ym) = l. 


m—>O n—> ὦ 
The other part of the theorem can be proved in a similar 


way. 

The second theorem is in some respects a converse of the 
first. It gives a sufficient condition for the equivalence of a 
repeated limiting process and a double limit. This theorem 
is based on the concept of uniform convergence, which we define 
as follows: 

The sequence ὃν... converges as n —> © to the limit 1, uniformly 
on mn, provided that the mit Jim Gm = 1, exists for every m and m 


addition for every positive . ε τν as possible to find an N = N(e), 
depending on « but not on m, such that |l,, — a,,,| << ε whenever 
n>N. 


For example, the saan dam = Pier ee + = 
uniformly to the limit /,, = —, as we see immediately from the estimate 
m 


converges 


l 


l 
ee ke Ee 
mm nt+m n 


we have only to put N = l On the other hand, the condition for uniform 
ε 


convergence does not hold in the case of the sequence a,,,, = τ . For 
m+n 
fixed values of m the equation lim ἄγη = 1, = 0 is always true; but the 


n—» οὦ 
convergence is not uniform. For if any particular value, say 1/100, is 
assigned to e, then no matter how large a value of n we choose there are 
always values of m for which | a, — lm| = nm exceeds ε. We have 
only to take m = 2n to obtain a,,, = %, which is a value differing from 
the limit 0 by more than 1/100. 
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We now have the following theorem: 
Lf the limit τ το Bum =, exists uniformly with respect to m, 


and uf further the Timnit wa l= east, then the double limit lim ἃ, πὶ 


n—> 00 
exists and has the a ee | Ἢ acs 
lim (lim Bnm) — lim ΟΕ 
m—> oO n—> © ὠχρά ὦ 


We can then reverse the order of the passages to the limit, provided 
that lim a,,, = A, exists. 


m—> ὦ 


By making use of the inequality 
| Gam --- U) S| dam — ba | + |l,.—t] 


the proof can be carried out just as for the previous theorem, 
and we accordingly leave it to the reader. 


2. Double Limits in the Case of Continuous Variables. 


In many cases limiting processes occur in which certain suffixes, 
e.g. n, are integers and increase beyond all bounds, while at the 
same time one or more continuous variables ὦ, y,... , tend to 
limitmg values £, 7, .... Other processes involve continuous 
variables only and not suffixes. Our previous discussions apply 
to such cases without essential modification. We point out in the 
first instance that the concept of the limit of a sequence of func- 
tions f,,(z) or f,(z, y) as ἢ -- οὐ can be classified as one of these 
limiting processes. We have already seen (Vol. I, Chap. VIII, 
p. 393—the definition and proofs can be applied unaltered to 
functions of several variables) that if the convergence of the 
sequence /,(x) is uniform the limit function f(x) is continuous, 
provided that the functions f,(z) are continuous. This continuity 
gives the equations 


f (ξ)-- bm f (z)= "πὰ (lim Srle)) = lim fa($)= oa (im fa(2)), 


which express the reversibility of the order of the passages to the 
limit ἢ - οὐ and a -> ὅ. 


Further examples of the part played by the question of the reversibility 
of the order of passages to the limit have already occurred, e.g. in the 
theorem on the order of partial differentiation, and we shall meet with 
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other examples later. Here we mention only the case of the function 


7 y= πετοῦν 


For fixed non-zero values of y we obtain the limit lim f(z, y) = —1, while 
2z—> 
for fixed non-zero values of x we have are) S(x,y) = 1: Thus 


lim (lim f(x, y)) τ ἴω τα το 9})» 


»-»θ z->0 


and the order of the passages to the limit is not immaterial. This is of 
course connected with the discontinuity of the function at the origin. 


In conclusion we remark that for continuous variables the 
resolution of a double limit into successwe ordinary lumiting pro- 
cesses and the reversibility of the order of the passages to the limit 
are controlled by theorems which correspond exactly to those estab- 
lished on p. 103 for double sequences. 


3. Dini’s Theorem on the Uniform Convergence of Monotonic 
Sequences of Functions. 


In many refined analytical investigations it is useful to be 
able to apply a certain general theorem on uniform convergence, 
which we shall state and prove here. We already know (Vol. I, 
p. 387 εἱ seg.) that a sequence of functions may converge to a 
continuous limit function, even though the convergence is not 
uniform. In an important special case, however, we can conclude 
from the continuity of the limit that the convergence is uniform. 
This is the case in which the sequence of functions is monotonic, 
that is, when for all fixed values of x the value of the function 
f(x) either increases steadily or decreases steadily as n increases. 
Without loss of generality we may assume that the values increase, 
or do not decrease, monotonically; we can then state the follow- 
ing theorem: 

If in the closed region R the sequence of continuous functions 
f(x, y) converges to the continuous lumit function f(x, y), and if 
at each point (x, y) of the region the inequality 


FS ntilZ, y) = fla, y) 


holds, then the convergence is uniform im R. 
The proof is indirect, and is a typical example of the use 
of the principle of the point of accumulation. If the convergence 
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is not uniform, ἃ positive number a will exist such that for arbi- 
trarily large values of n—say for all the values of » belonging 
to the infinite set 74, 75, ...—the value of the function at a 
point P,, in the region, f,(P,), differs from f(P,,) by more than a. 
If we let πὶ run through the sequence of values ,, 7,2» ..., the 
points Pay P,,, .-. will have at least one point of accumulation 
Q; and since Ri 15 ΕἸ Ε Q will belong to R. Now tor r every point 
P in R and every whole number p we have 


f(P) = f,(P) + B,(P), 


where f,(P) and the “ remainder ” R,(P) are continuous functions 
of the point P. In addition, 


RP) = R,(P), 


whenever n> p, a8 we assumed that the sequence increases 
monotonically. In particular, for n > yw the inequality 


RP.) 2 B,(Pa) 2 α 


will hold. If we consider the sub-sequence 1 ee ea 
of the sequence which tends to the limit point Q, on account of 
the continuity of #, for fixed values of μ᾿ we also have R,(Q) = a. 
Since in this limiting process the suffix increases beyond all 
bounds, we may take the index μ as large as we please, for the 
above inequality holds whenever n > μ, and in the sequence of 
points P,, tending to @ there are an infinite number of values 
of the suffix ἢ, hence an infinite number of values of n greater 
than μ. But the relation R,(Q) = α for all values of μ᾿ contradicts 
the fact that R,(Q) tends to 0 as pu increases. Thus the assump- 
tion that the convergence is non-uniform leads to contradiction, 
and the theorem is proved. 


EXAMPLES 
1. State whether the following limits exist: | 
(a) lim (log)? 0 (log m)* 
n—>~ (logn)? + (logm)? 
m—> Ὁ 


(b) lim tann - tanm 


+ 
n—>o 1 — tanntanm 
m—> ~ 


(c) lim = Σ cos ἥ. 
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2. Prove that a function f(z, y) is continuous, if 

(2) when y is fixed f is a continuous function in 2; 

(6) when z is fixed f is uniformly continuous in y, in the sense that 
for every ε there is a δ, independent of 2 and y, such that 


| f(z, m1) — f(z y)| Se 


ly. —y|S8. 


when 


3. Prove that f(x, y) is continuous at z= 0, y= 0, if the function 
D(t, 0) = f(t cose, ὁ βίῃ φ) is 

(2) a continuous function of ¢ when ¢ is fixed; 

(Ὁ) uniformly continuous in » when ¢ is fixed, so that for every ¢ there 
is a δ, independent of ¢ and 9, such that 


| Dit, φ:) -- Ot, o)| Se 


le, — φΙ Ξ δ. 


4, Prove that the complementary set of a closed set 8' (i.e. the set of 
all points not in 3) is an open set. 


when 


8. HomogEenrovus FuNcTIONS 


We finally touch on one other special point, the theory of 
homogeneous functions. The simplest homogeneous functions 
occurring in analysis and its applications are the homogeneous 
polynomials in several variables. We say that a function of the 
form az-+ by is a homogeneous function of the first degree in 
z and y, that a function of the form az? + bry + cy? is a homo- 
geneous function of the second degree, and in general that a 
polynomial in x and y (or in a greater number of variables) ts a 
homogeneous function of degree h if in each term the sum of the 
indices of the independent variables is equal to h, that is, if the 
terms (apart from constant coefficients) are of the form 2’, 
arly, gh2y2,.. ., yt, These homogeneous polynomials have the 
property that the equation 


f (tx, ty) = UF (a, y) 


holds for every value of ὁ. We now say in general that a 
function f(x, y, ...) is homogeneous of degree h tf wt satisfies 
the equation 


f(t, ty,.. )Ξ ἐξα, ψ,. .). 
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Examples of homogeneous functions which are not polynomials are 
tan(¥), (b= 0), 
ΖΦ, 


αϑ sin? + ya" + Plog == ¥, (h = 2). 
y | 


Another example is the cosine of the angle between two vectors with the 
respective components 2, y, z and u, v, w: 
τς. “οὔ ee Sn (h = 0). 
Vei+y+ 28 Yui+ υ + wv 
The length of the vector with components 2, y, 2» 
Vat + νυ" + at 


is an example of a function which.is posttively homogeneous and of the 
first degree; that is, the equation defining homogeneous functions does 
not hold for this function unless ¢ is positive or zero. 


Homogeneous functions which are also differentiable satisfy 
the characteristic Huler’s relation 


tat yfyt fat... = f(a, y, 2, ...). 


To prove this we differentiate both sides of the equation 
f(tz, ty, ...)= Uf (a, y, ...) with respect to ¢ this is per- 
missible, since the equation is an identity int. Applying the 
chain rule to the function on the left, we obtain 


af,(tx, ty, ...) + yf,(ta, ty,...)4+...= At Hf (a, y, ...). 


If we substitute ¢ == 1 in this, the statement follows. 

Conversely, it is easy to show that not only is the validity of 
Kuler’s relation merely a consequence of the homogeneity of the 
function f(z, y, ...), but also the homogeneity of the function 
is a consequence of Euler’s relation, so that Huler’s relation ts 
a necessary and sufficient condition for the homogeneity of the 
function. The fact that a function is homogeneous of degree h 
can also be expressed by saying that the value of the function 
divided by x* depends only on the ratios y/z, z/z,.... It is 
therefore sufficient to show that it follows from the Euler 


relation that if new variables = ὦ, ἢ = 9 C= se ... are 
introduced, the function εὖ sa 


5 f(a, Ys ὦ, . eo .} ΞΞ al (é ῃξ, ἐξ; ee oS σίξ, Ἢ» ζ, ee .) 
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no longer depends on the variable é, i.e. that the equation σε = 0 
is an identity. In order to prove this we use the chain rule: 
1 h 
9:= (fet nfyt-- da zat 


1 h 
= (fet wt. Joa aad 


The expression on the right vanishes in virtue of Euler’s relation, 
and our statement is proved. 

This last statement can also be proved in a more elegant but 
less direct way. We wish to show that from Euler’s relation it 
follows that the function 


g(t) <a Uf (2, ¥,-- .) — f (ta, ty, 23 -) 
has the value 0 for all values of ἡ. It is obvious that σῇ) = 0. 
Again, | 
g(t) = hi f(a, y, ...) — af,(tax, ty, ...) — yf, (ta, ty,...)— oe. 


On applying Euler’s relation to the arguments tz, ty,... we 
find that 


h 
af (tv, ty,...) + yfr(tz, ty,...) +... «7 (ὦ, UY anacayy 
and thus g(t) satisfies the differential equation 


g(t) = g(t) >. 


If we write g(t) = y(t)t? we obtain g’(é) = h at) + ἐγ (ὃ, so that 
y(t) satisfies the differential equation : | 


thy’ (é) as 0, 


which has the unique solution y = const. τε 5. Since for ¢= 1 
it is obvious that y(t) = 0, the constant c is 0, and so g(t) = Ὁ 
for all values of é, as was to be proved. 


EXAMPLES 


1. Prove that if f(z, y, z,...) is a homogeneous function of degree h, 
any k-th derivative of f is a homogeneous function of degree h — k. 


2. Prove that for a homogeneous function f of the first degree 
δία + UY Syy + Sag eee Ht By fey +0. = 9. 


CHAPTER III 


Developments and Applications of the 
Differential Calculus 


1. Imeticir Functions 


1. General Remarks. 


In analytical geometry it frequently happens that the equation 
of a curve is given, not in the form y = f(z), but in the form 
F(z, y)== 0. Accordingly, a straight line may be represented 
by the equation aa + by + c= 0, or an ellipse by the equation 
w/a? + y?/b2>— 1. To obtain the equation of the curve in the 
form y = f(x) we must “solve ” the equation F(x, y) = 0 for y. 

Again, in Vol. I we considered the problem of finding the 
inverse function of a function y= f(x), in other words, the 
problem of solving the equation F(x, y) = y — f(x) = 0 for the 
variable x. These examples suggest the importance of studying 
the notion of solving an equation F(x, y)= 0 for x or for y. 
We shall now proceed to this investigation, and in section 3 
(p. 153) we shall extend the results to functions of several variables. 

In the simplest cases, such as the equations mentioned above, 
the solution can readily be found in terms of elementary func- 
tions. In other cases the solution can be approximated to as 
closely as we desire. For many purposes, however, it is preferable 
not to work with the solved form of the equation or with these 
approximations, but instead to draw conclusions about the 
solution by studying the function F(z, y) itself, in which neither 
of the variables x, y is given preference over the other. 

The idea that every function F(a, y) yields a function y = f(z) 
or x= ¢(y) given implicitly by means of the equation F(z, y)=0 
is erroneous. On the contrary, it is easy to give examples of 


functions F(z, y) which, when equated to zero, permit of no 
111 
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solution in terms of functions of one variable. Thus, for example, 
the equation «3 +- y? = 0 is satisfied by the single pair of values 
x= 0, y= 0 only, while the equation ὦ + y* + 1= 0 is satis- 
fied by no (real) values at all. It is therefore necessary to in- 
vestigate the matter more closely in order to find out whether 
an equation F(z, y) = 0 defines a function y= f(z), and what 
are the properties of this function. 


2. Geometrical Interpretation.* 


In order to clarify the situation we think of the function 
u== F(x, y) as represented by a surface in three-dimensional 
| space. The solutions of the 
equation F(x, y) = 0 are the 
same as the simultaneous 
solutions of the two equa- 
tions u= F(z, y) and u= 0. 
Geometrically, our problem 
is to find whether curves 
y = fle) or = oly) exist in 
which the surface u = F(z, y) 
intersects the zy-plane. (How 
far such a curve of inter- 
section may extend does not 
concern us here.) 
| A first possibility is that 

Fig. 1.—The surface εἰ = xy the surface and the plane 

may have no point in com- 

mon. For example, the paraboloid w= F(z,y)=¢+y+1 
lies entirely above the zxy-plane. In such a case there is 
obviously no curve of intersection. We therefore need only 
consider cases in which there is a point (0, Yo) at which 
F(X», Yo) = 0; the values 2, Yo are called an “ initial solution ”’. 

If an initial solution exists, two possibilities remain. Hither 
the tangent plane at the point (7, yo) is horizontal or it is not. 
If it is, we can readily show by means of examples that the 
solution y = f(x) or x= d(y) may fail to exist. For example, 
the paraboloid u = a2? + y* has the initial solution z= 0, y = 0, 
but has no other point in the azy-plane. Again, the surface 
u= ay has the initial solution z=0, y=0, and in fact 

* Cf. also Vol. I, Chap. X, section 5 (pp. 481-5), 
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intersects the zy-plane along the lines x= 0 and y= 0 (cf. 
figs. 1, 2). But in no neighbourhood of the origin can we represent 
the whole intersection by a function y= f(x) or by a function 
z= d(y). On the other hand, it is quite possible for the equation 
F(a, y) = 0 to have a solution, even when the tangent plane at 
the initial solution is horizontal, as, for example, in the case 
(y — x)= 0. In the (exceptional) case of a horizontal tangent 
plane, therefore, no definite general statement can be made. 

The remaining possibility is that at the initial solution the 
tangent plane is not horizontal. Then intuition tells us, roughly 
speaking, that the surface u= F(x, y) cannot bend fast enough 


y "ὦ 


Fig. 2.—Contour lines of u τα xy 


to avoid cutting the xy-plane near (x9, Yo) in a single well-defined 
curve of intersection, and that a portion of the curve near the 
initial solution can be represented by the equation y = f(x) or 
a == d(y). The statement that the tangent plane is not horizontal 
is the same as the statement that F,(%, yo) and F(x», Yo) are 
not both zero. This is the case which we shall discuss analytically 
in the next sub-section. | 


3. The Theorem of Implicit Functions. 

The general theorem which states sufficient conditions for the 
existence of implicit functions and at the same time gives a rule 
for differentiating them is as follows: 
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If F(x, y) has continuous derivatives F,, and F,, and τῇ at the 
pornt (Xo, Yo) within its region of definition the equation F(x, Yo) = 0 
18 satisfied, while F(X, yo) is not zero, then we can mark off about 
the point (Xo, Yo) @ rectangle x) SxSxy,y,S ys Yo such that 
for every x in the interval x, < x < x, the equation F(x, y)=0 
determines exactly one value y = (x) lying in the interval γι Ξ Υ 
S yz. This function satisfies the equation yy= f(xy), and for 
every x in the interval the equation 


F(a, f(x)) = 0 


18 satisfeed. The function f(x) is continuous and differentiable, 
and us derwative and differential are given by the equations 


y = f'(«) = — r and dy= df(x) = — re 


respectwely. 

We shall assume for the present that the first part of the 
theorem, relating to the existence and continuity of the implicitly- 
defined function, is already proved, and shall confine ourselves to 
proving the differentiability of the function and the differentiation 
formule; the proof of the existence and continuity of the solution 
we shall postpone to sub-section 6 (p. 119). 

If we could differentiate the terms of the equation F(z, f(x))= 0 
by the chain rule, the above equation would follow at once.* 
Since, however, the differentiability of f(x) must first be proved, 
we must consider the matter in somewhat greater detail. 

As the derivatives F, and F, have been assumed continuous, 
the function F(z, y) is differentiable. We can therefore write 


F(a+h, y+h)= F(a, y) +hP(2, y) + kF (a, y)-+ eh ek, 


where ¢, and ες are two quantities which tend to zero as ἦ and & 
do or as p = +4+/(h? + 13) does. We now confine our attention to 
pairs of values (x, y) and (ἡ - ἢ, y+ k) for which both x and 
τ h lie in the interval x, < 2 < ὧς and for which y = f(a) and 
y+k=f(x-+h). For such pairs of values we have F(z, y) = 0 
and H(z + ἢ, y+ k) = 0, so that the preceding equation reduces 


2 O= AF, + kFy + eh+ εἰ 
We assume that f(x) has been proved continuous. Hence as h 
* Cf. Vol. I, p. 483. 
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tends to 0, so does &, and with them εἰ and ες also tend to 0. If 
we divide by AF, (which by hypothesis is not zero), the last 


equation gives 
ζ F ε 
1. 3γ".ι σι δ -- ρ, 
CHE) ETE 


and on performing the passage to the limit h > 0 we have 


_ k, F, 
(cee eile ἢ; 
a ΤῊΣ ἃ 
But 
ε [Ὁ ἢ-- 7). 
A A ’ 


this proves the differentiability of f(x) and gives the required rule 
for differentiation, 


1 tim SEEM —LO _ ty Ba — Fe 
eee "τὺ *F, 
We can also write this rule in the form 
F,+ F,y =90 


or 
dF = F,dce+ F,dy = 0. 


This last equation states that in virtue of the equation F(z, y) = 0 
the differentials dx and dy cannot be chosen independently of 
one another. 

An implicit function can usually be differentiated more easily 
by using this rule than by first writing down the explicit form of the 
function. The rule can be used whenever the explicit representation 
of the function is theoretically possible according to the theorem 
of implicit functions, even in cases where the practical solution 
in terms of the ordinary functions (rational functions, trigono- 
metric functions, &c.) is extremely complicated or impossible. 

Suppose that the second order partial derivatives of F(z, y) 


exist and are continuous. In the equation ψ' = — 7 whose 


ν 
right-hand side is ἃ compound function of x, we can differentiate 


according to the chain rule and then substitute for y’ its value 
_ fs This gives 
Bowe 
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oft x — Feel — Way PoP y + Py PP 
Γι) 


as the formula for the second derivative of y = f(z). | 
In the same way we can obtain the higher derivatives of 
J (x) by repeated differentiation. 


4, Examples. 
1. For the function y = f(x) obtained from the equation of the circle 
F(2zyj=2f+y—-1=0 


we obtain the derivative 


᾿ Ρ x 
PS ΞΩΞ.. 
F, y 


This can easily be verified directly. If we solve for y, the equation 
of the circle gives either the function y= V(1— 2x?) or the function 

== — V(1 — 2*), representing the upper and lower semicircles respec- 
tively. In the first case differentiation gives 


; x 
y = — ---------ο, 
Va — #) 
and in the second case 
, x 
y= -------ς.. 
ν (1 — 2?) 
Thus in both cases ψ' = — ὦ 
y 


2. In the case of the lemniscate (Vol. I, p. 72) 
F(a, y) = (27 + y?)? — 2a7(a? — y?) = 0 


it is not easy to solve for y. For ὦ = 0, y = 0 we obtain F = 0, F,, = 0, 
F, = 0. Here our theorem fails, as might be expected from the fact that 
two different branches of the lemniscate pass through the origin. For all 
points of the curve for which y + 0, however, our rule applies, and the 
derivative of the function y = f(z) is given by 


ΤΕ. — 4u(a* + y*) — 40% 
Fi,  — 4y (a+ y®) + 4a¥y’ 


We can obtain important information about the curve from this equation, 
without bringing in the explicit expression for y. For example, maxima 
or minima may occur where y’ = 0, that is, for x = Ο or for 2? -+ y? = a@?, 
From the equation of the lemniscate, y = 0 when z = 0; but at the origin 
there is no extreme value (cf. fig. 26, Vol. I, p. 72). The two equations 


therefore give the four points (+5 V3, Ὁ 5) as the maxima and minima. 
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3. In the case of the folium of Descartes 
F(a, y) = 2+ ¥° — 3axzy = 0 
(cf. fig. 3), the explicit solution would be exceedingly inconvenient. At the 
y 


Fig. 3.—Folium of Descartes 


origin, where the curve intersects itself, our rule again fails, since at that 
point F = F, = Fy= 0. For all points at which y* + ax we have 
F, «#—ay 


y= --- 5 -Ξ- 


F 


ν 


y* — ax 


Accordingly, there is a zero of the derivative when 27 — ay = 0, or, if we 
use the equation of the curve, when 


a= ax/2, y= ar/4. 


5. The Theorem of Implicit Functions for more than Two Inde- 
pendent Variables. 


The general theorem of implicit functions can be extended to 
the case of several independent variables as follows: 

Let F(x, y, ..., Z, u) be a continuous function of the independent 
variables xX, y,..., 2, ἃ, and let ἐξ possess continuous partial 
derivatives F,, F,,..., F,, F,. For the system of values Xo, Yo. - + ; 
Zg, Ug corresponding to an interior pownt of the region of definition 
of F, let F(Xo, Yo: - - - » Zg, Up) = 0 and 


Ρ (αν» Yoo - + + > 20» Ug) ΞΕ 0. 


Then we can mark off an interval u, Su Su, about ug and a 
region R containing (Χ0» Yo. - - + » Zo) mm us interior such that for 
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every (X, y,-.., 2) m R the equation F(x, y,..., z, u)= 0 is 
satisfied by exactly one value of u in the interval u, Su< Uy. 
For this value of u, which we denote by u = f(x, y, ..., 2), the 
equation 

F(z, y, . 2-52 f (2, ¥,.++52))=0 


holds identically in R; in addition, 
Ug =f (Lo Yo - ++» %q). 


The function f 1s a continuous function of the independent variables 
X, Y,.-., 2, and possesses continuous partial derivatives given by 
the equations 

F et ff, wd: « = 0, 

Fy,+ Ff, uly = 9, 


F,+ Fif,= 0. 


For the proof of the existence and continuity of f(z, y,..., 2) 
we refer the reader to the next sub-section (p. 121). The formule 
of differentiation follow from those for the case of one independent 
variable, since we can e.g. let y,..., 2 remain constant and thus 
find the formula for ζω. 

If we wish, we can combine our differentiation formule in 
the single equation | 


Fi,dz+ Fydy+...+F,dz+ Fidu=0. 
In words: 


Lf in a function F(x, y,..., 2, u) the variables are not inde- 
pendent of one another, but are subject to the condition F = 0, 
then the linear parts of the increments of these variables are likewise 
not independent of one another, but are connected by the condition 
dF = 0, that 1s, by the linear equation 


Fide + Fldy+...4 F,dz-+ F,du=0. 


If we here replace du by the expression u,dz +. ὡς dyt... 
+ u,dz and then equate the coefficient of each of the mutually 
independent differentials dx, dy, . .. , dz to zero, we again obtain 
the above differentiation formule. 

Incidentally, the concept of implicit functions enables us 
to give a gencral definition of the concept of an algebraic function. 
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_ We say that τ = f(z, y, . . .) is an algebraic function of the inde- 
pendent variables ὦ, y, ... if wu can be defined implicitly by an 
equation F(a, y, ..., ) ΞΞ 0, where F is a polynomial in the 
arguments ὦ, y, ... , 4; briefly, if uw “satisfies an algebraic 
equation”. All functions which do not satisfy an algebraic 
equation are called transcendental. 


As an example of our differentiation formule we consider the equation 
of the sphere, 
at+ty?tw—1=0, 


For the partial derivatives we obtain 


v ¥ 
Cir? ae i re 
and by further differentiation 
1 x + u3 
tg = — ot le = τ ae 
ay = = ly = — τς, 

CP eee ke id 
Sw Tg Oe 


6. Proof of the Existence and Continuity of the Implicit Functions. 


Although in many special cases the existence and continuity 
of implicit functions follows from the fact that the equation 
F(x, y) = 0 can actually be solved in terms of the usual functions 
by means of some special device, yet it is still necessary to give 
a general analytical proof of the existence theorem stated above. 

As a first step we mark out a rectangle ὦ; ΞΞ 5 S%, γι SySy2 
in which the equation F(x, y) = 0 determines a unique function 
y = f(x). We shall make no attempt to find the largest rectangle 
of this type; we only wish to show that such a rectangle exists. 

Since F(z, y) is continuous and F,(z», Yo) ΞΕ 0, we can find 
a rectangle R, with the point P(z5, ψο) as centre, so small that in 
the whole of R the function Ff, remains different from zero and 
thus is always of the same sign. Without loss of generality we 
can assume that this sign is positive, so that Κ᾽, is positive every- 
where in R; otherwise, we should merely have to replace the 
function F by —F, which leaves the equation F(z, y) = 0 un- 
altered. Since F, > 0 on every line-segment z= const. parallel 
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to the y-axis and lying in R, the function F(z, y), considered as a 
function of y alone, is monotonic increasing. But F (2; Yo) = 0; 
hence if A is a point of R with co-ordinates z, and y, (y, < Yo) 
on the vertical line through P (ef. fig. 4), the value of the 
function at A, F(29, νι). is negative, while at the point B with co- 
ordinates 2 and y¥2 (yz > Yo) the value of the function, F (Xp; Yo), 
15. positive. Owing to the con- 
tinuity of F(z, y), it follows 
that F(x, y) has negative values 
along a certain horizontal line- 
segment y = y, through A and 
lying in R, and has positive 
values along a _line-segment 
y= y, through B and lying in 
R. We can therefore mark off 
an interval ὦ) <7 < 2, about 
, 2 80 small that for values of x in that interval the function 
F(x, y) remains negative along the horizontal through A and 
positive along the horizontal through B. In other words, 
for ὦ S22, the inequalities F(z, y,) <0 and F(z, y,) > 0 
hold. 

We now suppose that is fixed at any value in the interval 
t% S&S ὧς, and let y increase from y, to y,. The point (2, y) 
then remains in the rectangle | 


Fig. 4 


mMStSy, ψι 38 33 ". 


which we assume to be completely within R. Since Σ᾽, (xr, y)> 0, 
the value of the function F(z, y) increases monotonically and 
continuously from a negative to a positive value, and can never 
have the same value for two points with the same abscissa. 
Hence for each value of x in the interval 1, < ὦ 33 2, there is a 
uniquely determined * value of y for which the equation F(z, y) = 0 
is satisfied. This value of y is thus a function of x; we have 
accordingly proved the existence and the uniqueness of the 
solution of the equation F(x, y) = 0. At the same time the part 
played by the condition F, +0 has been clearly brought out. 


* If the restriction y, = y S y, is omitted, this will not necessarily remain 
true. For example, let F be 2? + y? — 1 and let 2) = 0, yp = 1. Then for 
—}$ Sas ὁ there is just one solution, y = f(x), in the interval 0 < y < 2; but 
if y is unrestricted, there are two solutions, y = ν (1 — x?) andy = — V(1 — 2°), 
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If this condition were not fulfilled, the values of the function at 4 
and. at B might not have opposite signs, so that F(z, y) need not 
pass through zero on vertical line-segments. Or, if the signs 
at A and at B were different, the derivative F, could change 
sign, so that for a fixed value of x the function F(x, y) would 
not increase monotonically with y and might assume the value 
zero more than once, thus destroying the uniqueness of the 
solution. 

This proof merely tells us that the function y= f(x) exists. 
It is a typical case of a pure “ existence theorem ”’, in which the 
practical possibility of calculating the solution does not come 
under consideration at all.* 

The continuity of the function f(x) follows almost at once from 
the above considerations. Let Πα, ΞΞ α 3 χᾳ΄, y, SyYS%) 
be a rectangle lying entirely within the rectangle 7, = ὦ S %, 
γι ΞΞ Υ3Ξ γε found above. For this smaller rectangle we can 
carry out exactly the same process as before in order to obtain 
a solution y = f(a) of the equation F(z, y)= 0. In the larger 
rectangle, however, this solution was uniquely determined; hence 
the newly-found function f(z) is the same as the old one. If we 
now wish e.g. to prove the continuity of the function f(x) at the 
point ὦ = 29, we must show that for any small positive number ε 
| f(x) — f (x9) | < ε, provided only that z lies sufficiently near the 
point z). For this purpose we put 


ψι =Yote and Yo =Yo—s 


and for these values y,’ and y,’ we determine the corresponding 
a-interval 2, 33 ΞΞ χα. Then by the above construction, for 
each x in this interval the corresponding f(x) lies between the 
bounds y,’ and y,’, and therefore differs from yg by less than ε. 
This expresses the continuity of f(x) at the pot rv. Since we 
can apply the above argument to any point x in the interval 
ty 33 33 ἃς, we have proved that the function is continuous at 
each point of this interval. 

The proof of the general theorem for F(z, y,..., 2, τ), 
a function with a greater number of independent variables, 
follows exactly the same lines as the proof just completed, 
and offers no further difficulties. 


* The sacrifice of the statement of such practical methods in a general proof 
is sometimes an essential step towards the simplification of proofs. 
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EXAMPLES 
I. Prove that the following equations have unique solutions for y near 
the points indicated: 
(a) A+ ayt+y=7 (2,1). 
(Ὁ) x coszy = 0 (1, 7/2). 
(c) ἂν “Ὁ logay=1 = (1, 1). 
(ὦ) “ἢ Ἢ y+ a2y=3 (1, 1). 
2. Find the first derivatives of the solutions in Ex. 1. 
3. Find the second derivatives of the solutions in Ex. 1. 
4. Find the maximum and minimum values of the function y = f(z) 
defined by the equation a? + ἂν + γῆ = 27. 


5. Show that the equation z-++ y + z= sinayz can be solved for z 
near (0, 0, 0). Find the partial derivatives of the solution, 


2. CURVES AND SuRFACES IN Impuicir Form 


1. Plane Curves in Implicit Form. 


We have previously expressed plane curves in the form 
y = f(z), which is unsymmetrical, giving the preference to one 
of the co-ordinates. The tangent and the normal to the curve 
are found to be given by the equations 


(η -- y) — (€—2)f'(xe) =0 
(η — y)f'(x) + (€— 2) = 0 


respectively, where £ and ἢ are the current co-ordinates of the 
tangent and the normal, and x and y are the co-ordinates of 
the pomt of the curve. We have also found an expression for 
the curvature, and criteria for points of inflection (Vol. I, 
Chap. V). We shall now obtain the corresponding formule 
for curves which are represented implicitly by equations of the 
type F(x, y)=0. We do this under the assumption that at 
the point in question F, and F, are not both zero, so that 
F,? + F,? + 0. 

If we suppose that F', + 0, say, we can substitute for y’ in 
the equation of the tangent at the point (x, y) of the curve its 
value —',/F,, and at once obtain the equation of the tangent 
in the form 


and 


(ξ — 2)F, + (η - y)Fy = 0. 
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Similarly, for the normal we have 
(€— a)F,— (n— 9) Fz = 9. 


Without going out of our way to use the explicit form of the 
equation of the curve, we can also obtain the equation of the 
tangent directly in the following way. Ii a and 6 are any two 
constants, the equation 


a(€ — 2) + b(n — y) = 0 


with current co-ordinates ¢ and ἡ represents a straight line 
passing through the point P(x, y). If now P is any point of the 
curve, 1.6. if F(z, y) = 0, we wish to find the line through P with 
the property that if P, is a point of the curve with co-ordinates 
o,=a2-+h and y,=y-+hk, the distance from the line to P, 
tends to zero to a higher order than p = +/(A? + k*). In virtue 
of the differentiability of the function F we can write 


F(x +h, y+ k) = F(a, y) + AF, + KP, + ep, 


where p tends to 0 as ε does. Since the two points ἢ and P, 
both lie on the curve, this equation reduces to hF, + kF, = —ep. 
As we have assumed that 7,2 - F,? + 0, we can write this last 
in the form 


F F 
πε 8S :. τ“ π--Ξ 
ΦΈΡΩ ὙΦΡΕΤΩ Ὁ 
where ες --Ξ - ___€ _____ algo tends to zero as p does. If we 
en (Fe + FY) 
ees Ce ee [86 iste hana 


FP, 

ViS+tFA Vb E+E} 
side of this equation may be regarded as the expression obtained 
when we substitute the co-ordinates of the point (z,=— ὦ - ἢ, 
¥,= y +k) for € and ἡ in the canonical form of the equation 
of the line, α(ξ --- x) -+ δίη -- y)=0. This is the distance of 
the point P, from the line. Thus the distance of P, from the 
line is numerically equal to | «,p|, which vanishes as p does to 
a higher order than p. The equation 


pane τὰ 
VEEP + ΕΔ 


FA€— 2) + Fyy—y)=9 


(€—2z)+ y) = 0 


F, G2 
V(Fe+ FY)" 
or 
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is the same as the equation of the tangent found in the preceding 
paragraph. We can therefore regard the tangent at P as that 
line * whose distance from neighbouring points P, of the curve 
vanishes to a higher order than the distance PP,. 

The direction cosines of the normal to the curve are given by 
the two equations 


cosa = _ Fe sina == _ 
VW (Be + FY)’ VA PEF FY)’ 


which represent the components of s unit vector in the direction 
of the normal; that is, of a vector with length 1 in the direction 
of the normal at the point P(x, y) of the curve. 

The direction cosines of the tangent at the point P(a, y) are 
given by 


008Ἐβ = ΒΝ sin 8 = . Fe 
V/(F 2 + F,2)’ ν 5 + F,?) 


More generally, if instead of the curve F(z, y) = 0 we 
~ consider the curve 
F(x, y) =, 


where ¢ is any constant, everything in the above discussion 
remains unchanged. We have only to replace the function 
F(x, y) by F(x, y)—c, which has the same derivatives as 
the original function. Thus for these curves the equation 
of the tangent and the normal have exactly the same forms 
as above. 

The class of all the curves which we obtain when we allow 
ὁ to range through all the values in an interval is called a family 
of curves. The plane vector with components F, and F,, which 
is the gradzent of the function F(z, y), is at each point of the plane 
perpendicular to the curve of the family passing through that point, 
as we have already seen on p. 90. This again yields the equation 
of the tangent. For the vector with components (€— z) and 
(η — y) ἴὰ the direction of the tangent must be perpendicular to 
the gradient, so that the scalar product 


(ξ -- 2)F,+ (n— ΨΥ, 
must vanish. 


* The reader will find it easy to prove for himself that two such lines can- 
not exist, so that our condition determines the tangent uniquely. 
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While we have taken the positive sign for the square root 
occurring in the above formule, we could equally well have 
taken the negative root. This arbitrariness corresponds to the 
fact that we can call the direction towards either side of the 
curve the positive direction at will. We shall continue to choose 
the positive square root and thereby fix a definite direction of the 
normal. I¢ is, however, to be observed that if we replace the 
function F(x, y) by —F(z, y) this direction is reversed, although 
the geometrical nature of the curve is unaffected. (As regards 
the sign of the normal, cf. Chap. V, section 2 (pp. 363- 4)). 

We have already seen (Vol. I, p. 159) that for a curve ex- 
plicitly represented in the form y = f(x) the condition f(t) = 90 
is a necessary condition for the occurrence of a point of unflection. 
If we replace this expression by its equivalent, 

" ΡΒ, το Ως + Pu PO 
f (x) me F,3 ? 
we obtain the equation 


Pop P42 — 2F oy Fe Fy + Fy F 2 = 0 


as a necessary condition for the occurrence of a point of inflec- 
tion. In this condition there is no longer any preference given 
to either of the two variables 2, y. It has a completely sym- 
metrical character and no longer depends on the assumption 
that F, + 0. 

If we substitute for y’ and y’’ in the formula for the curvature 
found previously (Vol. I, p. 281) 


pot, 
/(1 + 9’) 
we obtain the formula 
Ff? — 2 oy Pe By + Fy, Fe 


ΝΕ Es 7 


which is likewise perfectly symmetrical.* For the co-ordinates 


᾿ (&, ἢ) of the centre of curvature we obtain the expressions 


Fe 
ν (2 -ἘὉ FY 


* For the sign of the curvature cf. Vol. I, p. 282. 


f= 2+ p 
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F 
= -- y ᾿ 
tear PFA +E 
where 
_t 
p=). 


If the two curves F(z, y) = 0 and G(z, y) = 0 intersect one 
another at the point with co-ordinates 2, y, the angle between 
the curves is defined as the angle w formed by their tangents (or 
normals) at the point of intersection. If we recall the ex- 
pressions given above for the direction cosines of the normals 
and the formula for the scalar product (Chap. I, section 1, 
p- 8), we obtain the expression 


F,G,+ F,G, 
VE E+ PAV GE + GP 


for the cosine of this angle. Since we have taken the positive 
square roots here, the cosine is uniquely determined; this corre- 
sponds to the fact that we have thereby chosen definite directions 
for the normals and have thus determined the angle between 
them uniquely. 

By putting w= 7/2 in the last formula we obtain the 
condition for orthogonality, i.e. that the curves intersect at right 


angles, 


COSw = 


FG, + F,G, = 0. 


It the curves are to touch one another, the ratio of the dif- 
ferentials, dy: dx, must be the same for the two curves. That 


is, the condition 
dy: dx= —F,: F, = —G,:G, 


must be fulfilled. This may also be written in the form 
FG, — FG, = 9. 
As an example we consider the parabolas 
= on 
y? — 2p Ὁ Ἔ : =0 


(cf. fig. 9, p. 137), all of which have the origin as focus (‘ confocal” 
parabolas). If p, > 0 and p, < 0, the two parabolas 


P= y—2p,(0 +) = 0 and a= y— 2%, (2+ Bt) =0 
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intersect one another, and at the intersection they are at right angles to 
one another, for . 
F— p,@ 
FG, + FG, = 49, P2 + 4" — 475: — Be = 0, 
Po— Pi 
since 
F=-G=0, Po—~ Pi + 0. 


As a second example we consider the ellipse 
a 
πὲ τ 5a 1, 
The equation of the tangent at the point (2, y) is 


(&— ἡ Ἐῶ το y= 0 
or 
ed ν ans 


as we know from analytical geometry. 
We find that the curvature is 


--- αἰ 
(aty? + δα Ν᾽ 
If a > b, this has its greatest value a/b? at the vertices y = 0, x = -Ἐα. 
Its least value b/a® occurs at the other vertices z= 0, y = +b. 


2. Singular Points of Curves. 


We now add a few remarks on the singular points of a curve. 
Here we shall content ourselves with giving a number of typical 
examples; for a more thorough investigation we refer the reader 
to the appendix to this chapter (p. 209). 

In the formule obtained above the expression F,?-++ F,? 
frequently occurs in the denominator. Accordingly we may 
expect something unusual to happen when this quantity vanishes, 
i.e. when F, = 0 and F,= 0 at a point of the curve. This is 
especially brought out by the fact that at such a point the ex- 
pression ψ' = —F,/F, for the slope of the tangent to the curve 
loses its meaning. 

We say that a point of a curve is a regular point if in the neigh- 
bourhood of this point either the co-ordinate y can be represented 
as a continuously differentiable function of x, or else x can be 
represented as a continuously differentiable function of y. In 
either case the curve has a tangent, and in the neighbourhood of 
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the point in question the curve differs but little from that 
tangent. All other points of a curve are called singular points 
(or singularities). | 

From the theory of implicit functions we know that a point 
of the curve F(z, y) = 0 is regular if at that point F,, + 0, since 
we can then solve the equation so as to obtain a unique dif- 
ferentiable solution y = f(a). Sunilarly, the point is regular if 
Ff, ΞΕ 0. The singular points of the curve are accordingly to be 
sought for among those points of the curve at which the equations 


F,=0, F,=0 


are satisfied in addition to the equation of the curve. 

An important type of singularity is a multiple point, that is, 
a point through which two or more branches of the curve pass. 
For example, the origin is a multiple point of the lemniscate 


(a* + y?)? — 2a%(a? — γῇ) = 0. 


In the neighbourhood of such a point it is impossible to express 
the equation of the curve uniquely in the form y=/ (x) or 
x= Ply). j 

The truth of the rela- 
tions F,= 0 and F,=0 
is a necessary, but by no 
means a sufficient, condi- 
tion for a multiple point; 
on the contrary, quite a 
‘different type of singularity 
-Imay occur, such as a cusp. 


As an example we consider 
the curve 


ys — a = 0 


(cf. fig. 5), which has a cusp at the origin. At that point both the first 
partial derivatives of F vanish. | 


Fig. 5.—The surface y? — xP am G 


Moreover, cases may occur in which F, and F,, both vanish, 
and yet there is no striking peculiarity of the curve at the point, 
the curve being regular there. 

This is exemplified by the curve 

y? — 2! = 0 
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or, in explicit form, 
y= atl, 

From the equations (— 2)“ = 2*, y’ = 42/5 we see at once that the curve 
is symmetrical with respect to the y-axis and touches the z-axis at the 
origin, like a parabola. Yet the origin is a somewhat special point on the 
curve, since the second derivative is infinite there. The curvature is there- 
fore infinite, while the direction of the tangent exhibits no peculiarity. 
Another example is the curve (y — “}} = 0, which is a straight line and 
therefore regular throughout, even though F, = 0 and ὅς = 0 for every 
point of the line. 


As a result of this discussion we see that in the investigation 
and discussion of singular points of a curve it is not enough to 
verify that the two equations F, == 0 and F, = 0 are satisfied; 
on the contrary, each case must be studied specially (cf. Appendix, 
section 2, p. 209). ΩΝ 


3. Implicit Representation of Surfaces. 


Hitherto we have usually represented a function z= f(z, y) 
(here we write z instead of the symbol u employed above) by 
means of a surface in xyz-space. If, however, we are originally 
given not the function, but a surface in space, the preference 
which this form of expression gives to the co-ordinate z may prove 
inconvenient, just as in the case of the expression of plane curves 
in the form y= f(x). It is more natural and more general to 
represent surfaces in space by equations of the form F(z, y, 2) = 0 
or F(x, y, 2)= const., e.g. to represent the sphere by the equation 
ge +. y® + 43 .--- γῇ = 0, and not by z= + +/(r? — 2? — y*). The 
form 2 — f(x, y) = 0 can then be treated as a special case. 

In order to establish the equation of the tangent plane to 
the surface F(x, y, 2) = 0 at the point (x, y, 2), we first make the 
assumption * that at that point Κ᾽ ,.5 - F,?-+ #7 + 0; 1.6. that 
at least one of the partial derivatives, say F,, is not zero. Then 
from the equation of the surface we can determine z = f(z, y) 
explicitly as a function of ὦ and y. If in the equation of the 
tangent plane 

f= 2=(£—a)et ( -- yey 
we substitute for the derivatives z, and 2, their. values 
* The vanishing of this expression indicates the possibility that certain aingu- 


larities may occur; this, however, we shall not discuss. nee 
6 (#912) 
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ζῳ = —F,/F, and z,= —F,/F,, we obtain the equation of the 
tangent plane in the form 


(§— a)F. + (n— y)F, + (f—2)F, = 0, 


where €, ἡ, ζ are current co-ordinates. 

As in the case of the tangent to a plane curve, we can derive 
this equation directly from the implicit representation of the 
surface, by settmg ourselves the problem of finding a plane 
through the point (x, y, 2) of the surface with the property that 
the distance from the plane to the point (2+ ὦ, y+ k, 2+ ἢ 
of the surface vanishes as p = γι (ἠδ + k? + I?) does, to a higher 
order than p. 

Elementary theorems of analytical geometry (cf. Chap. 1, 
section 1, p. 9) show that the direction cosines of the normal to 
the surface, that is, of the normal to the tangent plane, are given 
by the expressions 


F, Fy 
cosa = ——_______-___..,_ cos p = —______________,, 
SW (FEE ΡῈ FD) : VF eo + By + Τὼ 
F, 
“7 EF EP FY 


In taking the positive square root in the denominator we 
have assigned a definite sense of direction to the normal 
(cf. p. 125). 

If two surfaces F(z, y, 2) = 0 and G(x, y, 2) = 0 intersect one 
another at a point, the angle w between the surfaces is defined as 
the angle between their tangent planes, or, what is the same 
thing, the angle between their normals. This is given by 


F.G_ + FyG@y + FG, 
ν 24 Fe+ BZ) (Ge+ GP + GA) 
In particular, the condition for perpendicularity (orthogonality) is 
F,G,+ F,G,+ F.G,= 0. 


COs ὦ = 


Instead of the single surface F(x, y, 2) = 0 we may consider 
the whole family of surfaces F(x, y, 2) = c, where c is a constant 
different for each surface of the family. Here we assume that 
through each point of space, or at least through every point of a 
certain region of space, there passes one and only one surface 
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of the family; or, as we say, that the family covers the region 
simply. The individual surfaces are then called the level surfaces 
of the function F(x, y, z). In Chap. II, section 7 (p. 88) we con- 
sidered the gradient of this function, that is, the vector with 
the components F,, F,, F,. We see that these components have 
the same ratios as the direction cosines of the normal; hence 
we conclude that the gradient at the point with the co-ordinates 
(x, ψ, 2) 1s perpendicular to the level surface passing through that 
point. (If we accept this fact as already proved in Chap. 1], 
section 7 (p. 90), we at once have a new and simple method for 
deriving the equation of the tangent plane, just like that given 
above (p. 124) for the equation of the tangent line.) 


As an example we consider the sphere 
a+ y+ 2— r= 0. 
At the point (2, y, z) the tangent plane is 
(ξ — x) 2x + (n — y)2y + (ζ — z)2z2=0 


fe t+ nyt &%— r=. 


The direction cosines of the normal are proportional to x, y, 2; that is, the 
normal coincides with the radius vector drawn from the origin to the point 
(x, Y, 2). 

For the most: general ellipsoid with the co-ordinate axes as principal 
axes, 


ἄς τῶ. 


the equation of the tangent plane is 


ad ¥ sd = 
fat Neat oo a ae 0. 


EXAMPLES 


1. Find the tangent plane 
(a) of the surface 
αϑ + 2ay? — 7284+ 38y+1=—0 
at the point (1, 1, 1); 
(6) of the surface 
(22 + γ᾽)" + οὗ — y® + Τὰν + 8. Ὁ 9 - :- 14 
at the point (1, I, 1); 
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(ce) of the surface | | | 

: sin*z + cos(y + 2) = 2 
at the oint (ξ a 0) 

p 6’ 3” . 
2. Calculate the curvature of the curve 
sinz + cosy =] 

at the origin. 

85, Find the curvature at the origin of each of the two branches of the 


curve 
y(ax + by) = οὐδ + eaty +- fay*® + gy’. 


4, Find the curvature of a curve which is given in polar co-ordinates 
by the equation f(r, 6) = 0. | 
δ. Prove that the three surfaces of the family of surfaces 


Ὑπὸ, νιτ εν τξου νι )-- Vert a)=o 


which pass through a single point are orthogonal to one another. 

6. The points A and B move uniformly with the same velocity, A 
starting from the origin and moving along the z-axis, B starting from 
the point (a, 0, 0) and moving parallel to the y-axis. Find the surface 
enveloped by the straight lines joining them. 

J, Prove that the intersections of the curve 
(a+ y— a? + Wary = 0 


with the line x + y = a are inflections of the curve. 
8. Discuss the singular points of the following curves: 
(a) F(x, y) = ααἢ + by® — οὖν = 0; 
(Ὁ) F(x, y) = (y? — 227)? — αὖ = 0; 
(c) F(a, y) = (1+ e)y — x = 0; 
(4) F(x, y) = y(2a — x) — αὐ = 0; 
(e) F(a, y) = (y — 22)* — αὐ = 0. 


9. Let (x, y) be a double point of the curve F(z, y) = 0. Calculate the 
angle φ between the two tangents at (7, y), assuming that not all the 


second derivatives of ¥ vanish at (x, y). 
Find the angle between the tangents at the double point (a) of the 
lemniscate, (δ) of the folium of Descartes (cf. p. 116). 


10. Determine a and ὃ so that the conics 


4a? +. dry - 3 — 10x — 10y + 11=0 
(y + ba — 1 — 6)? — aby -- ἀ -Ἐ ἢ -- ὃ) τε 


cut one another orthogonally at the point (1, 1) and have the same curva- 
ture at this point. me 
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ll. If F(z, y, z)= 1 is the equation of a surface, F being a homo- 
geneous function of degree h, then the tangent plane at the point (x, y, 2) 
is given by 

| . EF, + nly + ΤΡ, = ἢ. | a 

12. Let K’ and K” be two circles having two points A and B in com- 
mon. If a circle K is orthogonal to K’ and K”, then it is also orthogonal 
to every circle passing through A and B. ᾿ 

13. Let z be defined as a function of x and y by the equation = 

a + y® + 2° — 3xyz = 0. 


Express 2, and 2, as functions of 2, ἡ), 2. 


3. Systems or Functions, TRANSFORMATIONS, AND MaPPrINes 


1. General Remarks. 


The results we have obtained for implicit functions now enable 
us to consider systems of functions, that is, to discuss several 
functions simultaneously. In this section we shall consider the 
particularly important case of systems where the number of 
functions is the same as the number of independent variables. 
We begin by investigating the meaning of such systems in the 
case of two independent variables. If the two functions 


€=¢(@,y) and y= ψίσ, y) 


are both differentiable in a region R of the xy-plane, we can inter- 
pret this system of functions in two different ways. The first 
interpretation (the second will be given in sub-section 2, p. 138) 
is by means of a mapping or transformation. To the point P with 
co-ordinates (x, y) in the zy-plane there corresponds the image 
point II with the co-ordinates (ξ, 7) in the éy-plane. _ 

An example of such a mapping is the affine mapping or trans- 


formation peepee Ἢ 
ἡ = o@ + dy 


of Chapter I (p. 28), where a, 6, c, d are constants. _ — 
Frequently (x, y) and (€, ἡ) are interpreted as points of one 
and the same plane. In this case we speak of a mapping of the 
xy-plane on itself, or a transformation of the xy-plane into uself.* 
* It is also possible to interpret a single function ¢ = f(x) of ἃ single vari- 
able as a mapping, if we think of a point with co-ordinate ἃ on an Z-axis 88 


being brought by means of the function into correspondence with a point ¢ 
(Continued overleaf. 
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The fundamental problem connected with a mapping is that 
of its inversion; that is, the question whether and how ὦ and y 
can in virtue of the equations = (x, y) and 4 = ψίω, y) be 
regarded as functions of € and ἡ, and how these inverse functions 
are to be differentiated. 

If when the point (x, y) ranges over the region R its image 
point (&, 7) ranges over a region B of the &y-plane, we call B 
the wmage region of R. If two different pornts of R always correspond 
to two different points of B, then for each point of B we can always 
find a single point of R of which it is the image. Thus to each point 
of B we can assign the pomt of R of which it is the image. 
(This point of & is sometimes called the ‘‘ model”, as opposed 
to the “image ”’.) That is, we can invert the mapping uniquely, 
or determine z and y uniquely as functions 


a= σίξ, ἡ), y= AE, ἡ) 


of € and », which are defined in B. We then say that the original 
mapping can be uniquely inverted, or has a unique inverse, or is 
a one-to-one * mapping, and we call «= σίξ, ἡ), y= h(E, 7) 
the transformation «verse to the original transformation or 
mapping. 

If in this mapping the point P with co-ordinates (x, y) de- 
scribes a curve in the region R, its image point will likewise 
describe a curve in the region B, which is called the image curve 
of the first. For example, the curve «= c, which is parallel to 
the y-axis, corresponds to a curve in the £y-plane which is given 
in parametric form by the equations 


E= φίο, Y), > ψίο, Y), 


where y 15 the parameter. Again, to the curve y = k there corre- 


sponds the curve 
&= φίω, k), = (a, ἢ). 


If to ὁ and & we assign sequences of neighbouring values ¢,, Co, 
Cz... and ky, ke, hs, ..., then the rectangular “ co-ordinate 


on a é-axis. By this point-to-point correspondence the whole or a part of the 
z-axis is mapped on the whole or a part of the é-axis. A uniform “ scale” of 
equidistant z-values on the z-axis will in general be expanded or contracted 
into a non-uniform scale of é-values on the ¢-axis. The £-scale may be regarded 
as a representation of the function ἔ = f(x). Such a point of view is frequently 
found useful in applications (e.g. in nomography). 


* Often written (1, 1). 
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net” consisting of the lines c= const. and y= const. (e.g. 
the network of lines on ordinary graph paper) usually gives rise 
to a corresponding curvilinear net of curves in the &7-plane 


7 


Fig. 6 Fig. 7 
Nets of curves x = const. and y = const. in the xy-plane and the ¢y-plane 


(figs. 6, 7). The two families of curves composing this net of 
curves can be written in implicit form. If we represent the inverse 
mapping by the equations 


r= φ(ξ, ἢ), y= KE, ἢ), 
the equations of the curves are simply 


σίξ, n) =e and hé, ἢ) =k 
respectively. 
In the same way, the two families of lines £ = y and y= κ 
in the £y-plane correspond to the two families of curves 


A(z, Y=y ψία, y)=K 
in the zy-plane. 


As an example we consider inversion, or the mapping by reciprocal 
radw or reflection in the unit circle. This transformation is given by the 
equations 


ξ ἢ 


x 2’ ae γϑ 
To the point P with co-ordinates (x, y) there corresponds the point II 
with co-ordinates (ξ, ἡ) lying on the same line OP and satisfying the 


equation € + 7? = or ΟΝ = = so that the radius vector to P 


+ y¥ 
is the reciprocal of the radius vector to II. Points inside the unit circle 
are mapped on points outside the circle and vice versa. 

From the relation & - 7? = a we find that the inverse transfor- 
mation ts ry 
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oe 
Ea 3”. 


z= y= 


a! ee 
E24. n? 
which ts again inversion. 

For the region R we may take the whole zy-plane with the exception 
of the origin, and for the region B we may take the whole &y-plane with 
the exception of the origin. The lines § = ὁ and ἡ = k in the &y-plane 


correspond to the circles aiy—ieuo and + y*— 7 y=0 in 
| Ο 


the zy-plane respectively; at the origin these circles touch the y-axis 
and the x-axis respectively. In the same way, the rectilinear co-ordinate 
net in the zy-plane corresponds to the two families of circles touching the 
€-axis and the 7-axis respectively at the origin. 
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Fig. 8.-~-Orthogonal families of rectangular hyperbolas 


As a further example we consider the mapping 
ξ -- χα — yy, ἡ ΞΞ 2". 


The curves ἕ == const. give rise in the xy-plane to the rectangular hyper- 
bolas 2? — y* = const., whose asymptotes are the lines x = y and z = —y; 
the lines Ἢ = const. also correspond to a family of rectangular hyperbolas, 
having the co-ordinate axes as asymptotes. The hyperbolas of each family 
cut those of the other family at right angles (cf. fig. 8). The lines parallel 
to the axes in the zy- ἜΙΔΒΒ correspond to two families of parabolas in the 
En-plane, the paren 7? = 4c(c? — &) corresponding to the lines z= ὁ 
and the parabolas ἡ = 4c*(c?-+ &) corresponding to the lines y=. 
All these parabolas have the origin as focus and the €-axis as axis (a 
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family of confocal and coaxial parabolas; cf. fig. 9). For systems of 
confocal ellipses and hyperbolas cf. Ex. 5, p. 158. | 
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Fig. 9¢.— Orthogonal families of confocal parabolas 


One-to-one transformations have an important interpretation 
and application in the representation of deformations or motions 
of continuously-distributed substances, such as fluids. If we think 
of such a substance as spread out at a given time over a region 
R and then deformed by a motion, the substance originally 
spread over & will in general cover a region B different from 
Rk. Each particle of the substance can be distinguished at the 
beginning of the motion by its co-ordinates (ὦ, y) in RB, and at the 
end of the motion by its co-ordinates (ξ, 7) in B. The one-to-one 
character of the transformation obtained by bringing (2, y) into 
correspondence with (&, 7) is simply the mathematical expression 
of the physically obvious fact that the separate particles must 
remain recognizable after the motion, i.e. that separate particles 
remain separate. 


2. Introduction of New Curvilinear Co-ordinates. 


Closely connected with the first interpretation (as a mapping) 
which we can give to a system of equations é = ¢(z, y), ἡ = ψία, y) 
is the second interpretation, as a transformation of co-ordinates in 
the plane. If the functions ¢ and % happen not to be linear, this 

6*# 


(#912) 
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is no longer an “ affine” transformation, but a transformation 
to general curvilinear co-ordinates. | : 

We again assume that when (x, y) ranges over a region R of © 
the xy-plane the corresponding point (ξ, ἢ) ranges over a region 
B of the &y-plane, and also that for each point of B the corre- 
sponding (x, y) in & can be uniquely determined; in other words, 
that the transformation is one-to-one. The inverse transforma- 
tion we again denote by ὦ = g(&, ἡ), y= λί(ξ, ἡ). 

By the co-ordinates of a point P in a region R we can mean 
any number-pair which serves to specify the position of the point 
P in Καὶ uniquely. Rectangular co-ordinates are the simplest case 
of co-ordinates which extend over the whole plane. Another: 
typical case is the system of polar co-ordinates in the zy-plane, 
introduced by the equations 


τε γτ-ϑ γί(α" -" γῇ), 
n= θ -α 81 ἴδῃ (Κγ )ὺ (0 ΞΞ θ « 2π). 


When we are given a system of functions = d(x, y), 
n = y(2, y) as above, we can in general assign to each point ἢ 
(x, y) the corresponding values (£, ἢ) as new co-ordinates. For 
each pair of values (€, 7) belonging to the region B uniquely 
determines the pair (x, y), and thus uniquely determines the 
position of the point P in 10; this entitles us to call €, ἡ the co- 
ordinates of the point P. The “co-ordinate lmes” ᾧ = const. 
and = const. are then represented in the zy-plane by two 
families of curves, which are defined implicitly by the equations 
d(x, y) = const. and (2, y) = const. respectively. These co- 
ordinate curves cover the region # with a co-ordinate net (usually 
curved), for which reason the co-ordinates (ξ, ἢ) are also called 
curvilinear co-ordinates in fi. 

We shall once again point out how closely these two inter- 
pretations of our system of equations are interrelated. The 
curves in the &y-plane which in the mapping correspond to 
straight lines parallel to the axes in the xy-plane can be directly 
regarded as the co-ordinate curves for the curvilinear co-ordinates 
a= σίξ, ἡ), y= h(E, ἢ) in the &y-plane; conversely, the co- 
ordinate curves of the curvilinear co-ordinate system = ¢(z, y), 
n = u(x, y) in the zy-plane in the mapping are the images of the 
straight lines parallel to the axes in the &y-plane. Even in the 
interpretation of (£, 7) as curviliear co-ordinates in the zy-plane 
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we must consider a £7-plane and a region B of that plane im which 
the point with the co-ordinates (£, ἢ) can vary, if we wish to keep 
the situation clear. The difference is mainly in the point of view.* 
If we are chiefly interested in the region FR of the xy-plane, we 
regard ἕ, ἢ simply as a new means of locating points in the 
region R, the region B of the &y-plane being then merely sub- 
sidiary; while if we are equally interested in the two regions 
R and B in the zy-plane and the &y-plane respectively, it 18 
preferable to regard the system of equations as specifying a cor- 
respondence between the two regions, that is, a mapping of one 
on the other. It is, however, always desirable to keep the two 
interpretations, mapping and transformation of co-ordinates, 
both in mind at the same time. 


If, for example, we introduce polar co-ordinates (r, 6) and interpret r 
and § as rectangular co-ordinates in an r0-plane, the circles r = const. 
and the lines 6 = const. are mapped on straight lines parallel to the axes 
in the r6-plane. If the region καὶ of the xy-plane is the circle 2? + y? S I, 
the point (r, 6) of the r6-plane will range over a rectangle Ὁ Sr Sl, 
0 = 6 < 2x, where corresponding points of the sides θ = 0 and θ = 2π 
are associated with one and the same point of R and the whole side r = 0 
is the image of the origin x = 0, y = 0. 

Another example of a curvilinear co-ordinate system is the system of 
parabolic co-ordinates. We arrive at these by considering the family of 
confocal parabolas in the zy-plane (cf. also p. 126 and fig. 9) 


es δὴ, 
y op(2+2 


all of which have the origin as focus and the z-axis as axis. 
Through each point of the plane there pass two parabolas of the family, 
one corresponding to a positive parameter value p = & and the other to 
a negative parameter value p = 7. We obtain these two values by solving 
for p the quadratic equation which results when in the equation 
y? = 2p(x+ p/2) we substitute the values of x and y corresponding to the 
point; this gives 


ξ- --ὸᾷἰἐ - γα - γ), y= --ἰ -- ,γ(ω + γῆ). 


These two quantities may be introduced as curvilinear co-ordinates in the 
xy-plane, the confocal parabolas then becoming the co-ordinate curves. 
These are indicated in fig. 9, if we imagine the symbols (4, y) and (&, ἡ) 
interchanged. 


a There is, however, a real difference, in that the equations always define 
& mapping, no matter how many points (z, y) correspond to one point (£, 7), 
while they define a transformation of co-ordinates only when the correspondence 
is one-to-one. 
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In introducing parabolic co-ordinates (&, Ἢ) we must bear in mind that 
the one pair of values (ξ, ἡ) corresponds to the two points (x, y) and (x, —y) 
which are the two intersections of the corresponding parabolas. Hence 
in order to obtain a one-to-one correspondence between the pair (x, y) and 
the. pair (ξ, ἡ) we must restrict ourselves to the half-plane y = 0, say. 
Then every region Καὶ in this half-plane is in a one-to-one correspondence 
with a region B of the 67-plane, and the rectangular co-ordinates (ξ, ἢ) 
of each point in this region B are exactly the same as the parabolic co- 
ordinates of the corresponding point in the region R. 


3. Extension to More than Two Independent Variables. 


In the case of three or more independent variables the state 
of affairs is analogous. Thus a system of three continuously- 
differentiable functions 


f= P(x, ¥, 2), n= p(x, ν, ἡ), c= x(x, y, 2), 


defined in a region R of zyz-space, may be regarded as the mapping 
of the region R on a region B of énf-space. If we assume that 
this mapping of # on B is one-to-one, so that for each image 
point (ξ, η, 6) of B the co-ordinates (x, y, 2) of the corresponding 
point (“‘ model ” point) in & can be uniquely calculated bY means 
of functions 


Φ-Ξ γίξ, ἡ, ἢ, y= h(é,y, ἢ, 2= UE, η, ὦ, 


then (ξ, ἡ, ζ) may also be regarded as general senna of 
the point P in the region R. The surfaces € = const., ἡ = const., 
ζ = const., or, in other symbols, 


7 | f(z, ν, 2) = const., (x, y, 5) = const., x(x, ¥, 2) = const. | 


then form a system of three families of surfaces which cover 
the region R and may be called curvilinear | co-ordinate sur- 
faces. 

Just as in the case of two independent variables, we can in- 
terpret one-to-one transformations in three dimensions as de- 
formations of a substance spread continuously throughout a 
region of space. 

A very important case of transformation of co-ordinates is 
given by polar co-ordinates in space. These specify the position 
of a point P in space by three numbers: (1) the distance 

= 4/(x? + y? + 2°) from the origin, (2) the geographical longi- 
tude ¢, that is, the angle between the 2z-plane and the plane 
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determined by P and the z-axis, and @) the polar sated 8, 
that is, the angle between | 
the radius vector OP and | 
the positive z-axis. As we 

see from fig. 10, the three 
polar co-ordinates r, ¢, θ are 

related to the rectangular 

co-ordinates by the equations 

of transformation 


x= Υ cos¢ sin 6, 
y= rsing sin 8, 
z= 70088, 


Fig. 10.— Three-dimensional polar co-ordinates 


from which we obtain the inverse relations 
= = V(x + y* = 2), 


7 $m ao 008 Tes — are sin τ aay 
= ae . f(x? + 9?) 
θ = are °8 Tat te = arc sin Te ty tay 


For polar co-ordinates i in the plane the origin is an exceptional 


Ox 


one Sortedpotidense fails, since 


there. In the same way, for 
polar co-ordinates in space the 
whole of the z-axis is an ex- 
ception, since the longitude ¢ 
is indeterminate there. At the 
origin itself the polar distance 
6 is also indeterminate. 

The co-ordinate surfaces 
for three-dimensional polar co-- | 
ordinates are as follows: (1) for Fis: Pannen per era id ee 
constant values of r, the con- | 
centric spheres about the origin; (2) for constant values of 4, 
the family of half-planes through the z-axis; (3) for constant 
values of θ, the circular cones with the Z-axis as axis and the 
origin as vertex (fig. 11). 3 | 


the angle is indeterminate 
δὰ 
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Another co-ordinate system which is often used is the system 
of cylindrical co-ordinates. These are obtained by introducing 
polar co-ordinates p, ᾧ in the zy-plane and retaining z as the 
third co-ordinate. Then the formule of transformation from 
rectangular co-ordinates to cylindrical co-ordinates are 


Z= pcos, 
y = psing, 
Z= 2 


and the inverse transformation 18 
p= (27+ y*), 


φ = are cos ar 


x = ; y 
να ὁ: νυ» 
Z= 2 ; 
The co-ordinate surfaces p= const. are the vertical circular 
cylinders which intersect the zy-plane in concentric circles with 
the origin as centre; the surfaces ¢ = const. are the half-planes 
through the z-axis, and the surfaces z= const. are the planes 


parallel to the zy-plane. 


4, Differentiation Formulse for the Inverse Functions. 


In many cases of practical importance it is possible to solve 
the given system of equations directly, as in the above examples, 
and thus to recognize that the inverse functions are continuous 
and possess continuous derivatives. For the time being, there- 
fore, let us assume the existence and differentiability of the 
inverse functions. Then without actually solving the equations 
explicitly we can calculate the derivatives of the inverse functions 
in the following way. We substitute the inverse functions 
a= σί(ξ, ἢ), y= ἀ(ξ, ἢ) m the given equations = ¢(z, y), 
n= ψία, y). On the right we obtain the compound functions 
A(G(E, ἡ), ACE, n)) and ψίσ(ξ, ἡ), ACS, m)) of € and ἡ; but these 
must be equal to € and ἡ respectively. We now differentiate 
each of the equations 


ἕ Ξξ φί( (ξ, ἢ)» ἀ(ξ, n))s 
n= ψίσίξ, 7), ACE, n)) 


with respect to & and to ἡ, regarding € and 7 as independent 
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variables.* If on the right we apply the chain rule for the dif- 
ferentiation of compound functions, we obtain the system of 
equations 

i= φεθὲ + φ, ἢ; 0 -Ξ φ,0, Ἢ φιἢ,» 

0 -Ξ Po Je ἝἜ py hz, 1-- Yan a pyh, 


Solving these equations, we obtain 


a= 9,-- -- hy = -- ὅν h, = ὅ5, 


ἘΞ _ ἢ _ Ne ἐς & 
ἢ 3 D’ Y= ἢ n= pH? 


1.6. the partial derivatives of the inverse functions «= σίξ, 7) 
and y = h(€, y) with respect to € and ἢ, expressed in terms of 
the derivatives of the original functions ¢(x, y) and (x, y) with 
tespect to 2 and y. For brevity we have here written 


or 


D= ExNy ΞΞ ξγης = 


This expression D, which we assume is not zero at the point in 
question, is called the Jacobian or functional determinant of the 
functions = φία, y) and ἡ = (x, y) with respect to the variables 
x and y. 

In the above, as occasionally elsewhere, we have used the 
shorter notation &(x, y) instead of the more detailed notation 
£= ¢(z, y), which distinguishes between the quantity € and 
its functional expression ¢(z, y). We shall often use similar 
abbreviations in the future when there is no risk of confusion. 


For polar co-ordinates in the plane expressed in terms of rectangular 
co-ordinates, 


E=r=+/(a*+ y*) and = 0 = are tan®, 


* These equations hold for all values of ¢ and ἢ under consideration; as 
we say, they hold identically, in contrast to equations between variables which 
are satisfied only for some of the values of these variables. Such identical 
equations or identities, when differentiated with respect to any of the variables 
ira in them, again yield identities, as follows immediately from the 

efinition. 
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for example, the partial derivatives are 


ea τος ee Of 
ea VA Cole) ee Co) γ᾿ 
.. eS ae ere SO 
ὃ, -- αἰ or? oe δ δ 


Hence the Jacobian has the value 


and the partial derivatives of the inverse functions (rectangular co- 
ordinates expressed in terms of polar co-ordinates) are 


HH 
τ sae San ἃ μα, Yo= 2, 


as we éould have found more easily by direct arenaeuen of the inverse 
formule 2: = r cos6, y = r sin 8. | f 


The Jacobian occurs so frequently that a special symbol is 
often used for it: 
_ KE ἢ 
᾿ δία, 2) 


The appropriateness of this abbreviation will soon be obvious. 
From the formule 


é 

pF, tp 
; és 
a a oe 


for the derivatives of the inverse functions we find that the 
Jacobian of the functions = a(f, ἡ) and y= y¥(€, 7) with 
respect to € and ἡ is given by the expression 


O(a, y) eee Ζ Ζ se ἔφην ==, ἔχη oe 1 Ξ-- 1 -- Olé; uy 


That is, the Jacobian of the inverse system of functions is the recip- 
rocal of the Jacolnan of the original system. — 

In the same way we can also express the second ΕΝ 
of the inverse functions in terms of the first and second derivatives 
of the given functions. We have only to differentiate the linear 
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equations given above with respect to ¢ and to ἡ by means of 
the chain rule. (We assume, of course, that the given function 
possesses continuous derivatives of the second order.) We then 
obtain linear equations from which the required derivatives can 
readily be calculated. 

For example, to calculate the derivatives 


we differentiate the two equations __ 
1 = nt + Eve 
O= Heb; + Nye 
once again with respect to ¢ and by the chain rule obtain 
| 0= Ena te + 2S ny Hye + ἕξων + §,%¢ + Ey Yee 
O = qeete + Woy TeYe + Nev Ye? + Nee T Nee 


If we solve this system of linear equations, regarding the quantities 
tp, and yz, as unknowns (the determinant of the system is again D, 
and therefore, by hypothesis, not zero) and then replace ὧς and y; 
by the values already known for them, a brief calculation gives 


op ΞΞ — i Ene Ny" — 2ξινηοὴν + ne Ey 
D? | 22M? — 2MevNeNy + Nowe ἣν 
and 
Y= 1 Sen Ny a 2S ey Na Ny + Ey Na bx 
DF nets? — 2qeyNety + Nw Ne Ne 


The third and higher derivatives can be obtained in the same 
way, by repeated differentiation of the linear system of equations; 
at each stage we obtain a system of linear equations with the 
(non-vanishing) determinant D. 


5. Resolution and Combination of Mappings and Transformations. 


In Chapter I we saw that every affine transformation can be 
analysed into simple or, as we say, primitive transformations, the 
first of which deforms the plane in one direction only and the 
second deforms the already deformed plane again in another 
direction. In each of these transformations there is really only 
one new variable introduced. | 


146 DEVELOPMENTS AND APPLICATIONS  [Cuap. 


We can now do exactly the same thing for transformations 
in general. 

We begin with some remarks on the combination of trans- 
formations. If the transformation 


gé= P(2, ¥y), n= Xe, y) 


_ gives a one-to-one mapping of the point (ὦ, y), which ranges over 
a region R, on the point (ξ, 7) of the region B in the &y-plane, 
and if the equations 


u= Φίξ, ἡ), v= ¥(E, η) 


give a one-to-one mapping of the region B on a region R’ in the 
uv-plane, then a one-to-one mapping of R on FR’ simultaneously 
occurs. This mapping we naturally call the resultant mapping οἱ 
resultant transformation, and say that it is obtained by combining 
the two given mappings. The resultant transformation is given 
by the equations 


u= D(d(z, y), ψία, y)), v= Pde, y), ψία, ψ)); 


from the definition it follows at once that this mapping is one-to- 
one. 
By the rules for differentiating compound functions we obtain 


— = OD, ¢d, + ὦ ψ, 
an Pr + Db 
Mob. Oa: 
oy +] nry 
ΒΒ. ΤΣ 
On ἔ ee 
ov 

oy => Pedy -+- Py 


On comparing this with the law for the multiplication of deter- 
minants (cf. p. 36) we find * that the Jacobian of u and v with 
respect to ὦ and y is | 
Oudv dudv 
— ~-—. _ = (OY —- OY - ’ 
On Oy oy an ( eV, ἢ ε) (parpy pz) 


* The same result can of course be obtained by straightforward multipli- 
cation. 
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In words: 


The Jacobian of the resultant transformation is equal to the 
product of the Jacobians of the individual transformations. 


In symbols: 
O(u, v) as a(u, v) δ(ξ, ἢ) 
A(z, y) OA, ἡ) Os, y) 


This equation brings out the appropriateness of our symbol for 
the Jacobian. When transformations are combined, the Jacobians 
behave in the same way as the derivatives behave when functions of 
one variable are combined. The Jacobian of the resultant transfor- 
mation differs from zero, provided the same is true for the in- 
dividual (or component) transformations. 

If, in particular, the second transformation 


“= Φίξ, ἢ): v= ¥(E, 7) 
is the inverse of the first, 
ἕ = f(z, ψ), = ψία, y); 


and if both transformations are differentiable, the resultant 
transformation will simply be the identical transformation, that 
is, w= 2, v=y. The Jacobian of this last transformation is 
obviously 1, so that we again obtain the relation of p. 144, 


δ(ξ, η) lay) _ 
A(x, y) θ(ξ, ἢ) 


From this, incidentally, it follows that neither of the two Jacobians 
can vanish. 

Before we take up the question of the resolution of an 
arbitrary transformation into primitive transformations, we 
shall consider the following primitive transformation: 


E= f(z, y), n=y. 


We assume that the Jacobian D= ¢, of this transformation 
differs from zero throughout the region R, i.e. we assume that 
¢, > 0, say, in the region. The transformation deforms the 
region # into a region B; and we may imagine that the effect 
of the transformation is to move each point in the direction of 
the z-axis, since the ordinate is unchanged. After deformation 
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_ the point (ὦ, y) has a new abscissa which depends on both 2 
and y. The condition ¢,>0 means that when y is fixed 
€ varies monotonically with 2. This ensures the one-to-one 
correspondence of the points on a line y = const. before and 


Fig. 12.— Transformation in which the sense of rotation is preserved 


after the transformation; in fact, two points P(x,, y) and Q(z, y) 
with the same ordinate y and x, > a, are transformed into two 
points P’ and Q’ which again have the same ordinate and whose 
abscisse satisfy the inequality ἔς > €, (cf. fig. 12). This fact also 


2 


Fig. 13.— Transformation in which the sense of rotation is reversed 


shows that after the transformation the sense of rotation is the 
same as that in the zy-plane. 

If ¢, were negative, the two points P and Q would corre- 
sgond to points with the same ordinate and with abscisse &, 
and &,, but this time we should have €, > &, (cf. fig. 13). The sense 
of rotation would therefore be reversed, as we have already seen 
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in Chapter I (p. 35) for the simple ς case of affine renee: 
tions. | 
[f the primitive transformation: 


é= So . 


18 ΕΉΓΗ differentiable, and its Jacobian 4. differs ion 
zero at a pont P(Xo, Yo)s then im a neighbourhood of P the trans- 
formation has a unique inverse, and this inverse is also a promitive 
transformation of the same type. In virtue of the hypothesis 
dx + 0 we can apply the theorem on implicit functions given in 
section 1, No. 3 (p. 114), and thus find that in a neighbourhood 
of (Xp, Yo) the equation ἔ = φίω, y) determines the quantity x 
uniquely as a continuously differentiable function 4; --Ξ as y) of 
ἔ and y.* The two formule | 


z= gE, ny y= Ἶ 


therefore give us ee inverse transformation, whose determinant 
is ge = 1/6, 0. | 

-- Jf we now think of the region B in pane ΓΕ as itself 
mapped on a region & in the ue-plane by means of a ΕΠΒΗΒΥΣ 
transformation | 


“= ἐς v= HE, ἡ)» 


an we assume seat Ψ᾽, 18 ἀὐενο; che state of affairs j is just a a8 
above, except that the deformation takes place in the direction 
of the other co-ordinate. This transformation likewise preserves 
the sense of rotation (or reverses it if the relation ἊΣ - 0 holds 
. instead of ‘Y’, > 0). 

By combining the two primitive transformations we » obtain 
the transformation 7 | 


= $(2, 9); ? Se 
δε: P(e, ψ), y) = ψίω, 9); 
and from the theorem on J. acobians we see that - 
6D ὧν 
θί(α, y) Paty 


* Here we use the fact that a function with two continuous derivatives i is 
differentiable. ἢ 
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_ We now assert that an arbitrary one-to-one continuously 
differentiable transformation 


“= $(z, y), v= Ξψία, y) 


of the region & in the zy-plane on a region R’ in the uv-plane 
can be resolved in the neighbourhood of any point interior to R 
into continuously differentiable primitive transformations, pro- 
vided that throughout the whole region R the Jacobian 


Guy») ,.,.Ὸῦϑὄὅ{ 
οί 2, y) Paty Pie 


differs from zero. 

From the non-vanishing of the Jacobian it follows that at 
no point can we have both ¢,= 0 and ¢,= 0. We consider a 
point with co-ordinates (2, yp) and assume that at that point 
¢, + 0. Then by the main theorem of section 1, No. 5 (p. 117) 
we can mark off intervals z, Sra Sm, ψι SySy,4 Susu 
about 2», Yo, and Uy = U(%p, Yo) respectively, in such a way that 
within these bounds the equation u= ¢(z, y) can be solved 
uniquely for x and defines x = g(u, y) as a continuously differen- 
tiable function of ὦ and y. If we substitute this expression in 
v= (x, y), we obtain v= ψ(σ(ω, y), y) = Ῥω, y). Hence in 
any neighbourhood of the point (7, yy) we may regard the given 
transformation as composed of the two primitive transformations 


E= 4(z, 9), n=Y 
C= g, v= PE, 7). 


Similarly, in a neighbourhood of a point (x, ψο) at which 
dy + Ὁ we can resolve the given transformation into two primi- 
tive transformations of the form 


E= 2, n= φία, ψ) 
u=y, ὑ- Ῥ,(ξ, ἡ) (= ψία, y(u, 2)}). 


This pair of transformations is not exactly identical in form with 
the pairs considered above, each of which leaves one of the co- 
ordinate directions unaltered. It can easily be brought into 
that form, however, by interchanging the letters u and v (this 
interchange is itself the resultant of three very simple primitive 
transformations (cf. the footnote on p. 31)). For the purposes of 


and 
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the present chapter, however, it is more convenient not to carry 
out this resolution; instead, we write the last set of equations in 
the form 


ὃ Ξξ 2, n= φίσ, γ), 
u= - i(é; ἢ)» Ὁ ΞΞΞ ἡ, 
μπεεῦ, v= —4. 


These last represent two primitive transformations, each affecting 
one co-ordinate direction only, and also a rotation of the axes 
in the wv-plane through an angle of 90°. The rotation is 80 easy 
to deal with that it need not be split up into primitive trans- 
formations. | 

It is not to be expected that we can resolve a transformation 
into primitive transformations in one and the same way through- 
out the whole region. Since, however, one of the two types of 
resolution can be carried out for every interior point of R, every 
closed region interior to R can be subdivided into a finite number 
of sub-regions* in such a way that in each sub-region one of the 
resolutions is possible. 

From the possibility of this resolution into primitive trans- 
formations we can draw an interesting conclusion. We have seen 
that in the case of a primitive transformation the sense of rotation 
is reversed or preserved according as the Jacobian is negative or 
positive. From this it follows that in the case of general trans- 
formations the sense of rotation 1s reversed or preserved according 
as the sign of the Jacobian 1s negative or positwe. For if the sign 
of the Jacobian is positive, when the resolution into primitive 
transformations is carried out the Jacobians of the primitive 
transformations will either be both positive or both negative. (The 
rotation of the w- and v-axes through 90°, required in some cases, 
has +1 for its Jacobian and leaves the sense of rotation un- 
changed, and accordingly does not affect the discussion at all.) In 
the first case it is obvious that the sense of rotation is preserved; 
in the second case this follows from the fact that two reversals 
of the sense bring us back to the original sense. If the Jacobian 
is negative, however, one, and only one, of the primitive trans- 
formations will have a negative Jacobian and will therefore 
reverse the sense, while the other will not affect 1t. 


* This follows from the covering theorem (cf. p. 99). 
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6. General Theorem on the Inversion of Transformations and 
Systems of Implicit Functions. 


The possibility of inverting a transformation depends on 1 the 
following general theorem: | 

1 wn the neighbourhood of a point (Xo, Yo) the functions 4(x, y) 
and w(x, y) are continuously differentiable,* and Ug = $(Xq, Yo); 
Yo= Y(Xo, Yo), and uf in addition the Jacobian D = ¢,, — Py, 
as not zero at (Xq, Yo), then in a neighbourhood of the point 
(Xp, Yo) the system of equations u= (x, y), v= (x, y) has a 
unique inverse, that is, there is ἃ uniquely determined pair of 
functions x = g(u, v), y= A(u, Ὁ) such that ὅς = φίμρ, v5) and 
Yo = A(uo, Vo) and also the equations 


u= (g(u, v), A(u,v)) and v= ψίφ(ω, v), h(u, υ)) 


hold in some neighbourhood of the point (tp, vp). 

In the neighbourhood of (Ug, Vo) the so-called inverse functions 
x= σία, v), y = h(u, v) possess continuous derivatwes which are 
gwen by the expressions 


The proof follows from the discussions in No. 5 (p. 149). For 
in a sufficiently small neighbourhood of the point (2), ψο) we can 
resolve the transformation u= (x, y), v= (x, y) into continu- 
ously differentiable primitive transformations, possibly with a rota- 
tion of the u- and v-axes through 90° in addition. Each of these 
has a unique inverse, which is itself a continuously differentiable 
transformation. The combination of these inverse transformations 
at once gives us the transformation which is the inverse of the given 
one. This, being a combination of continuously differentiable trans- 
formations, is itself continuously differentiable. It then follows 
from No. 4 (p. 143) that the differentiation formule hold as stated. 

This inversion theorem is a special case of a more general 
theorem which may be regarded as an extension of the theorem 
of implicit functions to systems of functions. The theorem of 


51,6, are continuous and possess continuous derivatives. 
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implicit functions (section 1, p. 117) applies to the solution of one 
equation for one of the variables. The general theorem is as 
follows: 

OO d(x, y, u, v, ... , w) and (x, y, u, Vv, ..., Μὴ) are con- 
tinuously differentiable functions of x, y, ἃ, V, +.» 5 W, and the 
equations , 


(a, ψ, U,V, 62, 10) = 0 and ψία, ψ, U,V,..., Ww) =0 


are satisfied by a certain set of values Xo, Yo) Ug, Vor - - - » Wo and 
if in addition the Jacobian of ¢ and ψ with respect to x and y differs 
from zero at that point (that is, D= dh, — oy, + 0), then wn 
the neighbourhood of that point the equations ¢=0 and p= 0 
can be solved in one, and only one, way for x and y, and this solution 
gives x and y as continuously dufferentrable functions of u, V,...; W. 
The proof of this theorem is similar to that of the inversion 
theorem above. From the assumption that D + 0 we can conclude 
without loss of generality that at the point in question ¢, + 0. 
Then by the main theorem of section 1 (p. 117), if we restrict 
2, Y, U, v,..., w to sufficiently small intervals about Zp, Yo, Up, 
Vos « «+ > Wo respectively, the equation d(x, y, u, v,..., 10) can be 
solved i in exactly one way for ὦ as a function of the other variables, 
and this solution «= g(y, u, υ, , 10) is a continuously differ- 
entiable function of its arguments, and has the partial derivative 
Jy = -- φυ  φς. If we substitute this function x = σίψ, μι, Ὁ, . « +, 2) 
in Ψψίω, ψ, U, v,..., w), We obtain a function ψίω, y, τι, ¥,..., τ) 
= Vy, u, v,..., w), and | 


Y= eft + by = “ 


$e 

Hence in virtue of the assumption that D =: 0 we see that the 
derivative Ἦν is not zero. Thus if we restrict y, u, v,..., w to 
intervals about Yo, Uo, Vg, - - - » Wo (which we take to be smaller 
than the intervals to which they were previously restricted), we 
can solve the equation Ὁ = 0 in exactly one way for y as a 
function of u, v,..., w, and this solution is continuously dif- 
ferentiable. Substituting this expression for y in the equation 
x= σίῃ, U, v,..., w) now gives ὦ as a function of u, v,..., τ, 
and this solution is continuously differentiable and unique, 
subject to the restriction of ὦ, y, u, v,..., w to sufficiently small 
intervals about 20» Yo, Up, Vg - - - >» Wo Tespectively. 
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7. Non-independent Functions. 


It is worth mentioning that if the Jacobian D vanishes at a 
point (%, Yo), no general statement can be made about the 
possibility of solving the equations in the neighbourhood of 
that pot. Even if the inverse functions do happen to exist, 
however, they cannot be differentiable, for then the product 


os, η) O(a, y) would vanish, while by p. 147 it must be equal 
O(a, y) O(€, ἡ) 
to 1. 


For example, the equations 


u=a, oxy 
can be solved uniquely, the solutions being 
4 == γώ με, y=, 


although the Jacobian vanishes at the origin; but the function “γε is not 
differentiable at the origin. 
On the other hand, the equations 


τ Ξε χΞ-- yt, v= Qary 


cannot be solved uniquely in the neighbourhood of the origin, since the 
two points (x, y) and (—2, —y) of the zy-plane both correspond to the 
same point of the wv-plane. 


If, however, the Jacobian vanishes wdentically, that is, not 
merely at the single point (x, y), but at every point in a whole 
neighbourhood of the point (x, y), then the transformation is of 
the type called degenerate. In this case we say that the functions 
u= d(x, y) and v= d(x, y) are dependent. We first consider 
the special, almost trivial, case in which the equations 4, = 0 
and ¢,= 0 hold everywhere, so that the function ¢(z, y) is a 
constant. 

We then see that while the point (a, y) ranges over a whole 
region its image (u, Ὁ) always remains on the line u = const. 
That is, our region is mapped only on a line, instead of on a 
region, so that there is no possibility here of speaking of a one- 
to-one mapping of two two-dimensional regions on one another. 
A similar situation arises in the general case in which at least 
one of the derivatives ¢, or 6, does not vanish, but the Jacobian 
D is still zero. We suppose that at a point (2, Yo) of the region 
under consideration we have ¢,+0. It is then possible to 
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resolve our transformation into two primitive transformations 
= φίω, y), n=y and u= ξ, v=, 7) just as in No. 5 
(p. 150), for there we made use only of the assumption ¢, + 0. 
In virtue of the equation D= φ,ψ, ΞΞ- 0, however, %, must 
be identically zero in the region where ᾧ, ΞῈ Ὁ; that is, the 
quantity = v does not depend on 7 at all, and v is a function 
of £=ualone. Our result is therefore as follows: _ 

If the Jacobian of the transformation vanishes identically, a 
region of the xy-plane is mapped by the transformation on a curve 
in the uv-plane instead of on a region, since in a certain interval 
of values of «u only one value of v corresponds to each value 
of wu. Thus 1} the Jacobian vanishes identically the functions are 
not independent, v.e. a relation 


F(¢, $) = 0 


exists which is satisfied for all systems of values (x, y) in the above- 
mentioned region. For if F(u, v) = 0 is the equation of the curve 
in the wv-plane on which the region of the zy-plane is mapped, 
then for all points of this region the equation 


is satisfied, i.e. this equation is an identity in 2 and y. 

The exceptional case discussed separately at the beginning 
is obviously included in this general statement. The curve in 
question is then just the curve u = const., which is a parallel to 
the v-axis. 

An example of a degenerate transformation is 

E=a+y, n=(et+y). 


According to this transformation all the points of the xy-plane are mapped 
on the points of the parabola ἡ = & in the Ey-plane. An inversion of the 
transformation is out of the question, for all the points of the line z+ y 
= const. are mapped on a single point (&, ἡ). As we can easily verify, the 
value of the Jacobian is zero. The relation between the functions ξ and ἡ, 
in accordance with the general theorem, is given by the equation 
FE, Ὁ = ξ -- ὀηΞ 0. 


8. Concluding Remarks. 


The generalization of the theory for three or more independent 
variables offers no particular difficulties. The chief difference 
is that instead of the two-rowed determinant D we have deter- 
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minants with three or more rows. In the case of transformations 
with three independent variables, 


f= φίω, ψ, 2), n= ψία, ψ, ), C= X(z, Ψ, 2) 
t= φίξ, ἡ, 6) y=h(é,n, ἢ, 2= UE, η, ὃ, 


the Jacobian is given by the equation 


py Pe Xo | 
_ O& ἡ, ἢ 
τα dy Vy χυ].- 


φ, ψ, Xz 


In the same way, for transformations 


E, = (1, ἃ... . ., πρὶ (= ]} 9 
t= 9481, £---5 En) . eae ae 


with ἢ independent variables the Jacobian is 
ay Oy δ, 
: δ, ᾿ ay 

o(€,, «ΠῚ En) _ Ody Obs aoe Opn 


OG; Las 0G: Pa) Oty’ ας," ᾿ δα, 
ah Oy δ, 
OL, Oy ” On 


For more than two independent variables it is still true that 
when transformations are combined the Jacobians are multiplied 
together. In symbols, 


O(&;, ἔξ, aie: En) : O(n, War «+39 Nn) = “Hg; £5, erste fn) 
O(N» Ney ++ +> Mn) (2, Bq, ..., Gp) θίαι, Lay». « , Ln) 


In particular, the Jacobian of the inverse transformation is the 
reciprocal of the Jacobian of the original transformation. 

The theorems on the resolution and combination of trans- 
formations, on the inversion of a transformation, and on the 
dependence of transformations remain valid for three and more 
independent variables. The proofs are similar to those for the 
case m= 2; to avoid unnecessary repetition we shall omit them 
here. | 

In the preceding section we have seen that the behaviour of 
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a general transformation in many ways resembles that of an 
affine transformation, and that the Jacobian plays the same part 
as the determinant does in the case of affine transformations. 
The following remark makes this even clearer. Since the functions 
€= ¢(2, y) and ἡ = (2, y) are differentiable in the See 
hood of (%», yo), we can express them in the form 


ξ - &= (x — Xo) dalZq; Yo) + (Y — Yo) PulXo, Yo) 
+ εν -- Bo)? + (ᾧ — Yo)", 


ἡ -- No = (ὦ --- ἀρ) PalZq, Yo) + (Y — Yo) PulXo» Yo) 
+ 8V (a — ao)? + (y — Yo)’, 


where ε and ὃ tend to zero with +/{(x — a)* + (y — ψο)}- 
This shows that for sufficiently small values of | --- 2x,| and 
| y — ψο the transformation may be regarded, to a first approxi- 
mation, as affine, since it can be represented marae by 
the affine transformation 


E= Eg + (ὦ — Xq)ha(Zo, Yo) + (Ψ — Yo)oulZo: Yo); 
N= No + (ὦ — Lo)Pa(Xp, Yo) + (Y — ψο)ψν(συ» Yo)s 


whose determinant is the Jacobian of the original transformation. 


EXAMPLES 
1. Tf f(x)isa continuously differentiable function, then the transformation 
uw = f(x), v= —y + af (2) 


has a single inverse in every region of the 2y- pee in which f(x) + 0. 
The inverse transformation has the form 


a= gu), y= —v+ ug(u). 


2. A transformation is said to be “ conformal” (see p. 166) if the 
angle between any two curves is preserved. 
() Prove that the inversion 


soar pe ᾿ 7 
is a conformal transformation. | 
(b) Prove that the inverse of any circle is another circle or a straight 
line. | 
᾿ (6) Find the Jacobian of the inversion. 
3. Prove that in a curvilinear triangle which is formed by three circles 
passing through one point O, the sum of the angles is x. 


a an 
a + γῇ 
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4, A transformation of the plane 
u= φία, ¥), v= (x, y) 
is conformal if the functions φ and ᾧ satisfy the identities 


Pe = Vys Py = — Veer 
δ. The equation 


2 
sg ee a (a > δ) 


determines two values of ¢, depending on x and y: 


= A(z, y);, 
t, = μία, y). 


(a) Prove that the curves ἔς = const. and ἔς = const. are ellipses and 
hyperbolas all having the same foci (confocal conics). 

(6) Prove that the curves ἡ) = const. and ἐς = const. are orthogonal. 

(c) ἢ, and ἐς may be used as curvilinear co-ordinates (so-called “focal’”’ 
co-ordinates). Express 2 and y in terms of these co-ordinates. 

Oty, ty) . | 

(4) Express the Jacobian ea in terms of x and y. 

(e) Find the condition that two curves, which are represented para- 
metrically in the system of focal co-ordinates by the equations 


ty = f,(A), te = fx{A) and 4 = ρι(μ), ty = θε(μ)» 
are orthogonal to one another. 
6. (a) Prove that the equation in ¢ 


a2 y? 22 


= > 
a—t b-—t c—t : (ὁ 5 6 ee) 


has three distinct real roots ¢,, t, f;, which lie respectively in the intervals 
—e ctenccti<cbb<ete<a, 


provided that the point (x, y, z) does not lie on a co-ordinate plane. 

(Ὁ) Prove that the three surfaces 4, = const., ἐς = const., ἔς = const. 
passing through an arbitrary point are orthogonal to one another. 

(c) Express 2, y, 2 in terms of the “ focal co-ordinates ” t,, tg, ts. 


7. Prove that the transformation of the zy-plane given by the equations 


x 
ἐπ (στ ata) υπὶὲ( τ) 
(a) is conformal; 
(b) transforms straight lines through the origin and circles with the 
origin 89 centre in the zy-plane into confocal conics ¢ = const. given by 
ξ3 η 


ἽΕΙ ἊΝ oe δὲ 
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8. Inversion in three dimensions is defined by the formulz 
ἔς 5 =~“ τεπτὰτα 
“ep yp pe apy pe ᾿ αδῇ νὴ εἷ 
Prove that 


(a) the angle between any two surfaces is unchanged; 
(b) spheres are transformed either into spheres or into planes. 


9. Prove that if all the normals of a surface z= u(x, y) meet the 
z-axis, then the surface is a surface of revolution. 


4, APPLICATIONS 


1. Applications to the Theory of Surfaces. 


In the study of surfaces, as in that of curves, parametric 
representation is frequently to be preferred to other types of 
representation. Here we need two parameters instead of one; 
we denote them by u and v. A parametric representation may be 
expressed in the form 


a= d(u,v), y= ψίω, v), z= xu, υ), 


where ¢, ψ, and x are given functions of the parameters ὦ and v 
and the point (u, v) ranges over a given region F in the we-plane. 
The corresponding point with the three rectangular co-ordinates 
(x, y, 2) then ranges over a configuration in zyz-space. In general 
this configuration is a surface, which can be represented in the 
form z= f(z, y), say. For we can seek to solve two of our three 
equations for u and v in terms of the two corresponding rect- 
angular co-ordinates. If we substitute the expressions thus found 
for u and v in the third equation, we obtain an unsymmetrical 
representation of the surface, z= f(z, y), say.* Hence in order 
to ensure that the equations really do represent a surface, we 
have only to assume that the three Jacobians 


du do Py be Xu Xo 
Wu Pe Xu Xv Pu dy 


do not all vanish at once; in a single formula, that 
(φ,ψυ — Peis)? + (PuxXe — ψυχω) aT (XuPo iF XoPu)? > 0. 


Then in some neighbourhood of each point in space represented 


3 


ϑ 


* This is actually a special case of the parametric form, as we see by putting 
z=uandy = v, 
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by our three equations it is certainly possible to express one of 
the three co-ordinates uniquely in terms of the other two. 


A simple example of parametric representation is the representation of 
the spherical surface 2* + y? + χᾶ = γ8 of radius r by the equations 


z=rcosusinvy, y=rsinusinv, z= rcosv 
(OSu<2n, OSvS7), 


where v = θ is the polar distance and u = ¢ is the geographical longitude 
of the point on the sphere (cf. p. 141). 

This example exhibits one of the advantages of parametric representa- 
tion. The three co-ordinates are given explicitly as functions of u and v, 
and these functions are single-valued. If v runs from 7/2 to x we obtain 
the lower hemisphere, 1.6. z = — V(r? — 2? — y*), while values of v from 
0 to x/2 give the upper hemisphere. Thus with the parametric representa- 
tion it is not necessary, as it is with the representation z= + V (7? — 22 — y?), 
to consider two “ single-valued branches ἡ of the function in order to 
obtain the whole sphere. 

We obtain another parametric representation of the sphere by means of 
stereographic projection. In order to project the sphere 22+ y?-+ 27— γῆξε 0 


Fig. 14.-—Stereographic projection of the sphere 


stereographically from the “north pole” (0, 0, r) on the “ equatorial 
plane” z= 0, we join each point of the surface to the north pole N by 
a straight line and call the intersection of this line with the equatorial 
plane the stereographic image of the corresponding point of the sphere 
(fig. 14). We thus obtain a one-to-one correspondence. between the points 
of the sphere and the points of the plane, except for the north pole N. 
Using elementary geometry, we readily find that this correspondence is 
expressed by the formule . | | 


gO (δὲ ol ae 
ΕΝ ΤΣ OO wp eT’ 


where (wz, v) are the rectangular co-ordinates of the image-point in the plane. 
These equations may be regarded as a parametric representation of the 
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sphere, the parameters u and v being recta co-ordinates in the 
uv-plane. 
As a further example we give parametric representations of the surfaces 


Fig. 15.—Hyperboloid of one sheet Fig. 16.—Hyperboloid of two sheets 


sheets respectively (cf. figs. 15 and 16). The hyperboloid of one sheet is 
represented by ; 


evte? 
ἢ ἘΞ a cos ---π-- = @ COS& cosh, 
͵ ervte? ᾿ 0 Ξε «- ὃπ 
y = bsinu = ὃ sinw cosh», | 
—-%®*<v< +o 
ev— ev : 
2=C = c sinh»; 


the hyperboloid of two sheets by 


ev + ον 


ὦ -Ξ ἃ ---ς---- = acoshy, 
ev — οτῦ , 0Ξ κε -- ὃπ 
y = bcosu = ἢ cosu sinh», a 
—eoe<v<c+o 
z= csinu —>—— = csinw sinhe. 


In general, we may regard the parametric representation of 


a surface as the mapping of the region R of the uv-plane on the 
7 (2912) 
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corresponding surface, where, as always, the word mapping Is 
understood to mean a point-to-point correspondence. To each 
point of the region R of the uv-plane there corresponds one point 
of the surface, and in general the converse 1s also true.* 

In the same way, a curve u= u(t), v= v(t) in the wv-plane 
corresponds in virtue of the equations x = (u(t), v(t)) = (2), . 
to a curve on the surface (cf. p. 85). In particular, in the 
representation of the sphere by means of polar co-ordinates 
the meridians are represented by the equation «= const. and 
the parallels of latitude by v== const. This net of curves 
thus corresponds to the system of parallels to the axes in 
the wv-plane. 

The representation of a curve on a given surface is one of the 
most important methods for thorough investigation of the proper- 
ties of the surface. Here we shall give only the expression for s, 
the length of arc of such a curve. As we mentioned in Chap. IT, 
section 7 (p. 86), we have 


ὡ- τῶ ὦ 


so that in virtue of the equations 


we obtain 


(i) -*(a) +a at a): 


where for the sake of compactness we have introduced the 
Gaussian fundamental quantities of the surface, 


a= (5) + (Gh) + Gi): 


rF— Ou On , Oy Oy , Oz Oz 
~ uv | dudv | udv’ 


da\2 . (ay\2, (dz\2 
G — Some os -- a “1h ae e 
ov Ov ov 
-* This, of course, is not always the case. For example, in the representa- 


tion of the sphere by polar co-ordinates (p. 160) the poles of the sphere corre- 
spond to the whole line-segments v = 0 and v = a respectively. 
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These are independent of the particular choice of the curve on 
the surface, and depend only on the surface itself and its para- 
metric representation. The above expressions for the derivative 
of the length of arc with respect to the parameter are usually 
expressed symbolically by omitting the reference to the parameter 
¢ and saying that the “ line element ” ds on the surface is given 
by the “ quadratic differential form ”’ | 


ds? = Edu? + 2F dudv + Gdv*. 


¥or the direction cosines of the normal to a surface given 
in the form (x, y, z)= 0 we have already obtained (p. 130) 
the expressions 


cosa = Pe cos β — ee, ee 
V/(O2Z+ 074 0,7) J/(O2+ OF + 02) 
cosy = Oe . 
VOF+ OF + OA) 


To obtain these direction cosines in the case of parametric re- 
presentation, we suppose that the surface given by the equations 
z= du, v), y= ψίω, v), z= x(u, v) is written in the form 
O(z, y, 2) = 0. The equation 


D(d(u, υ), ψίω, υ), χίω, v)) = 0 


is then an identity in w and v, and by differentiation we 
obtain 


D, φ, + D, x, + Φ, Xu = 0, 
Φ, φ. + OD, pb, as Φ, χυ = 0. 


From these it follows at once that (cf. Chap. I, section 3, p. 26) 


D, = p(Puxe — Xun); Dy = ρίχωφυ --- φυχο); 
Φ, a P( Pulte = DuPr)s 


where p is 8 suitably chosen multiplier. From the definition of 
E, F, G we find by direct expansion that 


(ψωχυ — XuPo)® + (χυφ. — PuXe)® + (putty — Yudbe)? = EG — τ, 
and combining this with the preceding equation, we have 
024 07 + 07 = p(EG — F”). 


164 DEVELOPMENTS AND APPLICATIONS  [Cuap 


Thus we finally obtain the formule for the direction cosines of 
the normal to the surface in the form 


(ona = tuXv — χυψυ cos B = XuPo — Puxe 


/ (EG — FY’  A/(EG — FY 
cos y= ΞΕ φιψ. --- Pubs they, dy 
/ (EG — F?) 


The equations «= g(t), v = A(t), as we have seen, represent 
@ curve on the surface. The direction cosines of the tangent to 
this curve are given according to the chain rule by the expressions 


icon So Sa ee 
ds dtds 4/(Euw2+ 2Fu'v' + Οὐ 
es ψωμ + yd’ = Zu + 2,0" 
adi \/ Eu’? +- 2Fu'v’ + Οὐ} ΣῈ /(Eu'2+-2Fu'v' + Ου3} 


If we now 


Here for brevity we have put “0 = μ΄, πρὶ = 0, 
consider a second curve on the surface, given by the equations 
u= 9,(t), v = h,(), whose tangent has the direction cosines cos ay, 
cos βι» cosy,, and if we use the abbreviations 


ἀρ), ἀν 
dt dé : 


3 


then the cosine of the angle between the two curves is given by the © 
cosine of the angle between their tangents, that is, by 


COSw = cosa cosa, + cos β cos B, + cosy cosy, 
Eu! + Fluo’ + ud) + Gov’ 
ey, (Bu? + 2F ud + Οὐδ) «/(Eu’2 + 2Fu'e’ + Οὐ} 


where all the quantities on the right are to be given the values 
which they have at the point of intersection of the two curves. 

In particular, we may consider those curves on the surface 
which are given by equations τ = const. or v = const. If in our 
parametric representation we substitute a definite fixed value 
for τι, we obtain a three-dimensional or twisted curve lying on 
the surface and having v as parameter; and a corresponding 
statement holds good if we substitute a tixed value for v and 
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+ 


allow u to vary. These curves u = const. and v = const. are the 
parametric curves on the surface. The net of parametric curves 
corresponds to the net of par- 
allels to the axes in the wv-plane 
(fig. 17). 

The mapping of one plane 
region on another may be re- 
garded as a special case of 
parametric representation. For 
if the third of our functions 
x(u, Ὁ) vanishes for all values of 
uw and v under consideration, then 
as the point (wu, v) ranges over its 
given region the point (ὦ, y, 2) 
will range over a region in the 
zy-plane. Hence our equations 
merely represent the mapping of 
a region of the wv-plane on a region of the zy-plane; or if we 
prefer to think in terms of transformations of co-ordinates, the 
equations define a system of curvilinear co-ordinates in the wv- 
region, and the inverse functions (if they exist) define a curvi- 
linear uwv-system of co-ordinates in the plane xy-region. In terms 
of the curvilinear co-ordinates (u, v) the line element in the 
zy-plane is simply 

85 = Καὶ αι + 2Fdudv + Gdv?, 


Fig. 17.—-Parametric curves u = const., 
Ὁ = const. 


where 3 P 
r= (+) 
Ou dv 
_ θα | Oy oy 
— Oudv dude’ 


_ [ex\? oy\? 
(2+ (2 


As a further example of the representation of a surface in parametric 
form we consider the anchor ring or torus. This is obtained by rotating a 
circle about a line which lies in the plane of the circle and does not intersect 
it (cf. fig. 18). Lf we take this axis of rotation as the z-axis and choose the 
y-axis in such a way that it passes through the centre of the circle, whose 
y-co-ordinate we denote by a, and if the radius of the circle is r < | a|, 
we obtain in the first instance 


a= 0, y—a=rcos0#, z=rasin§ (0930 < 2π) 
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as a parametric representation of the circle in the yz-plane. Now letting 
the circle rotate about the z-axis, we find that for each point of the circle 
x? -+- y® remains constant, that is, 
w+ y2 = (a+ Ὑ 608 θ), Thus if 
the angle of rotation about the 
z-axis is denoted by 9 we have 


Z 


x= (a + Υ 608 θ) sing, 
y = (a+ Ὑ 005 θ) cosg, 

OS 9 < 2x 
2=5 r sin @ 0sS0< 2r 


as a parametric representation of 

the anchor ring in terms of the 

parameters θ and 9. Im this re- 

presentation the anchor ring ap- 

Fig. 18.—Generation of an anchor ring by PC4TS as the image of a square of 

the rotation of a circle side 2x in the 0g-plane, where any 

pair of boundary points lying on 

the same line θ = const. or » = const. corresponds to only one point 

on the surface, and the four corners of the square all correspond to the 
same point. 

For the line element on the anchor ring we have 


ds? = r2d§? + (a + rcos6)?dq?, 


2. Conformal Representation in General. 


A. transformation 
ξ ΞΞ φία, y); y= ψία, ψ) 


is called a conformal transformation if any two curves are trans- 
formed by it into two others which make the same angle with 
each other as the original ones do. 

Theorem.—A necessary and sufficient condition that our (con- 
tinuously differentiable) transformation should be conformal is 
that the Cauchy-Riemann equations 


bx — py = 0, Py + Y.= 0 


dx + py = 0, dy — tz = 0 


hold. In the first case the direction of the angles is preserved, 
in the second case the direction is reversed.* 
Proof.—We assume that the transformation is conformal. 


or 


* This last statement follows directly from the statements on p. 151 con- 
cerning the sign of the Jacobian ᾧ, ψν — dy dz. 
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Then the two orthogonal curves € = const., ἡ = const. in the 
€n-plane must correspond to orthogonal curves ¢(z, y) = const. 
and (x, y) = const. in the zy-plane. 

Hence from the formula for the angle between two curves 
(p. 126) it follows immediately that 


ba Pe Τ' py Py = 0. 


In the same way, the curves corresponding to € + ἢ = const. 
and €— ἡ = const. must be orthogonal. This gives 


(φ. an We)(be """ Ba) + (dy ἘΝ ψυ)ίφυ "" by) =< 0, 
and therefore 
be + φ,2 = Ba + ψ ἢ. 


The first of our equations can be written in the form 


Pe ae Ay, by is — Abe, 


where A denotes a constant of proportionality. Introducing this 
in the second equation, we immediately get A? = 1, so that one 
or other of our two systems of Cauchy-Riemann equations holds. 

That the equations are a sufficient condition is confirmed by 
the following remark: 

If two curves in the zy-plane are given by equations 
F(x, y) = 0, G(x, y) = 0 and if according to our transformation 
F(a, y) = O(€, n), G(x, y) = T(E, η), then by using the Cauchy- 
Riemann equations we readily obtam 


F2+ FP= (O? + Φ ῥ)(φο" + ¢,7), 
Gi” A G? == (P? ss Γ ᾿)(φ, = φ,2), 
FG,+ F,G, — (ὦ a OT )(o." ἘΝ py’); | 
therefore 
ΓΟ, + PG, 2 ee OP. + DT, 
ν( ee Τ' fF (6, “ie Gi?) ν(Φ, a ®,?)/( ᾿ εἶ ae Γ 2) 
That is, the curves F=0, G=O and their images ᾧ = 0, 
Γ = 0 make the same angle with each other. 


EXAMPLES 
1. (a) Prove that the stereographic projection of the unit sphere on 
the plane is conformal. 


(6) Prove that circles on the sphere are transformed either into circles 
or into straight lines in the plane. 
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‘(c) Prove that in stereographic projection reflection of the spherical 
surface in the equatorial plane corresponds to an inversion in the wv-plane. 


(ὦ) Find the expression for the line element on the sphere in terms of 
the parameters wu, v 


2. Calculate the line element — 
(a) on the sphere 
ἃ; τὶ cosusiny, y = sinu sinv, 2 = cosy; 
- (δ) on the hyperboloid 
x= cosu cosh», y = sinu cosh», z = sinh; 
(6) on 8 ‘surface of revolution given by 
r= V (x2 + y?) = f(r), 


using the cylindrical co-ordinates z and 90 = arc tan ~ ἕ as co-ordinates on 
the surface; 


(d)* on the quadric ἐς = const. of the family of alia quadrics given by 


“2 y? ge 
: Ξε ες tal I 
oe po et 


using ¢, and ἐς as co-ordinates on the quadric (cf. Ex. 6, p. 158). 
3. Prove that if a new system of curvilinear co-ordinates 7, 8 is intro- 
duced on a surface with parameters u, v by means of the equations 


u= ur, 8), v= u(r, 8), 
then — 


HQ’ — PF? = (BG — Py area ar 
alr, 8) 


vices KE’, F’, G’ denote the fundamental quantities taken with respect to 
r,s and HL, F, G those taken with respect to u, v 


4, Let ¢ be a tangent to a surface S at the point P, and consider the 
sections of 8 made by all planes containing ¢. Prove that the centres of 
curvature of the different sections lie on a circle. 


5. If tis a tangent to the surface S at the point P, we call the curvature 
of the normal plane section through ἐ (i.e. the section through ¢ and the 
normal) at that point the “‘ curvature (k) of S in the direction ¢”. For 
every tangent at P we take the vector with the direction of t, initial point P, 


and length 7 . Prove that the final points of these vectors lie on a conic. 


6*, A curve is given as the intersection of the two surfaces 
e+ yX+ 25--} 
ax* + by? + cz* = 0. 
Find the equations of 
(a) the tangent, 
(δ) the osculating plane, at any point of the curve. 
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δ. Famitres of Curves, Fammies or SURFACES, AND 
THEIR HNVELOPES | | 


1. General Remarks. 


On various occasions we have already considered curves or 
surfaces not as individual configurations, but as members of a 
family of curves or surfaces, such as f(7, y) = c, where to each 
value of c there corresponds a different curve of the family. 

For example, the lines parallel to the y-axis in the zy-plane, that is, the 
lines z = ὁ, form a family of curves. The same is true for the family of 
concentric circles z* + y* = οὗ about the origin; to each value of ὁ there 
corresponds a circle of the family, namely the circle with radius c. Similarly, 
the rectangular hyperbolas zy = c form a family of curves, sketched in fig. 2, 
p. 113. The particular value c = 0 corresponds to the degenerate hyperbola 
consisting of the two co-ordinate axes. Another example of a family of 
curves is the set of all the normals to a given curve. If the curve is given 
in terms of the parameter ὁ by the equations & = φί(έ), ἡ = v(t), we obtain 
the equation of the family of normals in the form 


(x — (t)) φΊ(ἐ) + (y — Ψ(()) ψ (ἡ) = 9, 
where ¢ is used instead of ὁ to denote the parameter of the family. 


The general concept of a family of curves can be expressed 
analytically in the following way. Let 


F (2, y, ¢) 


be a continuously differentiable function of the two independent 
variables x and y and of the parameter c, this parameter varying 
in ἃ given interval. (Thus the parameter is really a third indepen- 
dent variable, which is lettered differently simply because it plays 
a different part.) Then if the equation 


f(z, y, ce) = 0 


for each value of the parameter 6 represents a curve, the aggregate 
of the curves obtained as c describes its interval is called a family 
of curves depending on the parameter c. 

The curves of such a family may also be represented in para- 
metric form by means of a parameter t of the curve, in the form 


z= d(t,c), y= wit, o), 


where c is again the parameter of the family. If we assign ὁ a 
7° (2912) 
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fixed value, these equations represent a curve with the parameter ¢. 
For example, the equations 
%=ccost, y=csini 


represent the family of concentric circles mentioned above; again, the 
equations | l 


x= cl, YF 


represent the family of rectangular hyperbolas mentioned above, except 
for the degenerate hyperbola consisting of the co-ordinate axes. 


Occasionally we are led to consider families of curves which 
depend not on one parameter but on several parameters. For 
example, the aggregate of all circles (x — a)? + (y — δ)3 = οὗ 
in the plane is a family of curves depending on the three para- 
meters a, ὃ, ὁ. If nothing is said to the contrary, we shall always 
understand a family of curves to be a “ one-parameter ” family, 
depending on a single parameter. The other cases we shall dis- 
tinguish by speaking of two-parameter, three-parameter, or multi- 
parameter families of curves. 

Similar statements of course hold for families of surfaces in 
space. If we are given a continuously differentiable function 
f(a, y, 2, ο), and if for each value of the parameter ὁ in a certain 
definite interval the equation 7 


F(x, y, 2, c) = 0 


represents a surface in the space with rectangular co-ordinates 
x, y, 2, then the aggregate of the surfaces obtained by letting ὁ 
describe its interval is called a family of surfaces, or, more precisely, 
a one-parameter family of surfaces with the parameter c. For 
example, the spheres z*-+ y*-+ 253 = οὗ about the origin form 
such a family. As with curves, we can also consider families of 
surfaces depending on several parameters. 


Thus the planes defined by the equation 
ax+ by +VY1I—a— Bz+1=0 


form a two-parameter family, depending on the parameters ὦ and 3, if 
the parameters ὦ and ὃ range over the region a? + 6? <1. This family of 
surfaces consists of the class of all planes which are at unit distance froni 
the origin.* 


* Sometimes a one-parametric family of surfaces is referred to as 00 surfaces, 
a two-parametric family as «* surfaces, and so on. 
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2. Envelopes of One-Parameter Families of Curves. 


If a family of straight lines is identical with the aggregate of 
the tangents to a plane curve H—as e.g. the family of normals of 
a curve C is identical with the family of tangents to the evolute 
E of C (cf. Vol. I, p. 308)—we shall say that the curve £ is the 
envelope of the family of lines. In the same way we shall say that 
the family of circles with radius 1 and centre on the z-axis, that 
is, the family of circles with the equation (ὦ — c)*-++ γῇ -- 1= 0, 
has the pair of lines y= 1 and y= —1, which touch each of 


{5} 


(LLYN 
NNW, 


y=-9 


Fig. 19.—Family of circles with envelope 


the circles, as its envelope (fig. 19). In these cases we can obtain 
the point of contact of the envelope and the curve of the family 
by finding the intersection of two curves of the family with 
parameter values ὁ and c-++ h/ and then letting h tend to zero. 
We may express this briefly by saying that the envelope is the 
locus of the intersections of neighbouring curves. © 

With other families of curves it may again happen that a 
curve £ exists which at each of its points touches some one of the 
curves of the family, the particular curve depending of course 
on the point of # in question. We then call Μ΄ the envelope of 
the family of curves. The question now arises of finding the 
envelope αὶ of a given family of curves f(z, y, c) = 0. We first 
make a few plausible remarks, in which we assume that an 
envelope £ does exist and that τὸ can be obtained, as in the 
above cases, as the locus of the intersections of neighbouring 
curves.* We then obtain the point of contact of the curve 


* Since this last assumption will be shown by examples to be too restrictive, 
we shall shortly replace these plausibilities by ἃ more complete discussion. 
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F(x, y, ¢) = 0 with the curve £ in the following way. In addition 
to this curve we consider a neighbouring curve f(x, y, c + ἢ) = 0, 
find the intersection of these two curves, and then let ὦ tend to 
zero. The point of intersection must then approach the point 
of contact sought. At the point of intersection the equation 


ΓΟ, y, e+ ἢ -- [Ο, νὴ _ 9 
ἦ 


is true as well as the equations f(x, ψ, ὁ + h) = Oand f(z, y, 6) =0 
In the first equation we perform the passage to the limit h — 0. 
Since we have assumed the existence of the partial derivative ἔς, 
this gives the two equations 


I (a, Y; 6) — 0, Sex, VE c) = 0 


for the point of contact of the curve f(z, y, c)—=90 with the 
envelope. If we can determine 2 and y as functions of c by means 
_ of these equations, we obtain the parametric representation of a 
curve with the parameter c, and this curve is the envelope. By 
elimination of the parameter c it can also be represented in the 
form σία, y) = 0. This equation is called the “ discriminant ” of 
the family, and the curve given by the equation g(x, y) = 0 is 
called the “‘ discriminant curve ”’. 

We are thus led to the following rule: in order to obtain the 
envelope of a family of curves f(x, y, c) = Ὁ, we consider the two 
equations f(x, y, c)=0 and f,(x, y, c)=0 semultaneously and 
attempt to express x and y as functions of ὁ by means of them or to 
eliminate the quantity c between them. 

We shall now replace the above heuristic considerations by a 
more complete and more general discussion, based on the definition 
of the envelope as the curve of contact. At the same time we shall 
learn under what conditions our rule actually does give the 
envelope, and what other possibilities present themselves. 

We assume to begin with that £ is an envelope which can be 
represented in terms of the parameter c by two continuously 
differentiable functions 


| %= 2c), y= y(c), 


dx \? dy\? : 
where qe + 7 + 0, and which at the point with para- 


meter c touches the curve of the family with the same value of the 
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parameter c. In the first place, the equation f(x, y, c)=9 18 
satisfied at the point of contact. If in this equation we substitute 
the expressions z(c) and y(c) for x and y, it remains valid for all 
values of ὁ in the interval. On differentiating with respect to ὁ 
we at once obtain 

da dy 

-- —~ + f,= 0. 

feet ha +f 
Now the condition of tangency is 
da dy 
Si & de = } ν dc 


for the quantities dz/dc and dy/dc are proportional to the direction 
cosines of the tangent to E and the quantities f, and f, are pro- 
portional to the direction cosines of the normal to the curve 
f(a, y, ©) = 0 of the family, and these directions must be at right 
angles to one another. It follows that the envelope satisfies the 
equation f, = 0, and we thus see that the rule given above is a 
necessary condition for the envelope. 

In order to find out how far this condition is also sufficient, 
we assume that a curve E represented by two continuously dif- 
ferentiable functions x= 2(c) and y= y(c) satisfies the two 
equations f(x, y, 6) = 0 and f,(z, y, c) = 0. In the first equation 
we again substitute 2(c) and y(c) for x and y; this equation then 
becomes an identity inc. If we differentiate with respect to ὁ 
and remember that f, = 0, we at once obtain the relation 


dx ἀν 
faz Ἔν τς - 0, 


which therefore holds for all points οὗ Εἰ. If the two expressions 
et f,? and (da/dc)? + (dy/dc)? both differ from zero at a point 
of #, so that at that point both the curve E and the curve of the 
family have well-defined tangents, this equation states that the 
envelope and the curve of the family touch one another. With 
these additional assumptions our rule is a sufficient condition for 
the envelope as well as a necessary one. If, however, f, and ἢν 
both vanish, the curve of the family may have a singular point 
(cf. section 2, p. 128), and we can draw no conclusions about 
the contact of the curves. 

Thus after we have found the discriminant curve it is still 
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necessary to make a further investigation in each case, in order 
to discover whether it is really an envelope or to what extent 
it fails to be one. 

In conclusion we state the condition for the discriminant 
curve of a family of curves given in parametric form 


a= φί(ί, 6), y= v(t, ὃ), 
with the curve parameter ¢. This is 


φιψς — fe += 0. 


We can readily obtain it e.g. if we pass from the parametric 
representation of the family to the original expression by elimina- 
tion of ¢. 


3. Examples. 


1. (vw —c)? + y%=1. As we have seen on ἢ. 171, this equation re- 
presents the family of circles of unit radius whose centres lie on the z-axis 
(fig. 19). Geometrically we see at once that the envelope must consist of 
the two lines y= 1 and y= —1. We can verify this by means of our 
rule; for the two equations (a — c)?-+ y= 1 and —2(z—c)=0 im- 
mediately give us the envelope in the form y? = 1. 


y 


C; Co Cs C4 C5 


Fig. 20.—-Family of parabolas with envelope 


2. The family of circles of unit radius passing through the origin, 
whose centres, therefore, must lie on the circle of unit radius about the 
origin, is given by the equation | 

(% — cosc)? + (y — sinc)? = 1 


or 
x? + y* — 2a cose — Ὧν sinc = 0. 


The derivative with respect to c equated to zero gives 2 sine — y cosc = 0, 
These two equations are satisfied by the values x=0 and y= 0. 
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If, however, x? ++ 4° + 0, it readily follows from our equations that 
sinc = y/2, cose = 2/2, so that on eliminating c we obtain 27+ y? = 4. 
Thus for the envelope our rule gives us the circle of radius 2 about the 
origin, as is anticipated by geometrical intuition; but it also gives us the 
isolated point z= 0, y = 0. 

3. The family of parabolas (2 — c)* — 2y = 0 (cf. fig. 20) also has an 
envelope, which both by intuition and by our rule is found to be the z-axis. 


4, We next consider the family of circles (2 — 2c)? - y2—c=0 


Fig. 21.—The family (x — 2c)? + y?¥ —c? = 0 


(cf. fig. 21). Differentiation with respect to ὁ gives 2x — 3c = 0, and by 
substitution we find that the equation of the envelope is 


_ αὖ 
w= -’ 


that is, the envelope consists of the two lines y = a xand y= — 7 x. 
The origin is an exception, in that contact does not occur there. 

5. Another example is the family of straight lines on which unit length 
is intercepted by the z- and y-axes. If «= c is the angle indicated in 
fig. 22, these lines are given by the equation 

ieee et ee Ἢ 
cosa sing 


The condition for the envelope is 


sin « COS a 
Sa ee = Q, 
cos? a sin? « 
which, in conjunction with the equation of the lines, gives the envelope in 


parametric form, 
z= costa, y= βίπϑα. 
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Fig. 22.---Ατὸ of the astroid as envelope of straight lines 


From these we obtain the further equation 
gs 4 7/8 — 1, 


This curve is called the astroid (cf. Vol. 1, Chap. V, Ex. 6, p. 267). It 
consists (figs. 23, 24) of four symmetrical branches meeting in four cusps. 


Fig. 23.—Astroid Fig. 24.—-Astroid as envelope of ellipses 


6. The astroid 2°” + y7 — 1 also appears as the envelope of the 
family of ellipses | 
a —_ 
a (1-- ΟΣ - 


whose semi-axes c and (1 — c) have the constant sum 1 (fig. 24). 
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7. The family of curves (x — c)? — ὃ = 0 shows that in certain oir- 
cumstances our process may fail to give an envelope. Here the rule gives 


y 


Fig. 25.—The family (x — οὐ — »᾽ = 0 


the z-axis. But, as fig. 25 shows, this is not an envelope; it is the locus 
of the cusps of the curves of the family. 


8. In the case of the family 
( -- ο)" -- γ ΞΞ 0 
we again find that the discriminant curve is the z-axis (cf. fig. 26). This 
y 


C; Ce δι Cs C6 


Fig. 26.—The family (x — c)*— 77 = 0 


is again the cusp-locus; but it touches each of the curves, and in this 
sense must be regarded as the envelope. 

9. Another example, in which the discriminant curve consists of the 
envelope plus the locus of the double points, is given by the family of 


i at [at + (y — c)'](w@— 2) +2=0 


178 DEVELOPMENTS AND APPLICATIONS  [Cuap. 


(cf. fig. 27). All the curves of the family are similar to each other and 
arise from one another by translation parallel to the y-axis. By differen- 
tiation we obtam f, = —2(y — c)(z# — 2)=0, 
so that we must have either x= 2 or y= 6. 
The line z = 2 does not enter into the matter, 
however, for no finite value of y corresponds 
to «= 2. We therefore have y= ὁ, so that 
the discriminant curve is 27(2 — 2)+ 2= 0. 
This curve consists of the two straight lines 
z=0 and «=1. As we see from fig. 27, 
only x= 0 is the envelope; the line x= 1 
passes through the double points of the curves. 


Fig. 27.—Family of strophoids Fig. 28.—Family of cubical parabolas 


10. The envelope need not be the locus of the points of intersection 
of neighbouring curves; this is shown by the family of identical parallel 
cubical parabolas y — (x — c)®= 0. No two of these curves intersect 
each other. The rule gives the equation f, = 3(a — ΟΞ = 0, so that the 
x-axis y = 0 is the discriminant curve. Since all the curves of the family 
are touched by it, it is also the envelope (fig. 28). 


11. The notion of the envelope enables us to give a new definition for 
the evolute of a curve Ο (cf. Vol. I, pp. 283, 307 et seg.). Let C be given 
by z= 9(t), y = ψ(). We then define the evolute # of C as the envelope 
of the normals of C. As the normals of C are given by 


{x — φ(ῇ} et) + ty — HO} = 0, 
the envelope is found by differentiating this equation with respect to ἐ: 
0 = {x — pft)} p(t) + {Ly — ψ() »Ψ΄ (ἢ) — φ' (ἢ) — (2). 


From this equation and the preceding one we obtain the parametric re- 
presentation of the envelope, 


ey als ke ’p 
x =: p(t) ᾧ () bo’ "ΝΜ op’ = @ V (9? ae 2)’ 
ἡ Sites ih, eae φΐρ 
= () ena το δα ee τς οὶ 
y H(z) Ge φί ) yo’ -- of’ ψ Ἔ V (92 + (p’2) 


where 
_ (oe? 1 φη 
pp’ oar φ' Ψ' 


-- 
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denotes the radius of curvature (cf. Vol. I, p. 281). These equations are 
identical with those given in Vol I, p. 283 for the evolute. 


12. Let a curve C be given by z = φ(ί), y = Y(t). We form the envelope 
E of the circles having their centres on C and passing through the origin O. 
Since the circles are given by 


a? + ψῆ — 2xo(t) — 2y(t) = 0, 


the equation of # is 
x(t) + y(t) = 0. 


Hence if P is the point (¢(t), Ψ(δ)) and Q(z, y) the corresponding point 
of H, then Οὐ is perpendicular to the tangent to C at P. Since by definition 
PQ = PO, PO and PQ make equal angles with the tangent to C at P. 

If we imagine O to be a luminous point and C a reflecting curve, then 
QP is the reflected ray corresponding to OP. The envelope of the reflected 
rays is called the caustic of C with respect to O. The caustic 1s the evolute 
of H. For the reflected ray PQ is normal to £#, since a circle with centre 
P touches # at Q, and the envelope of the normals of £ is its evolute, as 
we saw in the preceding example. 

For example, let C be a circle passing through Ὁ. Then £ is the path 
described by the point O’ of a circle C’ congruent to C which rolls on C 
and starts with O and O’ coincident. For during the motion O and O’ 
always occupy symmetrical positions with respect to the common tangent 
of the two circles, Thus # will be a special epicycloid, in fact, a cardioid 
(cf. Vol. I, p. 267, Ex. 2 and 3). As the evolute of an epicycloid is a similar 
epicycloid (cf. Vol. I, p. 311, Ex. 1), the caustic of Οἱ with respect to O is in 
this case a cardioid. 


4, Envelopes of Families of Surfaces. 


The remarks made about the envelopes of families of curves 
apply with but little alteration to families of surfaces also. If 
in the first instance we consider a one-parameter family of surfaces 
f(z, y, 2, €)= 0 in a definite interval of parameter values c, we shall 
say that a surface Μ΄ is the envelope of the family if 1t touches 
each surface of the family along a whole curve, and if further 
these curves of contact form a one-parameter family of curves on 
E which completely cover 2. 


An example is given by the family of all spheres of unit radius with 
centres on the z-axis. We see intuitively that the envelope is the cylinder 
x? +- y2 — 1 = 0 with unit radius and axis along the z-axis; the family 
of curves of contact is simply the family of circles parallel to the zy-plane, 
with unit radius and centre on the z-axis.* 


* The envelopes of spheres of constant radius whose centres lie along curves 
are called tube-surfaces. 
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As in sub-section 2 (p. 172), if we assume that the envelope 
does exist we can find it by the following heuristic method. We 
first consider the surfaces f(z, y, 2, 6) == 0 and f(a, y, z, e+ h)=0 
corresponding to two different parameter values ὁ and c+ ἢ. 
These two equations determine the curve of intersection of the 
two surfaces (we expressly assume that such a curve of inter- 
section exists). In addition to the two equations above, this 
curve also satisfies the third equation 


I (a, y, % 6 - ἢ) — f(a, y, τ, ὁ 0 
— Προ πΠπτ ὩΣ" 


If we let h tend to zero, the curve of intersection will approach a 
definite limiting position, and this limit curve is determined by 
the two equations 


F(a, Y> 7, c) = 0, Κα, Y, 2, 6) = 0. 


This curve is often referred to in a non-rigorous but intuitive 
way as the intersection of “neighbouring ” surfaces of the 
family. It is still a function of the parameter c, so that all the 
curves of intersection for the different values of c form a one- 
parameter family of curves in space. If we eliminate the quantity 
ὁ from the two equations above we obtain an equation, which 
is called the “discriminant ”. As in sub-section 2 (p. 172), we 
can show that the envelope must satisfy this discriminant 
equation. 

Just as in the case of plane curves, we may readily convince 
ourselves that a plane touching the discriminant surface also 
touches the corresponding surface of the family, provided that 
fe+ f+ f22 + 0. Hence the discriminant surface again gives 
the envelopes of the family and the loci of the singularities of 
the surfaces of the family. 


As a first example we consider the family of spheres 
e+ y+ (z—cP?—1=0 
mentioned above. To find the envelope we have the additional equation 
| —2(z —c) = 0. 


For fixed values of ὁ these two equations obviously represent the circle 
of unit radius parallel to the zy-plane at the height z = c. If we eliminate 
the parameter c between the two equations, we obtain the equation of the 
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envelope in the form 2*+ y2— 1= 0, which is the equation of the 
right circular cylinder with unit radius and the 2-axis as axis. 


While for families of curves the formation of the envelope 
has a meaning only for one-parameter families, in the case of 
families of surfaces it is also possible to find envelopes of two- 
parameter families f(x, y, Z, 61» 62) ΞΞ- Ο. If, for example, we consider 
the family of all spheres with unit radius and centre on the 
ay-plane, represented by the equation 


(ω --- 4)? + (ν - e+ τῇ ---ῚἸ -Ξ Ο, 


intuition at once tells us that the two planes z= 1 and z= —1 
touch a surface of the family at every point. In general we shall 
say that a surface HZ is the envelope of a two-parameter family 
of surfaces if at every point P of Καὶ the surface H touches a surface 
of the family in such a way that as P ranges over E the parameter 
values 01» ¢, corresponding to the surface touching E at P range 
over a region of the ¢,¢,-plane, and in addition different points 
(c,, 62) correspond to different points P of ΕΗ. A surface of the 
family then touches the envelope in a poet and not, as before, 
along a whole curve. 

With assumptions similar to those made in the case of plane 
curves, we find that the point of contact of a surface of the family 
with the envelope, if it exists, must satisfy the equations 


F(Z, ν. 2%, Gy) = 9, I, οἷ, ψ, 2, Cy, 5) = 0, ἡ PACA Y; 2, Cy, Ca) = 0. 


From these three equations we can in general find the 
point of contact of each separate surface by assigning the corre- 
sponding values to the parameters. If, conversely, we eliminate 
the parameters c, and ¢,, we obtain an equation which the en- 
velope must satisfy. β 

For example, the family of spheres with unit radius and centre on the 
xy-plane is given by the equation 

f(%, Y, τ, Cyy 63) = (ὦ — οὐ) + (Y — P+ 5 — 1=0 
with the two parameters c, and c,. The rule for forming the envelope 
gives the two equations 

Sos = --λία -- σ) Ξε Ο and Ses = —22A(y — c,) = 0. 
Thus for the discriminant equation we have 2? — 1 = 0, and in fact the 


two planes z= 1 and z= —1 are envelone, as we have already seen 
intuitively. 
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EXAMPLES 


1. Let z= u(x, y) be the equation of a tube-surface, i.e. the envelope 
of a family of spheres of unit radius with their centres on some curve 
y = f(z) in the zy-plane. Prove that 


ur(u,* - ρὲ + 1) = 1. 


2. (a) Find the envelope of the two-parameter family of planes for 


which 
OP + OQ + OR = const. = I, 


where P, Q, R denote the points of intersection of the planes with the 
co-ordinate axes and O the origin. 
(Ὁ) Find the envelope of the planes for which 


OP? + 0@7 + OR? = 1. 


3. Let C be an arbitrary curve in the plane, and consider the circles 
of radius p whose centres lie on C. Prove that the envelope of these circles 
is formed by the two curves parallel to C at the distance p (cf. the 
definition of parallel curves, Vol. I, p. 291). 

4*, A family of straight lines in space may be given as the intersection 
of two planes depending on a parameter ?: 


a(t) + Wty + c(t2 = 1 
A(t) + e(t)y + fz = 1. 


Prove that if these straight lines are tangents to some curve, i.e. possess 
an envelope, then ; 
a—d b—-e c—f 
a’ b’ σ΄ |= 0. 


5*. A family of planes is given by 
xcost-+ ysiné-+ z= 4, 


where ¢ is a parameter. 

(a) Find the equation of the envelope of the planes in cylindrical co- 
ordinates (7, z, 6). 3 

(Ὁ) Prove that the envelope consists of the tangents to a certain 
curve. 

6. Lf a body is always thrown from the same initial position with the 
same initial velocity but at different angles, its trajectories form a family 
of parabolas (it is assumed that the motion always takes place in the same 
vertical plane). Prove that the envelope of these parabolas is another 
parabola. 

7*. Find the envelope of the family of spheres which touch the three 
spheres 
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8: (ὦ -- 3" Ὁ φ' Ὁ τ 
Sy 2+ (y— ZF + 2%= 7% 
89: αὐ + y? + (2 -- 5)} ΞΞ Ξ. 
8. If a plane curve C is given by x= f(t), y = g(t), its “ polar re- 
ciprocal ’? C’ is defined as the envelope of the family of straight lines 
ξ [(ἢ + no) = 1, 
where (&, ἢ) are current co-ordinates. 
(a) Prove that C is the polar reciprocal of C” also. 
(Ὁ) Find the polar reciprocal of the circle 


(x — a? + (y— bP = 1. 
(c) Find the polar reciprocal of the ellipse 


6 Maxima anp MINIMA 


1. Necessary Conditions. 


The theory of maxima and minima for functions of several 
variables, like that for functions of a single variable, forms one 
of the most important applications of differentiation. 

We shall begin by considering a function u = f(x, y) of two 
independent variables z, y, which we shall represent by a surface 
in zyu-space. We say that this surface has a maximum with the 
co-ordinates (29, yo) if all the other values of u in a neighbour- 
hood of that point (all round the point) are less than u(%po, Yo). 
Geometrically, such a maximum corresponds to a “ hill-top”’ on 
the surface. In the same way, we shall call the point (29, yo) a 
minimum if all other values of the function in a certam neigh- 
bourhood of P,(xo, yo) are greater than Uy = U(X, Yo). Just as 
with functions of one variable, these concepts always refer only 
to a sufficiently small neighbourhood of the point in question. 
Considered as a whole, the surface may very well have points 
which are higher than the hill-tops. Analytically, we formulate 
our definition as follows, so that it applies to functions of more 
than two independent variables: 

A function u= f(x, y, ...) has a maximum (or a mimimum) 
at the point (Xo, Yo: - - -) of at every point in a neighbourhood of 
(Xo, Yo. - - +) the phe assumes a smaller value (or a larger 
value) than at the point itself. : , 
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If in the neighbourhood of (2, yo, - . .) the function assumes 
values which are not greater than the value of the function at the 
point (but may be equal to it), we say that the function has an 
improper maximum at the point. We define an improper minimum 


in a similar way. 


We again emphasize that this definition refers to a suitably chosen 
neighbourhood of the point, extending in all directions about the point. 
Thus in a closed region the value of a maximum may very well lie below 
the greatest value assumed by the function in the region.* If the greatest 
value is reached at a point P, of the boundary, it need not be a maxi- 
mum in the sense defined above, as we have already seen for functions of 
one variable. For if the function is defined in the closed region only, we 
cannot find a complete neighbourhood of P, in which the function is 
defined; and if, on the other hand, the closed region is contained in a larger 
region in which the function is defined, then in this larger region the 
function may not have a maximum at P,, as the following example shows. 
The function τὸ = —2z-—-y is defined over the whole zy-plane, but we 
consider it only in the square 0 <2 1,0 y <1. In this closed region 
it reaches its greatest value 0 at the origin. This greatest value, however, 
is not a maximum. For if we consider a neighbourhood all round the 
origin, we find that the function assumes values greater than zero. If, 
however, we know that the greatest or least value of a function is 
assumed at a single point interior to the region, that point must necessarily 
be a maximum or a minimum in the sense defined above. 


We shall first give necessary conditions for the occurrence of 
an extreme value. (Asin the case of functions of one variable, we 
use the terms f extreme value, extreme point when we do not wish 
to distinguish between maxima and minima.) That is, we find 
conditions which must be satisfied at a point (2, Yo, . . .) if there 
is to be an extreme value at that point. The equations 


Fu(Zq, Yor 29» - - +) a 0, 
ἡνίαν; Yo 2q ++ .) = 0, 
ΛΟ Yo: 20» -’ .) = 0, | 


are necessary conditions for the occurrence of a maximum or mini- 
mum. of a differentiable function ἃ = ἘΣ, y, z,...) at the point P, 
uth co-ordinates (Xo, Yo. Ζ0» » » .). 


* We already know (cf. p. 97) that a continuous function always assumes 
a greatest and a least value in a closed region. 

ft On the other hand, as will be seen later (p. 186), the terms stationary value, 
stationary point include points which are neither maxima nor minima. ὦ 
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In fact, these conditions follow at once from the known 
conditions for functions of one independent variable. If we 
consider the variables y, z, ... as fixed at the values Yo, 20» - - + 
and regard the function in the neighbourhood of Py as a function 
of the single variable x, this function of x must have an extreme 
value at the point x= 20, and by our previous results we must 
have fo(%, Yo. 20» - - -) = 0. 

Geometrically, the vanishing of the partial derivatives in the case of 


functions of two independent variables means that at the point (Zo, ¥o) 
the tangent plane to the surface u = f(z, y) is parallel to the zy-plane. 


For many purposes it is more convenient to combine the 
conditions in one equation. This equation is 


df (xo, Yor 2, « - -) =Sx(Lo, Yor 29» - - -)EL+ Sfiy(Los Yo. 20» - - -)aY 
| +A SAL, Yo. 2 ---)d2+...= 0. 


In words: at an extreme point the differential (linear part of the 
wmcrement) of the function must vanish, no matter what values 
we assign to the differentials dx, dy, dz, ... of the independent 
variables x, y, z,.... Conversely, if the above equation is satis- 
fied for arbitrary values of dx, dy, . . . it follows that at the given 
point f, = f,=...=0. We have only to take all but one of 
the (mutually independent) variables equal to zero. 
In the equations 


SX; Yoo ZO» 5. .) ἘΞ 0, 

ΔῸΣ Yoo 9» - - .) = 0, 

κίων. Yo: 20» - - ) — 0, 
there are as many unknowns 2:0» Yp, 2, - - - a8 there are equations. 
As a rule, therefore, we can calculate the position of the extreme 


points by means of them. But a point obtained in this way need 
not by any means be an extreme point. 


We consider e.g. the function «= zy. Our two equations at once give 
x =.0, y= 0. In the neighbourhood of the point 2 = 0, y = 0, however, 
the function assumes both positive and negative values, according to the 
quadrant. The function therefore has not an extreme value there. The 
geometrical representation of the surface u = zy, which is a hyperbolic 
paraboloid, shows that the origin is a saddle point (cf. fig. 1, p. 112). 


It is useful to have a simple expression for a point at which 
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the above equations are satisfied, irrespective of whether the 
function has an extreme point or not. We accordingly say that 
if there is a point (2%, Yo, 2, - - .) at which f, = 0, f, = 0, f, = 0, 
..., or at which 


df= f,de+tf,dytf,dz+...=0, 


the function has a stationary value at that (stationary) point 
(cf. footnote, p. 184). 

Every point interior to a closed region at which a differentiable 
function assumes its greatest or its least value is a stationary 
point. 

To decide whether and when our system of equations really | 
gives an extreme value, we must make further investigations. 
In many cases, however, the state of affairs is clear from the 
outset, in particular, if we know that the greatest or least value 
of the function must be assumed at an interior point P of the 
region and find that our equations determine only a single 
stationary system 2= %, Y= Yo, - -- - This system of values 
must then determine the pomt P, which is necessarily a stationary 
point. If such considerations do not apply, however, we must 
investigate the matter more closely; this we postpone to the 
appendix to this chapter (p. 204). Meanwhile we shall illustrate 
the foregoing results by means of some examples. 


2. Examples. 


1, For the function ὦ = 2? + y? the partial derivatives vanish only 
at the origin, so that this point alone can be an extreme point. The function 
actually has a minimum, for at all points (x, y) different from (0, 0) the 
function u = 2* + y* must be positive, being a sum of squares. 


2. The function : | 
u= V(1l—a—y?), (27+ γῇ <1) 
has the partial derivatives 


es a seve ¥ 
“eT _ gop Vain Pl Py 
να — a? — y?) V(1 — 2? — y?) 


and these vanish only at the origin. Here we have a maximum, for at all 
other points (x, y) in the neighbourhood of the origin the quantity 
1 — a? — y* under the square root is less than it is at the origin. 


3. We wish to construct the triangle for which the product of the sines 
of the three angles is greatest; that is, we wish to find the maximum of 
the function 

f(x, y) = sing siny sin(z + y) 
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in the regionO SzSn,0SySr,0Se+ySn. Since f is positive 
in the interior of this region, its greatest value is positive. On the boundary 
of the region, where the equality sign holds in at least one of the in- 
equalities defining the region, we have f(z, y) = 0, so that the greatest 
value must lie in the interior. 

If we equate the derivatives to zero, we obtain the two equations 


cos2 siny sin(x + y) + sina siny cos(% + y) = 0, 
sin cosy sin(x + y) + sina siny cos(% + y) = 0. 


Since O< a<n,O0O<y<n,0<2+y < π, these give tana = tany, 
or x== y. If we substitute this value in the first equation, we obtain the 
relation sin3z = 0; hence « = y= 5 is the only stationary point, and 
the required triangle is equilateral. 

4. Three points P,, P,, P;, with co-ordinates (x, ¥1), (Xap Ye), and (2X5, Ys) 
respectively, are the vertices of an acute-angled triangle. We wish to 
find a fourth point P with co-ordinates (x, y) such that the sum of its 
distances from P,, P,, and P, is the | 
least possible. This sum of distances 
is a continuous function of zx and y, 
and at some point P inside a large 
circle enclosing the triangle it has a 
least value. This point P cannot lie 
at a vertex of the triangle, for then 
the foot of the perpendicular from one 
of the other two vertices on to the Hig. 59: Thiee-vectare with egal 
opposite side would give a smaller sum magnitudes and sum zero 
of distances. Again, P cannot lie on 
the circumference of the circle, if this is sufficiently far away from the 
triangle. With the distances 


r= γί — a) + (Ψ -- ψὺ" 
we now form the function 
f(z ψ) Ξξ πὶ Ἔ 2+ τῷ 


which is differentiable everywhere except at P,, P,, and P;. We know 
that at the point P the partial derivatives with respect to x and y must 
vanish. Thus by differentiating f we obtain the conditions 


Ai Semel Le ee 4 


" Vo ΤᾺ 


for P. According to these equations the three plane vectors 241. 362, δέ. 
with components 
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T—%y ¥Y¥—Y tT—X% Y—- Ye &—%, Y— Ys 
2. Fe - ὸ ἜΤΙ ποτὸν oe το τῷ a ποτ - 
[47 7 ΥΩ Ts 7s 73 


respectively, have the vector sum 0. Also, these vectors are each of unit 
length. When combined geometrically, then, they form an equilateral 
triangle; that is, each vector is brought into the direction of the next by 
ἃ rotation through $7 (fig. 29). Since these three vectors have the same 
directions as the three vectors from P,, P., Ps; to P, it follows that each of 
the three sides of the triangle must subtend the same angle 2x at the 
point P, 


ὃ. Maxima and Minima with Subsidiary Conditions. 


The problem of determining the maxima and minima of 
functions of several variables frequently presents itself in a 
form differing from that treated above. If e.g. we wish to find the 
point of a given surface d(x, y, z) = 0 which is at the least distance 
from the origin, then we have to determine the minimum of the 
function 


705, y, 2) = ν (α" + γῇ + 24), 


where the quantities z, y, z, however, are no longer three in- 
dependent variables, but are connected by the equation of the 
surface (x, y, 2) = 0 as a subsidiary condition. Such “ maxima 
and minima with subsidiary conditions ” do not, indeed, represent 
a fundamentally new problem. Thus in our example we need only 
solve for one of the variables, say z, in terms of the other two, 
and then substitute this expression in the formula for the distance 
ν (x? + y* + 25), to reduce the problem to that of determining 
the stationary values of a function of the two variables ὦ, y. 

It is, however, more convenient, and also more elegant, to 
express the conditions for a stationary value in a symmetrical 
form, in which no preference is given to any one of the 
variables. 

As a very simple case, which is nevertheless typical, we con- 
sider the following problem: to find the stationary values of a 
function f(x, y) when the two variables x, y ave not mutually inde- 
pendent, but are connected by a subsidiary condition 


| φία, y) = 0. 


In order to give geometrical plausibility to the analytical treat- 
ment, we assume first that the subsidiary condition is represented, 
as in fig. 30, by a curve in the zy-plane without singularities and 
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that in addition the family of curves f(x, y) = ¢ = const. covers 
a portion of the plane, as in the figure. The problem is then 
as follows: among the curves of the family which intersect 
the curve ¢ = 0, to find that one for which the constant ὁ is the 


ea ee 


ye 
Ζ-- χὰ 


φ-0 


Fig. 30.—Extreme value of f with subsidiary condition ᾧ = 0 


greatest possible or the least possible. As we describe the 
curve ¢ = 0 we cross the curves f(x, y) = c, and in general c 
changes monotonically; at the point where the sense in which 
we run through the c-scale is reversed we may expect an ex- 
treme value. From fig. 30 we see that this occurs for the curve 
of the family which touches the curve $= 0. The co-ordinates 
of the point of contact will be the required values c= €, y= ἢ 
corresponding to the extreme value of f(z, y). If the two curves 
f = const. and ᾧ = 0 touch, they have the same tangent. Thus 
at the point x= ἕ, y = ἡ the proportional relation 


Sui ty= bu: by 


holds; or, if we introduce the constant of proportionality A, the 
two equations 

S; et Adz = 0 

Ss; yt Ady = 0 


are satisfied. These, with the equation 
f(z, ᾿" ) = Ὁ, 


serve to determine the co-ordinates (ξ, 7) of the point of contact 
and also the constant of proportionality A. 
This argument may fail, e.g. when the curve ¢= 0 has a 
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singular point, say a cusp as in fig. 31, at the point (¢, 7) at 
which it meets a curve f= ὁ with the greatest or least possible 6. 
In this case, however, we have both 


$A(€,)=0 and ᾧφ,(ξ, 7) = 0. 


In any case we are led intuitively to the following rule, which 
we shall prove in the next sub-section: 


7 ae 


ated 
\ 3322... 


ῷ 
ῃ 
iss 


Fig. 31.—Extreme value at a singular point of ¢ = 0 


In order that an extreme value of the function f(x, y) may occur 
ai the pont x = £, y = η, with the subsidiary condition $(x, y) = 0, 
the point (£, ἡ) being such that the two equations 


φ,(ξ, )ΞΞ 90 and ¢,(g, ἡ) ΞΞ 0 


are not both satisfied, it 1s necessary that there should be a constant 
of proportionality such that the two equations 


FE, ἢ) + Ade, ἢ) = Ὁ and f,(, 7) + APE, ἡ) = 0 
are satisfied, together with the equation 
$f, η) = 0. 


This rule is known as Lagrange’s method of undetermined 
multipliers, and the factor A is known as Lagrange’s multiplier. 

We observe that for the determination of the quantities ¢, ἡ, 
and A this rule gives as many equations as there are unknowns. 
We have therefore replaced the problem of finding the positions 
of the extreme values (€, 7) by a problem in which there is an 
additional unknown A, but in which we have the advantage of 
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complete symmetry. Lagrange’s rule is usually expressed as 
follows: 

To find the extreme values of the function f(x, y) subject to the 
subsidiary condition ¢(x, y) = 0, we add to £(x, y) the product of 
d(x, y) and an unknown factor ἃ independent of x and y, and write 
down the known necessary conditions, 


fet Adz = 0, Sat Ad, = 0, 


for an extreme value of F = {+ Ad. In conjunction with the sub- 
sidiary condition ¢ = 0 these serve to determine the co-ordinates 
of the extreme value and the constant of proportionality 4. 


Before proceeding to prove the rule of undetermined multipliers 
rigorously we shall illustrate its use by means of a simple example. We 
wish to find the extreme values of the function 


u= xy 


on the circle with unit radius and centre the origin, that is, with the sub- 
sidiary condition 
e+ χε --1- 0. 


According to our rule, by differentiating vy -- λ(αϑβ - y? — 1) with respect 
to x and to y we find that at the stationary points the two equations 
y+ ὅλη 
£-+ 244 = 0 
have to be satisfied. In addition we have the subsidiary condition 
aety—l=0. 


On solving we obtain the four points 


2 
= 372, n= —$vV2, 
= --ἀ νῷ, n= ἐν. 


The first two of these give a maximum value u—= ᾧ, the second two a mini- 
mum value w= —4, of the function uw = zy. That the first two do really 
give the greatest value and the second two the least value of the function τι 
can be seen as follows: on the circumference the function must assume a 
greatest and a least value (cf. p. 97), and since the circumference has no 
boundary point, these points of greatest and least value must be stationary 
points for the function. 
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4. Proof of the Method of Undetermined Multipliers in the 
Simplest Case. | 


As we should expect, we arrive at an analytical proof of the 
method of undetermined multipliers by reducing it to the known 
case of “free” extreme values. We assume that at the extreme 
point the two partial derivatives ¢,(€, 7) and ¢,(¢, 7) do not 
both vanish; to be specific, we assume that ¢,(£, 7) == 0. Then 
by section 1, No. 3 (p. 114), in a neighbourhood of this point 
the equation (x, y) = 0 determines y uniquely as a continuously 
differentiable function of ὦ, y= g(x). If we substitute this ex- 
pression in f(x, y), the function 


f(x, 9(x)) 


must have a free extreme value at the point x = €. For this the 


equation 
7 (0) = fa + fug’(@) = 0 


must hold at x=. In addition, the implicitly defined func- 
tion y= 9(x) satisfies the relation ¢,-+ $,g'(z) = 0 identically. 
If we multiply this equation by δ τα —f,/d, and add it to 
Se + fyg'(x) = 0, then we obtain 


and by the definition of A the equation 
tut Ady = 0 


holds. This establishes the method of undetermined multi- 
pliers. | 

This proof brings out the importance of the assumption that the deri- 
vatives ¢, and ¢, do not both vanish.at the point (ξ, ἡ). If both these 


derivatives vanish the rule breaks down, as is shown analytically by the 
following example. We wish to make the function 


| f (2, y) = 2? + y* 
8. minimum, subject to the condition 
P(x, y) = (ὦ --- 18 — y*® = 0. 


By fig. 32, the shortest distance from the origin to the curve (7 — 1)? — y?= 

is obviously given by the line joining the origin to the cusp § of the curve 
(we can easily prove that the circle with unit radius and centre the origin has 
no other point in common with the curve). The co-ordinates of 8, that ia, 
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z= 1 and y= 0, satisfy the equations d(x, y) = 0 and f, + Ad, = 0, no 
matter what value is assigned to A, but 


Sn + Ady = 25 + 3A(a — 1)? = 2+ 0, 


We can state the proof of the y 
method of undetermined mul- 
tipliers in a slightly different 
way, which is particularly con- 
venient for generalization. We 
have seen that the vanishing of 
the differential of a function at a 
given point is a necessary con- 
dition for the occurrence of an 
extreme value of the function at 
that point. For the present 
problem we can also make the 
following statement: 

In order that the function 
f(x, y) may have an extreme value Fig. 32.—The surface (x — 1)" — y* =0 
at the point (£, ἡ), subject to the 
subsidiary condition d(x, y) = 0, 1: 1s necessary that the differential 
df shall vanish at that point, it being assumed that the differentials 
dx and dy are not independent of one another, but are πώ in 
accordance with the equation 


ἀφ = $,dx + $,dy = 0 
deduced from 6=0. Thus at the point (ξ, 7) the differentials 
dx and dy must satisfy the equation 
af = falé, dx + f(g, n)dy = 0 


whenever they satisfy the equation dp—0. If we multiply the 
first of these equations by ἃ number A, undetermined in the first 
instance, and add it to the second, we obtain 


(fe + Adz)du +- (fy + Ady) dy = 0. 
If we determine A so that 
Sf ν + Ad, = 0, 


as is possible in virtue of the assumption that ¢, =: 0, it neces- 
8 (R912) 
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sarily follows that (f,-+ Ad,)dx = 0, and since the differential 
dz can be chosen arbitrarily, e.g. equal to 1, we have 


fat Me= 0. 
5. Generalization of the Method of Undetermined Multipliers. 


We can extend the method of undetermined multipliers to 
a greater number of variables and also to a greater number of 
subsidiary conditions. We shall consider a special case which 
includes every essential feature. We seek the extreme values of 
the function 
u= f(x, y, 2, ἡ), 


when the four variables x, y, 2, ¢ satisfy the two subsidiary 
diti 
conditions f(x, y, 2, t)== 0, p(x, y, 2, ἢ) = 0. 


We assume that at the point (ἕξ, ἡ, ¢, τὴ the function takes a 
value which is an extreme value when compared with the values 
at all neighbouring points satisfying the subsidiary conditions. 
We assume further that in the neighbourhood of the point 
Ρ(ξ, ἡ, ©, τ) two of the variables, say z and t, can be represented 
as functions of the other two, x and y, by means of the equations 


d(x, ψ, 2, ) -Ξ 0 and (a, y, 2, t)= 0. 
In fact, to ensure that such solutions z = g(x, y) and t= h(a, y) 
can be found, we assume that at the point P the Jacobian 


Op, ψ) 
A Ζ, t) = gy ψι-- φι Ps 


is not zero (cf. p. 153). If we now substitute the functions 
z= g(a, y) and t= h(z, y) 


in the function u = f(z, y, 2, ὃ), then f(z, y, 2, t) becomes a function 
of the two independent variables ὦ and y, and this function 
must have a free extreme value at the point x = ἔ, y= 7; thatis, 
its two partial derivatives must vanish at that pomt. The two 
equations 


fot fix Δ 
ts ἘΜῈ ἜΣ. 
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must therefore hold. In order to calculate from the subsidiary 
Oz Oz at Οἱ 


dx’ Oy’ Ou dy 


could write down the two pairs of equations 


Oz a 
Pe + φ, - al 


conditions the four derivatives occurring here, we 


Yo + ee = + hem 
and 
oy + φ. Ὁ: Ἢ: be 
by Ὁ bo Ἢ a 5 
and solve them for the unknowns Δ “ which is possible 


agp), δ᾽ Oy 
because the Jacobian does not vanish. The problem weuld 
(2, ἢ) 
then be solved. 


Instead, we prefer to retain formal symmetry and clarity by 
proceeding as follows. We determine two numbers A and μ in 
such a way that the two equations 


Sat Ad, + pb, = 0, 
Sit Ad; + pa, = 0 


are satisfied at the point where the extreme value occurs. The. 
determination of these “ multipliers’ A and μ is possible, since 


we have assumed that the Jacobian od, ψ) ; 
multiply the equations (2, ἢ 


Oz ot Oz at 
bot bea t+ Ha = 0 and =, + tea + Ὁ ed 


is not zero. If we 


by A and μ respectively and add them to the equation 
Oz ot 
Se t Sex t Sea. π 0, 


we have 


fat Met wie + (fat bs +m) δ + (fet Abs + aah) δὲ = 0. 
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Hence by the definition of A and μ. 


JSa+ Aba + μῴς = 0. 
Similarly, if we multiply the ages 


fet bem ἜΣ. 


and 


Py + bem aa be 
by A and p respectively and add them to the equation 
Si ν + Fo #4 mae fis. ay 0, 


we obtain the further ».- 
Fut Ady + py = 0. 
We thus arrive at the following result: 
If the pownt (€, ἡ, ζ, +) 18 an extreme point of f(x, y, z, Ὁ) subject 
to the subsidiary conditions 
f(z, y, 2, t) = 0, 
ψία, Y; zs t) ἘΞ 0, 


and af at that point “Ὁ as not zero, then two numbers ἃ and μ 


exist such that at the point (ξ, ἡ, ζ, 7) the equations 


Jat λῴ, + Bib, = 0, 
Sut Ady + phy = 0, 
det Ad, + py, = 0, 
Set Adit vb = 0, 


and also the subsidiary conditions, are satisfied. 

These last conditions are perfectly symmetrical. Every trace 
of emphasis on the two variables x and y has disappeared from 
them, and we should equally well have obtained them if, instead 
og, #) 
O(z, τ) 


one of the Jacobians 


+: 0, we had merely assumed that any 


Od, ψ) O(¢, #) UP, #) ag ἢ 
O(a, ψ) Oz, z)’ °°’ A(z, ὃ ΕΠ ae 


of assuming that 
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vanish, so that in the neighbourhood of the point in question 
a certain pair of the quantities a, y, 2, t (although possibly not 
z and ¢) could be expressed in terms of the other pair. For 
this symmetry of our equations we have of course paid the 
price; in addition to the unknowns ἔ, ἡ, ζ, 7 we now have A 
and p also. Thus instead of four unknowns we now have six, 
determined by the six equations above. 

Here too we could have carried out the proof somewhat 
more elegantly by using the differential notation. In this notation, 
the necessary condition for the occurrence of an extreme value at 
the point P is the equation 


df = 0, 


where the differentials dz and dt are to be expressed in terms of 
dz and dy. These differentials are connected by the relations 


ἀφ = $,du + ¢ydy + ¢,dz-+ φιά! = 0, 
des — ofA ++ py dy = pf, dz + pdt = Q, 


obtained by differentiating the subsidiary conditions. If we 
assume that the two-rowed determinants occurring here do not 
all vanish at the point (ἕξ, ἡ, ζ, 7), e.g. if we assume that the 
expression ag, #) is not zero, then we can determine two numbers 


2 


A and pw which satisfy the two equations 


ds ΞΡ λῴ, =F μψ, = 0, 

fit Adit py: = 0. 
If we multiply the equation ἀφ = 0 by A and the equation ἀψ = 0 
by μ and add them to the equation df = 0, then by the last two 
equations we obtain 


df + λφ + μῳὴ = (Fo + Ade + pibe)de + (fy + by + papy) dy. 


Since here dx and dy are independent differentials (that is, 
arbitrary numbers), it follows that the numbers A and y also 
satisfy the equations 


Seat Ad, + pb, = 0, 
Sut + Ady + pp, = 9, 


and we are once again led to the method of undetermined 
multipliers. 
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In exactly the same way we can state and prove the method 
of undetermined multipliers for an arbitrary number of variables 
and an arbitrary number of subsidiary conditions. The general 
rule is as follows: 

If in a function 

u = f(2,, Ze, -. +5 Bp) 


the n variables x,, Xz, ... , X, are not all independent, but are 
connected by the m subsidiary conditions (m <n) 


d(x, Xo, .“ν9 Ly) = 0, 
$o(21, Za, ...3 Ly) = 0, 


P(X, Le, . 50) Φ,) = 0, 
then we introduce τὰ multvplrers λὶ. ro... + Acq and equate the 
derivatives of the function 


F=f+ AvP + Ashe + +++ AmPm 


with respect to X,, Xo, ..- 5 ΣΧ,» when aA, Ag, ..., A, are constant, 
to zero. The equations 


thus obtained, together with the m subsidiary conditions 
φ, = 0, ἌΣ Pm = 9, 


represent a system of m-t+n equations for the m+n unknown 
quantities X1, Xq,..- 5 Xq, Ay ..., Ay. These equations must be 
satisfied at every extreme value of {, unless at that extreme value 
every one of the Jacobians of the m functions 4,4, do, .-- > Pm with 
respect to τὰ of the variables x,,..., X, has the value zero. 

In connexion with the method of undetermined multipliers 
we have still to make the following important remark. The rule 
gives us an elegant formal method for determining the points 
where extreme values occur, but it merely gives us a necessary 
condition. The further question arises whether and when the 
points which we find by means of the multiplier method do 
actually give us ἃ maximum or a minimum of the function. 
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Into this question we shall not enter; its discussion would lead 
us much too far afield. As in the case of free extreme values, 
when we apply the method of undetermined multipliers we usually 
know beforehand that an extreme value does exist. If, then, 
the method determines the point P uniquely and the exceptional 
case (all the Jacobians zero) does not occur anywhere in the 
region under discussion, we can be sure that we have really 
found the point where the extreme value occurs. 


6. Examples. 


1. As a first example we attempt to find the maximum of the function 
f(x, y, 2) = a*y*z? subject to the subsidiary condition 2? + y? + 2? = c?, 
On the spherical surface x? + y? + 25 = οὐ the function must assume a 
greatest value, and since the spherical surface has no boundary points 
this greatest value must be a maximum in the sense defined above. 
According to the rule we form the expression 


F = yi + (a7 + y? + 2 — οὗ), 
and by differentiation obtain 
Qry*2* + 2rx = 0, 
Qa7y22 + Zry = 0, 
2Qa7y*z + 222 = 0. 


The solutions with z= 0, y = 0, or z= 0 can be excluded, for at these 
points the function f takes on its least value, zero. The other solutions 
of the equation are a? = y? = 27, λ = —a*. Using the subsidiary condition, 
we obtain the values 

δ 


C 6 
= tie y= 79 aa Sf 


for the required co-ordinates. 

At all these points the function assumes the same value c*/27, which 
is accordingly the required maximum value. Hence any triad of numbers 
satisfies the relation 

y a οἱ = 45  ψ' a ye. 
that is, the geometric mean of three positive numbers 2%, y*, 2* is never 
greater than their arithmetic mean. 

In fact, it is true that for any arbitrary number of positive numbers 
the geometric mean never exceeds the arithmetic mean. The proof is 
similar to that just given.* 


2. As a second example we shall seek to find the triangle (with sides 


* For another proof, see Vol. I, Ex. 19, p. 167. 
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“, y, 5) with given perimeter 2s, and the greatest possible area.. By a well- 
known formula the square of the area is given by 


F(x, y, 5) = 8(8 — α)(8 — y)(8 — 2). 


We have therefore to find the maximum of this function subject to the 
subsidiary condition 


p=a2+y+2—2s=— 0, 
where 2, y, 2 are restricted by the inequalities 
x = 0, y =0, 220, *t+y2z, 44+22y, γα. 


On the boundary of this closed region, i.e. whenever one of these in- 
equalities becomes an equation, we always have f= 0. Consequently the 
greatest value of f occurs in the interior and is a maximum. We form 
the function 


F(x, y, 2) = 8(8 — x)(s — y)(8 — 2) + λία + y + 2z— 238), 
and by differentiation obtain the three conditions 
—s(s— ψ)(8 -- 2 εξ, —s(s— z)(s—z)+ A=), 
—s(s— z)(s—y) +A=0. 
By solving each of these for ἃ and equating the three resulting expressions 
we obtain «= y= z= 2s/8; that is, the solution is an equilateral 
triangle. 
3. We shall now prove the following theorem: the inequality 


ὡς lw 
α β 


— for every u20, v0 and every «>0, B>O for which 


a ._ =]. 
Ξ 


The inequality is certainly valid if either u or v vanishes. We may 
therefore restrict ourselves to values of uw and v such that uw + 0. If the 
inequality holds for a pair of numbers 4, v, it also holds for all numbers 
utile, yf{l/8, where ¢ is an arbitrary positive number. We need therefore 
consider only values of u, v for which uw = 1. Hence we have to show 
that the inequality 


1 μα ee | 
α β 


holds for all positive numbers uw, v such that uv - I. 
To do this we solve the problem of finding the minimum of Lin + Ε υβ 
α 


subject to the subsidiary condition τὺ τὸ 1. This minimum obviously 
exists and occurs at a point (wu, v) whereu++0,v+0. A multiplier —d for 
which the equations 


ut— λυτεῦ, vel -- ru = 0 
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hold therefore exists. On multiplication by ἡ and v respectively these at 
once yield u*= 2, vi= 2, Taken with uv=1, these imply that 
uw=uv= 1. The minimum value of the function 2 ue + 5 v is therefore 
a 

: + 5 = 1. That is, the statement that 
a 

tye ts eed 

α β 
when uv = 1 is proved. 


If in the inequality w < J + j v® just proved we replace u and ὃ by 
a 


= ἐξ ες and v= -- Mi 
(Suva (Σ υβ)ῖβ 
im? t= 


respectively, where 121» tgs « + - > Uns Vj» Voy - «το Vy, 816 arbitrary non-negative 
numbers and at least one uw and at least one v is not zero, and if we then 
sum the inequalities thus obtained fori = 1, ..., , we obtain Hdlder’s 
inequality | 

nn n % 

Duy, S (Dugey/a( Tv PyVes, 

ra im] ἐ- 
This holds for any 2n numbers u,, v; where τὸ, 2 0,v, ΞΞ 0(ἐ = 1,2,...,%), 
not all the w’s and not all the v’s are zero, and the indices a, β are such 


thata >0,6>0,2+2 21. 
. a β 


4, Finally, we seek to find the point on the closed surface 
φία, y, 2) = 0 


which is at the least distance from the fixed point (ξ, ἡ, ¢). If the 
distance is a minimum its square is also a minimum; we accordingly 
consider the function 


F(x, y, 2) = (ὦ — EP + (y— nP + (ὦ — SP + λφία, y, 2). 
Differentiation gives the conditions 
2(5 --- ξ) - Ap, = 0, WAy— y+ λφυ Ξε 0, Wz— C) + AQ, = 9, 


or, in another form, 


Pa Py Ps 


These equations state that the fixed point (&, ἡ, ζ) lies on the normal to 

the surface at the point of extreme distance (x, y, 2). Therefore in order 

to travel along the shortest path from a point to a (differentiable) surface, 

we must travel in a direction normal to the surface. Of course further 
85 (5912) 
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discussion is required to decide whether we have found a maximum or a 
minimum or neither. (Consider, e.g., a point within a spherical surface. 
The points of extreme distance lie at the ends of the diameter through 
the point; the distance to one of these points is a minimum, to the other 
@& maximum.) | 


EXAMPLES 
1. Find the greatest and least distances of a point on the ellipse 
x2 y? 
41 


from the straight line z+ y— 4= 0. 


2. The sum of the lengths of the twelve edges of a rectangular block is 
a; the sum of the areas of the six faces is a?/25. Calculate the lengths of 
the edges when the excess of the volume of the block over that of a cube 
whose edge is equal to the least edge of the block is greatest. 


3. Determine the maxima and minima of the function 
(aa? + by2)e-2?-¥? (0 ««- α΄α « ὃ). 
4, Show that the maximum value of the expression 


ax* + 2bey + cy* 
ext + 2fay - gy" 


is equal to the greater of the roots of the equation in A 
(ac — b*) — A(ag — 2bf + ec) + λβίερ — [5) = 0. 


(ea — f? 0) 


5. Calculate the maximum values of the following expressions: 
«ἢ -Ἐ Gry + 3y? (b) wit Qady 
xt — ay + oP” at + yf 


6. Determine the stationary points of the function 


fle, y) = y(sinz — 5) 


(2) 


and state their nature. 
7*, Find the values of a and ὃ for the ellipse 
ay 


az ' δ 


= 1 


of least area containing the circle 
(e¢—1P+y=1 
in its interior. 
8. Find the quadrilateral with given edges a, ὃ, c, d which includes the 
greatest area. 


iI] MAXIMA AND MINIMA 203 


9. Which point of the sphere 2? -- y? + 2? = 1 is at the greatest dis- 
tance from the point (1, 2, 3)? 


10. Let P,P,P,P, be a convex quadrilateral. Find the point O for 
which the sum of the distances from P,, P,, P3, P, is a minimum. 


11. Find the point (x, y, z) of the ellipsoid 


for which 
(az) A+B+0, 
(Ὁ) V(A? + Bt+ C?) 


is a minimum, where A, B, C denote the intercepts which the tangent 
plane at (x, y, z) (x > 0, y > 0, z > 0) makes on the co-ordinate axes. 


12. Find the rectangular parallelepiped of greatest volume inscribed 
in the ellipsoid 


13. Find the rectangle of greatest perimeter inscribed in the ellipse 
ay? 
ace 
14. Find the point of the ellipse 
for which the tangent is at the greatest distance from the origin. 
15*. Prove that the length 1 of the greatest axis of the ellipsoid 
ax? + by? + οὐδ + 2day + Zexz + να = 1 
is given by the greatest real root of the equation 
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Appendix to Chapter III 
1. Surricrenr Conprrions ror ExtTrREME VALUES 


Tn the theory of maxima and minima in the preceding chapter 
we have contented ourselves with finding necessary conditions 
for the occurrence of an extreme value. In many cases occurring 
in actual practice the nature of the “stationary ” point thus 
found can be determined from the special nature of the problem, 
and we can thus decide whether it is a maximum or a minimum. 
Yet it is important to have general sufficient conditions for the 
occurrence of an extreme value. Such criteria will be developed 
here for the typical case of two independent variables. 

If we consider a point (%, Yo) at which the function is 
stationary, that is, a point at which both first partial derivatives 
of the function vanish, the occurrence of an extreme value 
is connected with the question whether the expression 


F(@o + ἢ, Yo + 1) — f (Xo Yo) 


has or has not the same sign for all sufficiently small values of 
h and k. If we expand this expression by Taylor’s theorem 
(Chap. II, p. 80), with the remainder of the third order, in virtue 
of the equations f,,(X9, Yo) = 0 and f,(%q, Yo) = 0 we at once obtain 


F (Xp Ἔ ἢ, Yot ἢ) —f (Xo, Yo) = ὦ (hoc Ἢ ΟΝ + Kf yy) + €p?, 


where p* = h? - k* and ε tends to zero with p. 

From this we see that in a sufficiently small neighbourhood 
of the point (2, y9) the behaviour of the functional difference 
f(to +h, Yot k)—f (xo, Yo) i8 essentially determined by the 
expression 

Q(h, k) = ah? +- 2bhk + ck’, 


where for brevity we have put 
a= fealX, Yo), ὃ ΞΞ fev(Xo, Yo), 6 ΞΞ ζωνίχρ; Yo)- 


In order to study the problem of extreme values we must 
investigate this homogeneous quadratic expression in ὦ and k, 
or, a8 we say, the quadratic form Q. We assume that the 
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coefficients a, b, c do not all vanish. In the exceptional case 
where they do all vanish, which we shall not consider, we must 
begin with a Taylor series extending to terms of higher order. 

_ With regard to the quadratic form Ὁ there are three different 
possible cases: 

1. The form is definite. That is, when ἢ and & assume all 
values, Q assumes values of one sign only, and vanishes only 
for h== 0, k= 0. We say that the form is positively definite or 
negatively definite according as this sign is positive or negative. 
For example, the expression h?-+- k?, which we obtain when 
a=c=1, b=0, is positively definite, while the expression 
—h? + 2hk — 2k? = —(h — k)*? — i? is negatively definite. 

2. The form is indefinite. That is, it can assume values of 
different sign, e.g. the form Ὁ = 2hk, which has the value 2 for 
h=- 1, k= 1 and the value —2 for h = —1, k= 1. 

3. Finally, there is still a third possibility, namely that in 
which the form vanishes for values of h, k other than h= 0, 
k= 0, but otherwise assumes values of one sign only, e.g. the 
form (h + k)?, which vanishes for all sets of values h, & such 
that ἢ = —k. Such forms are called semi-definite. 

The quadratic form Q = ah? + 2bhk + ck? is definite if, and 
only if, the condition 

ac—b>0 


is satisfied; it is then positively definite if a > 0 (so that c > 0 
also), otherwise it is negatively definite. 
In order that the form may be indefinite it is necessary and 
sufficient that 
ac — 6? < 0, 


while the semi-definite case is characterized by the equation * 
ac — ὃ = 0. 


* These conditions are easily obtained as follows. Either a=ec = 0, in 
which case we must have ὦ + 0, and the form is, as already remarked, indefinite; 
the criterion therefore holds for this case: or else we must have, say, a =+ 0; 
we can then write 

ca — δ" i | 
a® ; 


3 
ah® + 2bhk + ck? = al (; + 24) + 
This form is obviously definite if ca ~ 6? > 0, and it then has the same sign 
asa. It is semi-definite if ca — b? = 0, for then it vanishes for all values of 
h, k that satisfy the equation h/k = -- b/a, but for all other values it has the 
same sign. It is indefinite if ca — 6? < 0, for it then assumes values of different 


sign when k vanishes and when ὦ + 2 k vanishes. 
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We shall now prove the following statements. If the quadratic 
form Q(h, k) is positively definite, the stationary value assumed 
for h = 0, k = Ο 18 a minimum. If the form is negatively definite, 
the stationary value is a maximum. If the form is indefinite, we 
have neither a maximum nor a minimum; the point is a saddle 
point. Thus, definite character of the form Ὁ is a sufficient con- 
dition for an extreme value, while indefinite character of Q 
excludes the possibility of an extreme value. We shall not 
consider the semi-definite case, which leads to involved dis- 
CUSSIODS. 

In order to prove the first statement we have only to use 
the fact that if Q is a positively definite form there is a positive 
number m, independent of ἦ and k, such that* 


Q = 2m(h? - 15) = 2mp?. 
Therefore 


F(G>+ by Yo ἢ τ Fo Yo) = 2h, 1) + ep? ZS (m+ opt 


If we now choose p so small that the number ε is less in absolute 
value than 3m, we obviously have 
ἐ(ωρ + h, Yo + 1) — f (Zo, Yo) 25 P* 

Thus for this neighbourhood of the point (2, ψο) the value of the 
function is everywhere greater than f(z», ψ0), except of course at 
(%, Yo) itself. In the same way, when the form is negatively 
definite the point is a maximum. 

Finally, if the form is indefinite, there is a pair of values 
(h,, k,) for which @ is negative and another pair (h,, k,) for which 
Q is positive. We can therefore find a positive number m such 


that 
VA, ky) << —2mp,?, 
QWhe, ky) > 2mp,*. 


If we now put h= th,, k= tk,, p? = h? + 15 (t+ 0), that is, if 


(h, k) 


* To see this δὴν consider the quotient — za 88 8 function of the two 


quantities u = Then u* + v® = 1, and the form 


TR ΩΣ: ΠΕ ὩΣ 
becomes a continuous function οὗ ὦ and v, which must have a least value 2m on 
the circle u® + v? = 1. This value m obviously satisfies our conditions; it is 
not zero, for on the circle ὦ and v never vanish simultaneously. | 
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we consider a point (x - ἢ, yg + &) on the line joiming (2p, Yo) 
to (9 + Ay, Yo + 4). then from Q(h, &) = PQ(h,, ky) and p? = #p,? 
we have 

Q(h, 1) < —2mp*. 


Thus by choice of a sufficiently small ¢ (and corresponding p) 
we can make the expression {(%, + ἢ, ¥g + &) — f (Xo, Yo) negative. 
We need only choose ¢ so small that for h= th,, k= tk, the 
absolute value of the quantity ¢ is less than 4m. For such a set 
of values we have f(%)-++ ὦ, γο +. —f (2, Yo) < —mp?/2, so that 
the value f(z) - ἢ, y y+ %) is less than the stationary value 
SI (o. Yo). In the same way, on carrying out the corresponding 
process for the system h = thy, k = tk,, we find that in an arbi- 
trarily small neighbourhood of (xp, ψο) there are points at which 
the value of the function is greater than f(x, ψ0). Thus we have 
neither a maximum nor a minimum, but instead what we may 
call a saddle value. 

If a= 6= c= 0 at the stationary point, so that the quad- 
ratic form vanishes identically, and also in the semi-definite case, 
this discussion fails to apply. To obtain sufficient conditions for 
these cases would lead to involved calculations. 

Thus we have the following rule for distinguishing maxima 
and minima: 

1 at a point (Xo, Yo) the equations 


Fa{Xp, Yo) = 9, μαι, Yo) = 0 
hold, and also the inequality 
Sant vy — fey" > 0, 


then at that point the function has an extreme value. This 1s a 
maximum if £,, <0 (and consequently f,, <0), and a minimum 
of £,, > 0. 

Lf, on the other hand, 


aes = Joye < 0, 


the stationary value is neither a maximum nor a minvmum. The 


case 
ΕΝ ῪΝ = Jor = 0 
remains undecided. 
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These conditions permit of a simple geometrical interpretation. 
The necessary conditions f, = ἵν Ξε Ὁ state that the tangent 
plane to the surface z = f(z, y) is horizontal. If we really have an 
extreme value, then in the neighbourhood of the point in question 
the tangent plane does not intersect the surface. In the case 
of a saddle point, on the contrary, the plane cuts the surface in 
a curve which has several branches at the point. This matter 
will be clearer after the discussion of singular points in the next 
section. 


As an example we seek to find the extreme values of the function 
f(z, 9) = + ay + y? + ax + by. 
If we equate the first derivatives to zero, we obtain the equations 
22-+-y+ta=0, ++ 2y+d=0, 
which have the solution ὦ = 4(b — 2a), y = ξ(α — 2b). The expression 
Foakyy τ Sey” = 


is positive, as is f,,.== 2. The function therefore has a minimum at the 
point in question. 
The function 
fm y) = (ν — PP + 2 


has a stationary point at the origin. There the expression f,» fy, — fry? 
vanishes, and our criterion fails. We readily see, however, that the function 
has not an extreme value there, for in the neighbourhood of the origin 
the function assumes both positive and negative values, 

On the other hand, the function 


S(x,y) = (a — y)* + (y — 1} 


has a minimum at the point >= 1, y= 1, though the expression 
feetyy — Sey? Vanishes there. For 


fl +4, Per k) — [(,, 1) Ξξ (ἢ -- ἢ)" + 8, 
and this quantity is positive when p + 0. 


EXAMPLE 
If d(a) = k + 0, d’(a) + 0, and 2, y, z satisfy the relation 
f(x) φί(ψ) $(z) = 2», 


prove that the function 


F(x) + fly) + fle) 
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has a maximum when z = y = z= a, provided that 


oa) φίλ... , 
γοζ τῷ Sa) 2 Ὁ 


9. SmnauLaR Pornts oF PLANE CURVES 


In Chap. III, section 2 (p. 128) we saw that a curve f(z, y) = 
in general has a singular point at a point = 2%, y= 30 such 
that the three equations 


Flee Yo) =, felltor Yo) =, fulttor Yo) = 9 


hold. In order to study these singular points systematically, we — 
assume that in the neighbourhood of the point in question the 
function f(z, y) has continuous derivatives up to the second 
order, and that at that point the second derivatives do 
not all vanish. By expanding in a Taylor series up to terms 
of the second order we obtain the equation of the curve in 
the form 


af (x, y) — (x "τς Lo)"foea(Lo, Yo) = 2 (x et, To) (y πὰ Yo) Sey(Xo, y 0) 
ΞΕ (y "" Yo) Suvi@or Yo) a Ep" = 0, 


where we have put p* = (ὦ — 2)? + (y — Yo)* and ε tends to 
zero with p. 

Using a parameter t, we can write the equation of the general 
straight line through the point (x9, y,) in the form 


ᾧ --- ὧρ ΞΞ αἱ, y— ψο ΞΞ Ut, 


where @ and ὦ are two arbitrary constants, which we may suppose 
to be so chosen that a?-+ δξ--- 1. To determine the point of 
intersection of this line with the curve f(z, y) = 0 we substitute 
these expressions in the above expansion for f(z, y); for the 
point of intersection we thus obtain the equation 


a? f., + Lat? fry + Df, + εἰδ = 0. 


A first solution is t= 0, 1.6. the point (x, ψο) itself, as 18 
obvious. It is, however, worthy of notice that the left-hand 
side of the equation is divisible by ἔδ, so that ¢ is a “ double root ” 
of the equation. For this reason the singular Poms are also 
sometimes called “double pomts”’ of the curve. 
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If we remove the factor ἐξ, we are left with the equation 
a fn + αδίων + bf, + € = 0. 


We now inquire whether it is possible for the line to intersect 
the curve in another point which tends to (x), ψο) a8 the line 
tends to some particular limiting position. Such a limiting 
position of a secant we of course call a tangent. To discuss this, 
we observe that as a point tends to (x, y 9) the quantity ¢ 
tends to zero, and therefore ε also tends to zero. If the equation 
above is still to be satisfied, the expression a?f,, -+- 2abf,,, + bf,, 
must also tend to zero; that is, for the limiting position of the 
line we must have 


OP fre + Labfay + Ofyy = 0. 


This equation gives us a quadratic condition determining the 
ratio a/b which fixes the line. 
If the discriminant of the equation is negative, that is, if 


Seat vy — fav” < 0, 


we obtain two distinct real tangents. The curve has a double point or 
node, like that exhibited by the lemniscate (2? y”)?— (x?— y?)= 0 
at the origin or the strophoid (2?-+ y”)(% — 2a)4+ a’a= 0 at 
the point %) = a, y, = 0. 

If the discriminant vanishes, that is, if 


Jeatus -- εν aa 0, 


we obtain two coincident tangents; it is then possible e.g. that 
two branches of the curve touch one another, or that the curve 
has a cusp. 
Finally, if | 
; Sewfus — Sex? > 9, 
there 1s no (real) tangent at all. This occurs e.g. in the case of the 
so-called isolated points or conjugate points of an algebraic curve. 
These are points at which the equation of the curve is satisfied, 
but in whose neighbourhood no other point of the curve lies. 


The curve (2% — a2)? + (y? — 52)? = af -+ b* exemplifies this. The 


values z = 0, y = 0 satisfy the equation, but for all other values in the 
region | x] <av2,|y |< ὃν 2 the left-hand side is less than the right. 


We have omitted the case in which all the derivatives of the 
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second order vanish. This case leads to involved investigations, 
and we shall not consider it. Through such a point several 
branches of the curve may pass, or singularities of other types 
may occur. 

Finally, we shall briefly mention the connexion between 
these matters and the theory of maxima and minima. Owing to 
the vanishing of the first derivatives, the equation of the tangent 
plane to the surface z= f(x, y) at a stationary point (Zp, Yo) 18 
simply 

2— f (Xo, Yo) = 0. 


I (2, y) — f (Xo; Yo) = 0 


therefore gives us the projection on the zy-plane of the curve of 
intersection of the tangent plane with the surface, and we see 
that the point (x9, Yo) is a singular point of this curve. [f this is 
an isolated poimt, in a certain neighbourhood the tangent plane 
has no other point in common with the surface, and the function 
f(z, y) has a maximum or a minimum at the point (x, yo) (cf. 
p. 208). If, however, the singular point is a multiple point, the 
tangent plane cuts the surface in a curve with two branches, and 
the point corresponds to a saddle value. These remarks lead us 
precisely to the sufficient conditions which we have already 
found in section 1 (p. 207). 


The equation 


3. SmnauLAR Pornts oF SURFACES 


In a similar way we can discuss a singular point of a surface 
f(z, y, 2) = 0, Le. ἃ point for which 


f= 0, fe=f=fie= 0. 


Without loss of generality we may take the point as the origin O. 
If we write 


Sun = α, ἔων = B, κε Ξξ γ, Soy = A, fous = μ, Sos = v 
for the values at this point, we obtain the equation 
ax? + By? + y2* + ὅλων + Ὥμψε + Ἄνας = 0 


for a point (x, y, z) which lies on a tangent to the surface at Ὁ. 
This equation represents a quadratic cone touching the 
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surface at the singular pomt—instead of the tangent plane at an 
ordinary point of the surface—if we assume that not all of the 
quantities a, B,..., v vanish and that the above equetion has 
real solutions other than v= y= z= 0. 


4, CONNECTION BETWEEN EULER’S AND LAGRANGE’S 
REPRESENTATIONS OF THE MOTION OF A FLUID — 


Let (a, ὃ, c) be the co-ordinates of a particle at the time 
t = 0 in a moving continuum (liquid or gas). Then the motion 
can be represented by three functions 


2= x(a, ὃ, 6, t), 


y = y(a, ὃ, ο, t), 
z= 2(a, ὃ, 6, t), 


or in terms of a position vector x = x(a, ὃ, 6, t). Velocity and 
acceleration are given by the derivatives with respect to the 
time t. Thus the velocity vector is X with components ὦ, 4, z, 
and the acceleration vector is % with components @, #, 2, all of 
which appear as functions of the initial position (a, ὃ, 6) and the 
parameter ¢. For each value of ¢ we have a transformation of 
the co-ordinates (a, 6, 6) belonging to the different points of the 
moving continuum into the co-ordinates (x, y, 2) at the time ¢. 
This is the so-called Lagrange representation of the motion. 
Another representation introduced by Euler is based upon the 
knowledge of three functions 


u(x, y, 2, t), v(x, y, 2, ὃ), w(x, 3» Ζ, t) 


representing the components &, 1), 2 of the oe x of then motion 
at the point (2, y, 2) at the time ¢. 

In order to pass from the first representation to the second 
we have to use the first representation to calculate a, ὃ, ¢ as 
functions of 2, y, z, and t, and to substitute these expressions in 
the expressions for z(a, ὃ, c, t), y(a, ὃ, ο, t), 2a, ὃ, ο, ὃ): 


Ux, Y, 2, t) = &{a(x, y, Ὁ, ὃ), O(x, y, 2, ἢ), oa, y, ὁ, ὃ), t}, &e. 
We then get the components of the acceleration from 


é(a, ὃ, c, t) = u{a(a, ὃ, ο, ἢ), y(a, ὃ, ο, t), 2(a, ὃ, ο, ἢ), th, &e. 
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as follows: | 7 
B= ugh + ὑφῇ + ug + wy, &e 
or ? 
ἃ τ uy + ujvtuwt uy, 
y = UU = Vyv + U,W + Ve» 
Z= wt + νυ + ww + Wy 


In the mechanics of a continuum the following equation con- 
necting Euler’s and Lagrange’s representations 1s fundamental: 
δὲ τς τὴς D 

div % = tig y+ τὺ, τ p> 

where | 


0 3 3 
ΤΑ Ὁ ᾿Ξ 4 


is the Jacobian characterizing the motion. 

The reader may complete the proof of this and the corre- 
sponding theorem in two dimensions by using the various rules 
for the differentiation of mmplicit functions. 


5. TANGENTIAL REPRESENTATION OF A CLOSED CURVE 


A family of straight lines with parameter a may be given by 
2cosa-+ ysina— pia)=0,. . . . (2) 


where (a) denotes a function which is twice continuously difier- 
entiable and periodic of period 27 (a so-called tangential function). 
The envelope C of these lines is a closed curve satisfying (1) and 
the further equation 


—zsna-+ y cosa — p'(a) = 
Hence | 
“= p cosa — p’ on (2) 
y= psina+ p'cosaJ © °°  - 


is the parametric representation of C (a being the parameter). 
Formula (1) gives the equation of the tangents of C and is referred 
to as the tangential equation of C. 

Since 


a’ = —(p+ p”)sina, ψ' = (p+ p”) cosa, 
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we at once have the following expressions for the length Z and 
area A of C: 


L— [ “(p+ p")da = [ pda, 


27 2r Qr 
A= af (γ΄ — yx’) da, = af (p+ p")pda = af (p?— p”) da, 


since p’(a) is also a function of period 27.* 
From this we deduce the isoperimetric inequality 


[? = 4A, 
where the equality sign holds for the circle only. This may also 


be expressed by the statement: among all closed curves of given 
length the circle has the greatest area. 
For the proof we make use of the Fourier expansion of p(a) 
(Vol. I, Chap. TX, p. 447), 
p(a) = 3 + Σ (a, cosva + 6b, sinva); 
; v=1 
then 


ive] 
p'(a) = Σ v(b, cosva — a, sinva), 
vl 


so that (using the orthogonality relations of Vol. I, p. 438) we have 


L = παρ: 
-ἰΞ( -- Σ- τω.85) 
Thus : : 
4a] 


2 ~ ° 
in particular, 4 = τὰ only if a,=6,=0 for νεῖ 2, 1.. 
ἽΤ 
γ(α) = a+ a,cosa-+ 6, sina; the latter equation defines a 
circle, as is easily proved from (2). 


* Since p(a)+¢ is obviously the tangential function of the parallel curve at a 
distance ὁ from C, the formulz for the area and the length of a parallel curve 
(cf. Vol. I, p. 291, Ex. 22, and p. 553) are easily derived from these expressions. 


CHAPTER IV 
Multiple Integrals 


The idea of differentiation and the operations with derivatives 
in the case of functions of several variables are obtained almost 
immediately by reduction to their analogues for functions of one 
variable. As regards integration and its relation to differentiation, 
on the other hand, the case of several variables is more involved, 
since the concept of integral can be generalized for functions of 
several variables in a variety of ways. In this chapter we shall 
study multiple integrals such as we have already met in Vol. I, 
Chap. X (p. 486). In addition to these, however, we have also to 
consider the so-called line integrals in the plane, and surface 
integrals, as well as line integrals, in three dimensions (Chap. V, 
p. 343). In the end, however, it is found that all questions of 
integration can be reduced to the original concept of the integral 
in the case of one independent variable. 


1. OnprinaRY INTEGRALS aS FUNCTIONS OF A PARAMETER 


Before we study the new situations which arise with functions 
of more than one variable, we shall discuss some concepts which 
are directly related to matters already familiar to us. 


1. Examples and Definitions. 


If f(z, y) is a continuous function of x and y in the rectangular 
region a S ὦ ΞΞ β, α 33 γ Sb, we may in the first instance think 
of the quantity x as fixed, and we can then integrate the 
function f(x, y), which is now a function of y alone, over the 
intervala Sy <0. We thus arrive at the expression 


[ fe. nay 


which still depends on the choice of the quantity z. In a sense, 
215 
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therefore, hs are considering not an integral but the family of 
integrals [ 7} (z, y)dy which we obtain for different values of ὦ 


This quantity, which is kept fixed during the integration and to 
which we can assign any value in its interval, we call a parameter. 
Our ordinary integral therefore appears as a function of the para- 
meter x. 

Integrals which are functions of a parameter frequently 
occur in analysis and its applications. 


Thus, as the substitution xy = u readily shows, 


= are sinz. 


x ψ 
[ a/(1 — ay?) 


Again, in integrating the general power function we may regard the index 
as ὃ parameter and write accordingly 


1 
[- 
0 


where we assume that z >> — 1. 


| it we represent the region of definition of the function f a y) 
geometrically, and make 
the parallel to the y-axis 
corresponding to the fixed 
value of 2 intersect the 
rectangle as in fig. 1, then 
we obtain the function of 
y which is to be integrated 
by considering the values of 
the function f(#, y) as a 
function of y along the line 
Fig. 1 of intersection AB. We 
may also speak of integrat- 

ing the function f(z, y) along the segment AB. 

This geometrical point of view suggests a generalization. If 
the region of definition R in which the function f(z, y) 1s con- 
sidered is not a rectangle, but instead has the shape shown in 
fig. 2 (that is, if any parallel to the y-axis cuts the boundary in 
at most two points), then for a fixed value of 2 we can again 
integrate the values of the function f(x, y) along the line AB in 


IV] INTEGRALS AS FUNCTIONS ΟΕ. PARAMETER 217 


which the parallel to the y-axis intersects the region of definition 
R. The initial and final points of the interval of negro 


Fig. 2 


will themselves vary as x varies. In other words, we have to 
consider an integral of the type 


a(x) 
[fe y)dy = Fe), 
a(x) 


that is, an integral with the variable of integration y and the 
parameter x, in which the parameter occurs both in the integrand 
and in the limits of integration. 

If, for example, the region of definition is a circle with unit radius and 
centre the origin, we shall have to consider integrals of the type 


+ V(1—x*) 


fo fea. 
—v(1—x") 


2. Continuity and Differentiability of an Integral with respect to 
the Parameter. 


The integral 
Fe) =f fle, vay 
1s α continuous ones of the parameter x, +f {(x, y) 18 continuous 


in the region wm question. 
For 


F(z + h) — F(z) 


[ (f(a + fh, y) — f(a, Way) 


sf 


7 Ὁ ἃ, 9) -- [:(α, ν) ἂν. 
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In virtue of the (uniform) continuity of f(x, y), for sufficiently 
small values of ὦ the integrand on the right, considered as a 
function of y, may be made uniformly as small as we please, 
and the statement follows immediately. In particular, therefore, 
we can integrate the function F(x) with respect to the parameter 
x between the limits a and β, obtaining 


[Pee f te nay)ae 


The integral on the right we also write in the form 
B 7b 
[ [ f@ ydyde; 


we call it a repeated integral or multiple integral (in this case a 
double integral). | 

We now investigate the possibility of differentiating F(z). 
In the first place, we consider the case where the limits are 
fixed and assume that the function f(a, y) has a continuous 
partial derivative f, throughout the closed rectangle R. Τὸ is 
natural to try to form the z-derivative of the integral in the 
following way: instead of first integrating and then differentiating 
we reverse the order of these two processes, that is, we first dif- 
ferentiate f with respect to x and then integrate with respect to y. 
As a matter of fact, the following theorem is true: 

If wn the closed rectangle α 33 xS β, ay Sb the function 
f(x, y) has a continuous derivative with respect to x, we may dif- 
ferentiate the integral with respect to the parameter under the integral 
sign,* that ts, fax β, 


f Fe) = 4 f feo vdy= ff fale, yy. 


* From this we obtain a simple proof of the fact, which we have already 
proved (Chap. II, p. 56), that in the formation of the mixed derivative g_,, of 
a function g(x, y) the order of differentiation can be changed, provided that 
Jey is continuous and g, exists. For if we put f(z, y) = 9,(% ¥), we have 


y 
gla, y) = σία, a) + f fla, 0) dn. 


Since f(z, y) has a continuous derivative with respect to 2 in the rectangle 
ase fasy sb, it follows that 


In = Ja(X, a) + ft a(X, ἢ) ἄη, 
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Proof. If both « and ὦ + ἢ belong to the interval a = x S β, 
we can write 


Pet )— Fo) =f fle +b, yay — [Senay 


=f {fe + ἢ, y) —f(z, y)} dy. 


Since we have assumed that f(z, y) is differentiable, the mean 
value theorem of the differential calculus in its usual form 
gives * 


fet h,y) fla, y) = hfla + 0h, y), 0<0<1. 


Moreover, since the derivative f, is assumed to be continuous in 
the closed region and therefore uniformly continuous, the absolute 
value of the difference 


Κα a Oh, ψ) — f(x, y) 


is less than a positive quantity « which is independent of ὦ and 
y and tends to zero with h. Thus 


a Ia και. = [ Fela y) dy 


‘i flu + 8h, y)dy — [ Sala, y) dy 


If we now let h tend to zero, ε also tends to zero, and the 
relation 


— 
— 


</" y = e(b— a). 


lim fer = ig F(z, y)dy = Γ΄ (α) 


h—>0 


at once follows; our statement is thus proved. 
In a similar way we can establish the continuity of the integral 
and the rule for differentiating the integral with respect to a 


and therefore 
Iya = f αἰ» y)- 
In the same way, θαυ = f,,(% y), and therefore Joy = Jyar 


* Here the quantity @ depends on y, and may even vary discontinu- 
ously with y. This does not matter, for by the equation f,(% + 0h, y) = 
h-“(f(x + ἢ, y) — f(z, y)) we see at once that f(z + 0h, y) is a continuous 
function of z and y, and is therefore integrable. 
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parameter when the parameter occurs in the limits. If, for 
example, we wish to differentiate 


a(x) 
Fa)= J Ste, dy 
1(x) 
we start with the expression 
Ha) =f fle, yay = Ot v, a), 


where τὸ = (x), v = (2). ‘Here we assume that ψι(χ) and 

(x) have continuous derivatives with respect to z throughout 

the interval and that f(z, y) is continuously differentiable (cf. 

p. 62) in a region wholly enclosing the region R. By the chain 
rule we now obtain 

res of du , o® dw 

Flo = + ἘΣ de ὃυ da’ 


If we apply the fundamental theorem of the integral calculus 
(Vol. I, p. 111), this gives the formula 


Wa(x) 
F(a) = [ f αἰῶ, ψ) ἂψ — yy (x) ἔα, ψι(α)) + Yo’ (x) f (oe, ψε(α)). 
Thus if for F(x) we take the function 


F(a) =f " sin (zy) dy, 


we obtain 
oe) -Γ y cos(xy)dy + sin ("Ἄ). 


If we take 
| .ς edy 


F(z) =f{ Va — aye — gh) = are sing, 


we obtain the relation 
᾿ 1 ὧν 1 | 
PO | Ja ap” Vay 


as the reader can verify directly. 
Other examples are given by the integrals 


ς᾽, (2) -["* twa, 


F(a) = [ "f(y ay, 
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where Ὁ is any positive integer and f(y) is a continuous function of y only 
in the interval under consideration. Since the expression arising from 
differentiation with respect to the upper limit x vanishes, the rule gives 
us 


Fy (4) = Fy—-(2)- 
Since Fy’(x) = f(x), this at once gives 

| FO) (x) = f(a). 
Therefore F,,() is the function whose (n + 1)-th derivative is equal to 
f(x) and which, together with its first n derivatives, vanishes when x = 0; 
it arises from F,,_,(x) by integration from 0 tox. Hence F,(x) is the function 
which is obtained from f(x) by integrating n4- 1 times between the limits 0 
and x. This repeated integration can therefore be replaced by a single 


eer f(y) with respect to y. 


integration of the function 

The rules for differentiating an integral. with respect to a 
parameter often remain valid even when differentiation under 
the integral sign gives a function which is not continuous every- 
where. In such cases, instead of applying general criteria, it is 
more convenient to verify whether such a differentiation is per- 
missible in each special case. 


As an example we consider the elliptic integral (cf. Vol. I, p. 243) 


+1 as 
κῶς [ς yamine @< 
The function | 
1 


k, 2) == --τξξεξεξεσεσες:----------- 
= ΓΞ τὴ α — Bat) | 
is discontinuous at + = +1 and atx = —1, but the integral (as an improper 


integral) has a meaning. Formal differentiation with respect to the pate 
meter & gives 


F'(k) = ie 
(*) aT (1 — bat) 


To investigate whether this equation is correct, we repeat the argument 
by which we obtained our differentiation formula. This gives 


F(k-+h)— Fk) _ (k + Oh)a? dx 
Δ - ΠΕ ΑΝ -Γ ν(-- 2x*) (1— (k-+ 0h)2x4)®" 


The difference between this expression and the integra] obtained by formal 
differentiation is 


λε ii at k+ 0h " k Ἢ 
-ι V1l— #\V(1— (E+ θ᾽) 5.38 ν΄ -- 2223) 
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We must show that this integral tends to zero with h. For this purpose 
we mark off about ὦ an interval ky Sk < k, not containing the values 
+1, and we choose ἢ so small that k-+ θὴ lies in this interval. The 
function 

k 


V/(1 — x2) 


is continuous in the closed region —1 ΞΞ « ΞΞ 1, ky Sk S hy, and is there- 
fore uniformly continuous. The difference 


k-+ 0h Ν k 
V(L— (k+ Ohya 9 +/(1— Bat) 


consequently remains below a bound ες which is independent of z and ἢ 
and which tends to zero with h. Hence the integral A also remains less 
in absolute value than 
+l g2da 
Ι. V1— 2 

where M is a constant independent of ες. That is, the integral A tends to 
zero as h does, which is what we wished to show. | 

Differentiation under the integral sign is therefore permissible in 
this case. Similar considerations lead to the required result in other 
cases. 

Improper integrals with an infinite range of integration are discussed 
in the Appendix to this chapter, § 4, p. 307. 


e== Me, 


EXaMPLzEs 
l. Evaluate 


1 ; 
Γ() = [ xv—l(y log « +1) da. 
0 
2. Let f(x, y) be twice continuously differentiable, and let u(x, y, 2) 
be defined as follows: 
2π 
U(x, ψ, 2) = ‘ f(z + zco89, y + zsing)dg. 


Prove that 
% (Ung T Uyy — τι.) — Uz = 0. 


3 Ἐς, If f(z) is twice continuously differentiable and 
1 tt ao 
uz =a [ fet+ye@—y)? ἂν (ρ5 1) 
-ι 


prove that 


p—l 
gg = Up -F tgs 
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4, The Bessel function J9(z) may be defined by 


cos 2t 
Wem if vam 


Prove that 
1 
Jo” + xe + Jo = 0. 


5. For any non-negative integral index n the Bessel function J,,(x) may 
be defined by 


eae ae et τες τ a cae — {2\n— 
i”) = 13.6... (n — ae ὦ clams δ 
Prove that 
dee ie n* 
(Ὁ) Fn = Iga — ἢ, (n 21) 
and J, = —Jdy’. 


2. THe IntTEGRAL OF A ContTINUOUS FUNCTION OVER A 
REGION OF THE PLANE OR OF SPACE 


1. The Double Integral (Domain Integral) as a Volume. 


The first and most important generalization of the ordinary 
integral, like the ordinary integral itself, is suggested by geo- 
metrical intuition. Let R be 8 closed region of the zy-plane, 
bounded—as we assume all along—by one or more ares of curves 
with continuously turning tangents, and let z= (f(z, y) be a 
function which is continuous in #. We assume in the first instance 
that f is non-negative, and represent it by a surface in xyz-space 
vertically above the region R. We now wish to find (or, more 
precisely, to define, since we have not yet done so) the volume V 
below the surface. This has been done in detail for rectangular 
regions in Vol. 1, Chap. X (p. 486), and, moreover, the case is so 
similar to that of the ordinary integral that we feel justified in 
mentioning it somewhat briefly here. The student will see at once 
that a natural way of arriving at this volume is to subdivide R 
into N sub-regions R,, R,,..., R,, each having boundaries that 
are sectionally smooth (p. 41), and to find the greatest value ΠΤ, 
and the least value m, of f ineach region R, The areas of the 
regions R, we denote by AR;. On each region R, as base we con- 


πος 
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struct a cylinder of altitude M;. This set of cylinders completely 
encloses the volume under the surface. Again, with each region 
hk, as base we construct a cylinder of altitude m,, and hence 
with volume m,AR,; these cylinders le completely within the 
volume under the surface. Then 


Em, AR, < V<EM,AR,. 
᾿ς 1 1 


These sums Xm,AR, and &M,AR, we call the lower and upper 
sums respectively. 

If we now make our subdivision finer and finer, so that the 
number WN increases beyond all bounds, while the greatest dia- 
meter of the regions &, (that is, the greatest distance between 
two points of R,) at the same time tends to zero, we see intuitively 
(and shall later prove rigorously) that the upper and lower sums 
must approach one another more and more closely, so that the 
volume V can be regarded as the common limit of the upper and 
lower sums as N tends to «. 

We can obviously obtain the same limiting value if instead 
of m,; or M, we take any number between m, and M,, e.g. f(a, y,), 
the value of the function at a point (x;, y;) m the region Ry. 


2. The General Analytical Concept of the Integral. 


These concepts suggested by geometry must now be studied 
analytically and made more precise without direct reference to 
intuition. We accordingly proceed as follows. We consider a 
closed region & with area AR, and a function f(x, y) which is 
defined and continuous everywhere in R, including the boundary. 
As before, we subdivide the region by sectionally smooth arcs * 
into N sub-regions R,, R,,..., Ry with areas AR,,..., ΔΕ, 
In R,; we choose an arbitrary point (€;, η) where the function 
has the value /, = f(&,, 7,;) and we form the sum 


N 
Vy — 2h AR,. 
The fundamental theorem is iii as follows: 


If the number N «increases beyond all bounds and at the same 


*T.e. arcs which are given in a suitable co-ordinate system by an equation 
y = $(x), where ¢ is a continuous function whose derivative is cortinuous except 
for a finite number of jump discontinuities (cf. p. 41). 
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time the greatest of the diameters of the sub-regions tends to zero, 
then V,, tends to a limit V. This limit is independent of the par- 
ticular nature of the subdivision of the regions R and of the choice 
of the point (é,, η) ὧν R, The limit V we call the (double) integral 
of the function (x, y) over the region R: in symbols, 


[ [,f@ y) 48. 


Corollary. We obtain the same limit if we take the sum 
only over those sub-regions R, which lie entirely in the interior 
of R, that is, which have no points in common with the boundary 
of R. ) 

This existence theorem for the integral * of a continuous 
function must be proved in a purely analytical way. The proof, 
which is very similar to the corresponding proof for one variable, 
is given in the appendix to this chapter (p. 293). 

We shall now illustrate this concept of an integral by consider- 
ing some special subdivisions. The simplest case is that in which 
R is a rectangle α ΞΞ ἃ ΞΞ Ὁ, eS y Sd and the sub-regions R,; 
are also rectangles, formed by subdividing the z-interval into 
n equal parts and the y-interval into m equal parts, of lengths 


λ:: 8 5.8 and pe 
n 


e 


The points of subdivision we call x = ὦ, %, Lp, .-- > Ua = ὃ and 


* We can refine this theorem further in a way which is useful for many 
purposes. In the subdivision into N sub-regions it is not necessary to choose ἃ 
value which is actually assumed by the function f(z, y) at a definite point 
(ξ,» ηε) of the corresponding sub-region; it is sufficient to choose values which 
differ from the values of the function f(£,, 7;) by quantities which tend uniformly 
to zero as the subdivision is made finer. In other words, instead of the values 
of the function f(£,, 7,) we can consider the quantities 


fo = fl bom) + ey | 
where | ες γί - ἐν» lim ey = 0. (The number εἰς y is therefore the difference 
Np 


between the value of the function at a point of the i-th sub-region of the sub- 
division into N sub-regions and the quantity ἢ; with which we form the sum.) 
This theorem is almost trivial; for, since the numbers ες, tend uniformly to 
zero, the absolute value of the difference between the two sums 


N 
Sf, AR, and E(f, + εν δ AR 


is less than ey DAR;, and can be made as small as we please if we take the 
number N sufficiently large. E.g. if we have f(x, y) = P(x, y) Q(z, y) we may 
take f; = P;Q;, where P; and Q; are the maxima of P and Q in R, which are 
in general not assumed at the same point. 

9 (5912) 
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Yo=C, Yr Yor-+> Ym= ἃ respectively, and through these 
points we draw parallels to the y-axis and the z-axis respectively. 
We then have N = nm. All the sub-regions are rectangles with 
area AR; = hk = AvAy, if we put h= Az, k= Ay. For the 
point (€;, ηε) we can take any point in the corresponding rect- 
angle, and we then form the sum 


Uf: ni)AvAy 


for all the rectangles of the subdivision. 

If we now let » and m simultaneously increase beyond all 
bounds, the sum will tend to the integral of the function f over 
the rectangle R. 

These rectangles can also be characterized by two suffixes 
p and ν, corresponding to the co-ordinates x=a-+ vh and 
y=c-+ pk of the lower left-hand corner of the rectangle in 
question. Here v assumes integral values from 0 to (ἢ — 1) and 
p from 0 to (m— 1). With this identification of the rectangles 
by the suffixes ν and μ we may appropriately write the sum as 
a double sum * 


Σ Σ 7(ξ,» ,)AvAy. 
v=0 p=0 
Even when ἢ is not a rectangle, it is often convenient to 
subdivide the region into rectangular sub-regions 1. To do this 
we superpose on the plane the rectangular net formed by the 
lines | 
z=vh (v=0,+1,+2,...) 
y=pk (up =0,4+1,4+2,...), 


where ἢ and k are numbers chosen arbitrarily. We now consider 
all those rectangles of the division which lie entirely within R. 
These rectangles we call #;. Of course they do not completely 
fill the region; on the contrary, in addition to these rectangles R 
also contains certain regions 1, adjacent to the boundary which 
are bounded partly by lines of the net and partly by portions of 
the boundary of &. But by the corollary on p. 225 we can cal- 
culate the integral of the function / over the region & by summing 
over the interior rectangles only and then passing to the limit. 


* If we are to write the sum in this way, we must suppose that the pointe 
(€;, n;) are chosen so as to lie in vertical or horizontal straight lines. 
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Another type of subdivision which is frequently applied is 
the subdivision by a polar co-ordinate net (fig. 3). Let the origin 
O of the polar co-ordinate system lie in the interior of our region. 
We subdivide the entire angle 27 into n parts of magnitude 


Fig. 3.—Subdivision by polar co-ordinate nets 


A@ = 2π|η = h, and we also choose a second quantity k= Ar. 
We now draw the lines θ = νὴ(ν = 0, 1, 2,..., ἡ — 1) through 
the origin and also the concentric circles γι = μά(μ = 1, 2,...). 
Those which lie entirely in the interior of R we denote by R; 
and their areas by AR,;. We can then regard the integral of the 
function f(x, y) over the region FR as the limit of the sum 


UE: n ΔΗ, 


where (£,;, 4;) 1s a point chosen arbitrarily in R;. The sum is 
taken over all the sub-regions R; in the interior of A, and the 
passage to the limit consists in letting ἢ and & tend simultaneously 
to zero. 

By elementary geometry the area AR; is given by the equation 


AR, = (5, μι — 7,2)h = 2(2n + IRR, 


if we assume that R, lies in the ring bounded by the circles 
with radu pk and (μ + 1)k. 


3. Examples. 


The simplest example is the function f(z, y)= 1. Here the limit of 
the sum is obviously independent of the mode of subdivision and is always 
equal to the area of the region R. Consequently, the integral of the function 
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f(z, y) = 1 over the region is also equal to this area. This might have been 
expected, for the integral is the volume of the cylinder of unit altitude 
with the region R as base. 

As a further example we consider the integral of the function f(x, y) = ὦ 
over the square OS251,0SyS 1. The intuitive interpretation of 
the integral as a volume shows that the value of our integral must be }. 
We can verify this by means of the analytical definition of the integral. 
We subdivide the rectangle into squares of side 4 = 1/n, and for the 
point (ἔξ, 7,) we choose the lower left-hand corner of the small square. 
Then each one of the squares in the vertical column whose left-hand 
side has the abscissa vi contributes the amount νὴδ to the sum. This 
expression occurs n times. Thus the contribution of the whole column of 
squares amounts to nvh? = vh®. If we now form the sum from v= 0 
to v= n — 1, we obtain 

n—} n(n — 1) 1 A 
2 ees 
2, eo 2 die 2 2 
The limit of this expression as 4 — Ὁ is 4, as we stated. 

In a similar way we can integrate the product xy, or more generally 
any function f(x, y) which can be represented as a product.of a function of 
x and a function of y in the form f(z, y)= φ(α)ψίψ), provided that the 
region of integration is a rectangle with sides parallel to the axes, say 


asxsb, 
eSySd. 


We use the same division of the rectangle as on p. 225, and for the value 
of the function in each sub-rectangle we take the value of the function 
at the lower left-hand corner. The integral is then the limit of the sum 


n—1 m—1 
hk Y Σ 9(vh)b(uk), 
=0 p=0 
which may also be written as the product of two sums in the form 
n—1 m—1 
(Shoo) {= eum}. 
v=0 με 


But in accordance with the definition of the ordinary integral, as ὦ > 0 
and k —> 0 each of these factors tends to the integral of the corresponding 
function over the interval from a to 6 or from ὁ to ὦ respectively. We 
thus obtain the general rule: if a function f(x, y) can be represented as a 
product of two functions o({x) and Y(y), tts double integral over a rectangle 
asxsbeSy Sd can be resolved into the product of two integrals: 


J [fe y)dudy =f oeae [vardy 


In virtue of this rule and the summation rule (cf. p. 231) we can, for 
example, integrate any polynomial over a rectangle with sides parallel to 
the axes. | 
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As a last example we consider a case in which it is convenient to use 
a subdivision by the polar co-ordinate net instead of a subdivision into 
rectangles. Let the region R be the circle with unit radius and centre the 
origin, given by a* + y* < 1, and let 


f(z y) =f — 7 — ¥); 


in other words, we wish to find the volume of a hemisphere of unit radius. 
We construct the polar co-ordinate net as before. From the sub- 
region lying between the circles with radii r, Ξε μὲ and r,41=(u+ 1) 


and between the lines 0 = νὴ and 6= (v-+ 1)} (.-- = =) we obtain the 
contribution 


1 Tatityr, 3 —— 
ae =. (3:9) (5. το γι) = νΊ ἘΠ eu" kh, 


where for the value of the function in the sub-region R,; we have taken 
the value which the function assumes on an intermediate circle with the 
Tutit py 
Saige oe 
the same contribution, and since there are n = 2x/h such regions the 
contribution of the whole ring is 


2rV1 — 9,7 p,k. 


The integral is therefore the limit of the sum 


radius oe, = All sub-regions which lie in the same ring give 


m—1 
x 24nV 1 — ρμξ ek 


u=0 


and, as we already know, this sum tends to the single integral 


1 1 
anf rVi— dr = — "Ξ γα ae =F 
0 0 


we therefore obtain 
{{νἰ fo pad 
R 3 


in agreement with the known formula for the volume of a sphere. 


4. Notation. Extensions. Fundamental Rules. 


The rectangular subdivision of the region R is associated with 
the symbol for the double integral which has been in use since 
Leibnitz’s time. Starting with the symbol 


n—1im—1 


x Σ f(é, n,) Ardy 


y=0 um 0 
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for the sum over the rectangles, we indicate the passage to the 
limit, from the sum to the integral, by replacing the double 
summation sign by a double integral sign and writing the symbol 
dx dy instead of the product of the quantities Ax and Ay. Accord- 
ingly, the double integral is frequently written in the form 


ΠΠ τ. waedy 


[ff nas 


in which the area of AR is replaced by the symbol dS. We again 
emphasize that the symbol dzdy does not mean a product, but 
merely refers symbolically to the passage to the limit of the 
above sums of nm terms as n > οὐ and m—> οὐ. 

It is clear that in double integrals, just as in ordinary integrals 
of a single variable, the notation for the “ variables of integra- 
tion ᾿ is immaterial, so that we could equally well have written 


[ [ f(u, v)dudv or f [ f(€, ηγάξάη. 


In introducing the concept of integral we saw that for a 
positive function f(z, y) the integral represents the volume under 
the surface z= f(x, y). In the analytical definition of integral, 
however, it is quite unnecessary that the function f(:, y) should 
be positive everywhere; it may be negative, or it may change 
sign, in which last case the surface intersects the region R. Thus 
in the general case the integral gives the volume in question with 
a definite sign, the sign being positive for surfaces or portions of 
surfaces which lie above the xy-plane. If the whole of the surface 
corresponding to the region F consists of several such portions, 
the integral represents the sum of the corresponding volumes 
taken with their proper signs. In particular, a double integral 
may vanish although the function under the integral sign does 
not vanish everywhere. 

For double integrals, as for single integrals, the following 
fundamental rules hold, the proofs being a simple repetition 
of those in Vol. I (p. 81). If cis a constant, then 


J fete. y) dS = J [fe y) 45. 


instead of in the form 
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Also, 
[fitent de mas=ff fe nas+f foe, yas 


that is: the integral of the sum of two functions ts equal to the sum 
of their two integrals. Finally, if the region R consists of two sub- 
regions R’ and R” that have at most portions of the boundary 
in common, then 


[fienas=fftenas+f [se nas, 


that is: when regions are joined together the corresponding integrals 
are added. 


5. Integral Estimates and the Mean Value Theorem. 


As in the case of one independent variable, there are some 
very useful estimation theorems for the double integral. Since 
the proofs are practically the same as those of Vol. I, Chap. II, 
section 7 (p. 126), we shall here be content with a statement of 
the facts. 

If f(z, y) & 0 in R, then 


[ [fe nas 20; 
similarly, if f(z, y) <= 0, 
{{-ὦ, y)dS < 0. 


This leads to the following result: 
If the inequality 
f(z, y) 2 o@, 9) 


holds everywhere in R, then 
[fife nas=f fd, yas. 


A direct application of this theorem gives the relations 


[ffenessff|fe plas 
[frenas2—f f]fe νὴ] ὦ. 


and 
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We can also combine these two inequalities in a single formula: 


lf [re n4as| sf [| fe | as. 


If m is the lower bound and M the upper bound of the values 
of the function f(z, y) in 1, then 


mAR < f f f(a, y)dS <= MAR, 


where AR is the area of the region R. The integral can then be 
expressed in the form 


[[f@ as = par, 


where yu is a number intermediate between m and M, the exact 
value of which cannot in general be specified more exactly.* 
This form of the estimation formula we again call the mean 
value theorem of the integral calculus. 
Here again the following generalization holds: if μία, y) is 
an arbitrary positive continuous function in ἢ, then 


f [ pla, ψ) f(a, γ)48 = μ [ pla, y) dS, 


where » denotes a number between the greatest and least values 
of f, which cannot be further specified. 

These integral estimates show as before that the integral 
varies continuously with the function. More precisely, if f(x, y) 
and ¢(x, y) are two functions which satisfy the inequality 


| f(a, y) — P(x, ψ)} « ε, 


where ε1Β a fixed positive number in the whole region 1 with area 


AR, then the integrals f f{ f(a, y)dS and [ [ φ(α, y)dS differ by 
R R 


less than ¢AR, that is, by less than a number which tends to 
zero with ε. 

In the same way we see that the integral of a function varies 
continuously with the region. For suppose that two regions R’ 
and R” are obtained from one another by the addition or removal 
of portions whose total area is less than «, and suppose that 

* Just as in the case of continuous functions of one variable, we can state 


that the value μ is certainly assumed at some point of the region & by the 
continuous function f(a, y). 
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F(x, y) is a function which is continuous in both regions and such 
that | f(x, y) |< M, where M is a fixed number. Then the two 


integrals [ if F(z, y) dS and [ [Ἐ F(z, γ) 48 differ by less than Me, 
Rr RR” 


that is, by less than a number which tends to zero with ε. 
The proof of this fact follows at once from the last theorem of 
_ the preceding sub-section. 

We can therefore calculate the integral over 8 region FR as 
accurately as we please by taking it over a sub-region of R whose 
total area differs from the area of R by a sufficiently small amount. 
For example, in the region R we can construct a polygon whose 
total area differs by as little as we please from the area of R. 
In particular, we may suppose this polygon to be bounded by 
lines parallel to the z- and y-axes alternately, that is, to be pieced 
together out of rectangles with sides paraliel to the axes. 


6. Integrals over Regions in Three and More Dimensions. 


Every statement we have made for integrals over regions of 
the zy-plane can be extended without further complication or 
the introduction of new ideas to regions in three or more dimen- 
sions. If e.g. we consider the case of the integral over a three- 
dimensional region R, we have only to subdivide this region R 
by means of a finite number of surfaces with continuously varying 
tangent planes into sub-regions which completely fill R and 
which we denote by R,, Ry,..., Ry. If f(x, y, 2) is a function 
which is continuous in the closed region R, and if (€, 7, &;) 
denotes an arbitrary point in the region R,, we again form the sum 


=f (ἔῃ Ἢ ζ Δὲ, 


in which AR, denotes the volume of the region R;. The sum is 
taken over all the regions R,, or, if it is more convenient, only 
over those sub-regions which do not adjoin the boundary of R. 
If we now let the number of sub-regions increase beyond all 
bounds in such a way that the diameter of the largest of them 
tends to zero, we again find a limit independent of the particular 
mode of subdivision and of the choice of the intermediate points. 
This limit we call the integral of {(x, y, z) over the region R, and 
_ we denote it symbolically by 


[ff fe y, z)dV. 


9° (£912) 
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If, in particular, we effect a subdivision of the region into 
rectangular regions with sides Az, Ay, Az, the volumes of the 
inner regions Ff, will all have the same value AvAyAz. As on 
p. 230, we indicate the possibility of this type of subdivision and 
the passage to the limit by introducing the symbolic notation 


{{{1-ῳ» y, 2) ἀα ἀν dz 


in addition to the one above. All the facts which we have men- 
tioned for double integrals remain valid for triple integrals apart 
from the necessary changes in notation. | 
For regions of more than three dimensions the multiple 
integral can be defined in exactly the same way, once we have 
suitably defined the concept of volume for such regions. If 
in the first instance we restrict ourselves to rectangular regions 
and subdivide these into similarly oriented rectangular sub- 
regions, and if we further define the volume of a rectangle 


Su, Sa,+h, Ay ΞΞ L_ ZS Ay + hy, veey On S%y Sant hy, 


as the product hh, ...h,, the definition of integral involves 
nothing new. We denote an integral over the -dimensional 
region & by 


ff τ τς τ ὁ | fe. Lo, ιν Ly) dX, dr... day. 


For more general regions and more general subdivisions we must 
rely on the abstract definition of volume which we shall give 
in section 1 of the appendix (p. 287). 

In what follows, apart from section 3 of the appendix, we 
can confine ourselves to integrals in at most three dimensions. 


7. Space Differentiation. Mass and Density. 


In the case of single integrals and functions of one variable, 
we obtain the integrand from the integral by a process of dif- 
ferentiation, taking the integral over an interval of length A, 
dividing by the length ἡ, and then letting h tend to zero. For 
functions of one variable this fact represents the fundamental 
connexion between the differential calculus and the integral 
calculus, and we interpreted it intuitively in terms of the concepts 
of total mass and density. For the multiple integrals of functions 
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of several variables the same connexion exists; but here it is 
not so fundamental in character. | 
We consider the multiple integral (domain integral) 


[ff yas or f f [fey αν 


of a continuous function of two or more variables over a region B 
which contains a fixed point P with co-ordinates (29, y 9)—or 
(Zo, Yoo 20) a8 the case may be—and which has the content * 
AB. If we then divide the value of this integral by the content 
AB, it follows from the considerations of sub-section 5 (p. 232) 
that the quotient will be an intermediate value of the integrand, 
that is, a number between the greatest and the least values 
of the integrand in the region. If we now let the diameter of 
the region B about the point P tend to zero, so that the content 
AB also tends to zero, this intermediate value of the function 
f(x, y}—or f(x, y, z}—must tend to the value of the function at 
the point P. Thus the passage to the limit yields the relations 


dim al [fe N48 -- ἔων vo) 


and 


i GAB ali fte 5:5 2)dV = = f (Xo, Yo: Zo). 


This limiting process, which corresponds to the differentiation 
described above for integrals with one independent variable, we 
call the space differentiation of the integral. We see, then, that the 
space differentiation of a multiple integral gives the integrand. 


This connexion enables us to interpret the relation of integrand to 
integral in the case of several independent variables, as before, by means 
of the physical concepts of density and tota] mass. We think of a mass of 
any substance whatever as distributed over a two- or three-dimensional 
region αὶ in such a way that an arbitrarily small mass is contained in each 
sufficiently small sub-region. In order to define the specific mass or density 
at a point P, we first consider a neighbourhood B of the point P with 
content AB, and divide the total mass in this neighbourhood by the content. 
The quotient we shall call the mean density or average density in this sub- 
region. If we now let the diameter of B tend to zero, from the average 
density in the region B we obtain in the limit the density at the point P, 


* The word content is used as a general word to include the idea of length 
in one dimension, area in two dimensions, volume in three dimensions, and 
᾿ 80 On. 
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provided always that such a limit exists independently of the choice 
of the sequence of regions. If we denote this density by u(z, y)—or by 
μία, Ψ, 2)/—and assume that it is continuous, we see at once that the process 
described above is simply the space differentiation of the integral 


{{π nas, 
ff (a, y, z)dV, 


taken over the whole region R. This integral taken over the whole region 
therefore gives us the total mass of the substance of density u in the 
region * R. 

From the physical point of view such a representation of the mass of 
a substance is naturally an idealization. That this idealization is reasonable, 
1.6. that it approximates to the actual situation with sufficient accuracy, 
is one of the assumptions of physics. 

These ideas, moreover, retain their mathematical significance even 
when μ is not positive everywhere. Such negative densities and masses 
may also have a physical interpretation, e.g. in the study of the distribution 
of electric charge. 


or 


3. REDUCTION OF THE MULTIPLE INTEGRAL TO 
REPEATED SINGLE INTEGRALS 


The fact that every multiple integral can be reduced to single 
integrals is of fundamental importance in the evaluation of 
multiple integrals. It enables us to apply all the methods which 
we have previously developed for finding indefinite integrals to 
the evaluation of multiple integrals. 


1. Integrals over a Rectangle. 


In the first place we take the region R as a rectanclea = a7 = ὃ, 
a Sy S Pf mm the zy-plane, and we consider a continuous function 
f(z, y)in R. In Vol. I, Chap. X (pp. 490-1) we used a process of 
cutting the volume under the surface z= f(z, y) into slices in 
order to make the following statement appear plausible: 


* What we have shown here is that the distribution given by the multiple 
integral has the same space-derivative as the mass-distribution originally 
given. It remains to be proved that this implies that the two distributions are 
actually identical; in other words, that the statement “ space differentiation 
gives the density μ᾿ can be satisfied by only one distribution of mass. The 
proof, which is not difficult, is passed over here. (It closely resembles the proof 
of the Heine-Borel covering theorem.) 
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To find the double integral of f(x, y) over the region R, we first 
regard y as constant and integrate {(x, y) with respect to x between 
the umits a and b. This integral 


by) =f Se, yao 


is a@ function of the parameter y, and we have then to integrate i 
between the limits a and B. In symbols, 


fle, dS =f dy)dy, gy) =f fe, yam, 
Sf [ [ 
or, more briefly, 

[f Fle, yas = fay f fee, y)de. 


In order to prove this statement analytically, we return to 
the definition of the multiple integral on p. 226. Taking 


ἡΞι πὴ pa 
m 
we have 
| [ f@, yas = Tim Σ Σ flat ph, a+ vk) hk, 
R ee 


where the limit is to be understood to mean that the sum on the 
right-hand side differs from the value of the integral by less than 
an arbitrarily small pre-assigned positive quantity ¢«, provided 
only that the numbers m and n are both larger than a bound * 
N depending only on e. By introducing the expression 


Gee Σ᾽. -Ὁ μά, ἃ- νὰ 
wes 1 


we can write this sum in the form 


x ᾧ ὦ. 
v=1 
If we now choose an arbitrary fixed value for ε, e.g. — or τὸ ΒΝ 
100 10,000 


* The root idea of the following proof is simply that of resolving the double 
limit as m and n increase simultaneously into the two successive single limiting 
processes, first m-—> o when n is fixed and then n — οὐ (cf. Chap. 11, Appendix, 
section 2 (p. 103)). 
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and for n choose any definite fixed number greater than N, we 
know that 


if [ fla, y)dS -- ΕΣ Φ, «ε 


no matter how large the number m is, provided only that it is 
greater than NV. If we keep n fixed during the limiting process, 
the above expression will never exceed ε. In accordance with 
the definition of the ordinary integral, however, in this limiting 
process the expression ®, tends to the integral 


b 
[flat vk)de = (a + vk), 
and we therefore obtain 


[fe y)aS — ἘΣ g(a + vk)| Se. 


For arbitrarily small values of ε this inequality holds for all 
values of n which are greater than a fixed number N depending 
only on ε. If we now let n tend to οὐ (i.e. let k tend to zero), 
then by the definition of the single integral and the continuity of 


I “Fa, y)dz = φ(ψ) we obtain 
Ω ss β 
lim ἘΣ g(a + vk) =f g(y)dy, 


Aa—> ὦ yo] 
whence 


Β 
| [fie nas—fdwdy |< 
Since « can be chosen as small ag we please and the left-hand 
side is a fixed number, this inequality can only hold if the left- 
hand side vanishes, i.e. if 


[f Fe. nas =f ay f fe, yz 


This gives the required transformation. 

This result accordingly reduces double integration to the per- 
formance of two successive single integrations. The double integral 
can be represented as a repeated single integral. 

Since the parts played by x and y are interchangeable, no 
further proof ie required to show that the equation 
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[te nas=f def fle way 


2. Results. Change of Order of Integration. Differentiation 
under the Integral Sign. 


is also true. 


From the last two formule of the preceding sub-section we 
obtain the relation 


[auf te yae=f def fle, yay 


or, in words: 

In the repeated integration of a continuous function with constant 
lumits of integration the order of integration can be reversed. 

This theorem can also be stated as follows: 

If the function f(x, y) 1s continuous in the closed rectangle, then 
in this rectangle we can perform the integration of the tntegral 

b 
f(x, y)dx with respect to the parameter y by integrating with 
respect to y under the integral sign, that 1s, by integrating first with 
respect to y and then with respect to x. 

This theorem corresponds exactly to the rule for the differen- 
tiation of an integral with respect to a parameter (cf. section 1, 
p. 219). 

We obtain a further result if we regard one of the above 
limits, say b, as a variable parameter. We can then differentiate 
the double integral with respect to this parameter; by the funda- 


mental theorem of the differential and integral calculus we obtain 
the result 


ὃ β 

δι... [fm y)dedy = [ FO, υ)άν. 
Similarly, if we regard §8 as a variable parameter we obtain 

2 b 

7 J [f@ ydedy =f fle, )de. 
Finally, from the two equations we obtain 

)dxd b, 
SBE va J [fle ydedy = fb, B) 


by repeated differentiation. 
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In other words: 

Differentiation of the integral with respect to one of the upper 
lumits leads to an ordinary integral over the corresponding side of 
the rectangle; mixed differentiation with respect to the two upper 
limits gives the integrand at the corresponding corner of the rectangle.* 

The theorem on the change of order in integration. has many 
applications. In particular, it is frequently used in the explicit 
calculation of simple definite integrals for which no indefinite 
integral can be found. 


As an example—for further examples see the appendix, section 3, 
pp. 313-6—we consider the intogral 


oO — 
e-at __ 6 ba 
ΓΞ Ξε 
0 H+] 


which converges fora > 0,b>0. We can express J as a repeated integra] 
in the form 
09 ys) 
= J dx ! εν ἀν. 
0 a 


In this improper repeated integral we cannot at once apply our theorem 
on change of order. If, however, we write 


Τ δ 
I=lm | dz i eV dy, 
F> 2 /0 a 
by changing the order of integration we obtain 
61 — oT b bo-Ty 
oe dy = log - — lim : 
ΖΦ rp>odg YY 


I = lim 


T—>x<a 


diy. 


Since in virtue of the relation 
be—Ty Τὸ 9-9 
ς ν Ta ν 


the second integral tends to zero as T increases, we have 
C p—-G% _. o—be b 
1= [ ——*— de = bog. 
0 z a 


In a similar way we can prove the following general theorem: if f(t) is 


to a] 
t 
sectionally smooth for ¢ = 0, and if the integral Ὶ “δι dt exists, then 
1 


1-- [ Flax) Ξ $02) ὡς $10) log (a > 0, ὃ > 0). 
0 x a 
* The reader’s attention may be drawn to the connexion between this 


formula and the theorem on change of order of differentiation (cf. p. 55); he 
should investigate for himself to what extent the two facts are equivalent. 
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For here we can again express the single integral as a repeated integral 
eo a 
T= [dz f fay)dy 
0 b 
and change the order of integration. 


3. Extension of the Result to More General Regions. 


By a simple extension of the results already obtained we 
can prove that our result holds for regions more general than 
rectangles. We begin by considering a convex region R, that is, a 
region whose boundary curve is not cut by any straight line 
in more than two points unless the whole straight line between 


Fig. 4.-—-General convex region of integration 


these two points is a part of the boundary (fig. 4). We suppose 
that the region lies between the “lines of support ” (cf. ex. 1 (5), 
Ὁ. 100) c= %, v= 2, and y= yy, y= y, respectively. Since 
for points of R the z-co-ordinate lies in the interval x) S 7S 2, 
and the y-co-ordinate in the interval ψ0 Sy Sy, we consider 
the integrals | 


oly) 
[726 ye 
$i(y) 


and 
a(x) 
f f(x, y)dy, 
Ya(x) 


which are taken along the segments in which the lines y = const. 
and ὦ = const. respectively intersect the region. Here ¢,(y) and 
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¢,(y) denote the abscissee of the points in which the boundary 
of the region is intersected by the line y= const., and ψ,(“) 
and ψ,(α) the ordinates of the points in which ar Bowncery 18 


intersected by the lines z= const. The integral Γ Fl (x, y)dx 18 


therefore a function of the parameter y, where ae parameter 
appears both under the integral sign and in the oR ane lower 


limits, and a similar statement holds for the integral [ ε; (x, y) dy 


as a function of x. The resolution into repeated ΣΝ is then 
given by the equations 


Mn aly) 
[Jfenas=f dy] $e, dz 
= [ef joona 


To prove this we first choose a sequence of points on the are 
y = y,(z), the distance between successive points being less than 


Fig. 5 


a positive number 6. We join successive points by paths each 
consisting of a horizontal and a vertical lme-segment, lying in R. 
The lower boundary y = ψη() we treat similarly. We thus 
obtain a region £# in R, consisting of a finite number of rectangles. 
The boundary of & above and below is represented by sectionally 
continuous functions y= (xz) and y= ψι(α) respectively 
(cf. fig. 5). By the known theorem for rectangles we have 


[ [ f(z, γ)άϑ = f “ae f ee y) dy. 
R Xe Wal) 
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Since ψι(.) and ¢,(x) are uniformly continuous, as ὃ > 0 the 
functions ψι()] and (x) tend uniformly to ¥,(x) and ψχ(α) 
respectively, and so 


αι [" “ἴω, yay =f i; (2, y)dy 


uniformly in xz. It follows that 
Vale 
ὦ Ξε! ὦ d 
Jim [ἢ αι do f"ae“Pe, vie 


On the other hand, as ὃ -> 0 the region 2 tends to R. Hence 
lim ,y)aS = x, y) dS. 
lim ff fle, yaS=f f fle, ya 
Combining the three equations, we have 
*1 Wa(*) 
xv, y)dS =| dx x, y) dy. 
[ff nas=f def fe, ydy 


The other statement can be established in a similar way. 
A similar argument is available if we abandon the hypothesis 


Fig. 6.—Non-convex cegions of integration 


of convexity and consider regions of the form indicated in fig. 6. 
We assume merely that the boundary curve of the region is 
intersected by every parallel to the z-axis and by every parallel 
to the y-axis in a bounded number of points or intervals. By 
" F(x, y)dy we then mean the sum of the integrals of the function 


f(x, y) for a fixed x, taken over all the intervals which the line 
z= const. has in common with the closed region. For non- 
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convex regions the number of these intervals may exceed unity. 
It may change suddenly at a point z= € (as in fig. 6, right) in 
such a way that the expression i F(x, y) dy has a jump discontinuity 


at this point. Without essential changes in the proof, however, 
the resolution of the double integral 


[ [fe ν)48 -- f dxf fle, ydy 


remains valid, the integration with respect to x being taken along 
the whole interval z, <2, over which the region Κα lies. 
Naturally the corresponding resolution 


Jf yds = [ἀν f fle, y)dex 


also holds. 


Fig. 7.—Circular ring as region of integration 


If e.g. the region is the circle (fig. 7) defined by a? + y? <1, then the 
resolution is as follows: 


J [4 yas = =f def ac y)dy. 


νᾳ--αὶ 


If the region is a circular ring between the circles a2 +47= 1 and 
x? -+ y? = 4 (fig. 7), then 


[ J f(%, y)dady = =f: dx af ae fle y)dy + f da [ “" y)dy 


a ae νον +v(4—x*) 
+f dn f Εἰς y)dy +f a on y)dy. 
ἜΝ --ν(4-- 
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As a final example we take as the region F a triangle (fig. 8) bounded 
by the lines = y, y= 0, and z= a(a ;» 0). If we integrate first with 


respect to ὦ, 
[ftenas=f “dy [ “fle, y)de, 


and if we integrate first with respect to y, 


ff te nas=f “de [ “fle, γ)ᾶμ. 
y | ; 


Fig. 8.—Trriangle as region of integration 


Comparing the two results, we have 
a * a a 
[ dx] f(x, y)dy - dy [ f(x, y)da. 
0 “Ὁ 0 “Ὁ 
In particular, if f(z, y) depends on y only, our formula gives 


[ “dt [ “φλᾷ -- [ “fly) (α -- y)dy- 


From this we see that if the indefinite integral [ f(y)dy of a function f(z) 
0 | 
is integrated again, the result can be expressed by asingle integral (of. p. 221). 


4. Extension of the Results to Regions in Several Dimensions. 


The corresponding theorems in more than two dimensions 
are so closely analogous to those already given that it will be 
sufficient to state them without proof. If we first consider the 
rectangular region % 75%, Ψὸ ΞΞ Κὶ ΞΞ γι" 20 ΞΞ 5 ΞΞ 5. anda 
function f(z, y, 2) which is continuous in this region, we can 
reduce the triple integral 


V =f fffe, y, z)dV 
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_in several ways to single integrals or double integrals. Thus 


[f]fe y; z)dV = ef {re. 9; 2) da dy. 


J [fe 4 ἡ ἀράν 


is the double integral of the function taken over the rectangle 
SESH, Y Sy SH, 2 being kept constant as a parameter 
during this integration, so that the double integral is a function 
of the parameter z. Either of the remaining co-ordinates z and y 
can be singled out in the same way. 

Moreover, the triple integral V can also be represented as a 
repeated integral in the form of a succession of three single 
integrations. In this representation we first consider the expression 


[fey ade 


Here 


a and y being fixed, and then consider 
v1 1 
[ dy [ F(x, y, τ) ἄς, 
Yo Be 
x being fixed. We finally obtain 
xy V1 21 
V=] dz] d (x, y, 2) dz. 
[ ᾿ ay Ἵ 70 ν, 2) 


In this repeated integral we could equally well have integrated 
first with respect to ὦ and then with respect to y and finally 
with respect to z, or we could have made any other change in 
the order of integration; this follows at once from the fact that 
the repeated integral is always equal to the triple integral. We 
therefore have the following theorem: | 

A repeated integral of a continuous function throughout a 
closed rectangular region is independent of the order of integration. 


The way in which the resolution is to be performed for non-rectangular 
regions in three dimensions scarcely requires special mention. We content 
ourselves with writing down the resolution for a spherical region x2 + y? 4- 
z2<l: 


+1 +V(l—x) p+ V(1—x3—y?) 
I[ ft y, z)dadydz - dz dy 7(α, y, z)dz. 
5 -1 -να--αὐῦῷ MY —V (1x8!) 
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EXAMPLES 


Evaluate the integrals in Ex. 1-8: 


1. [ [evaady over the circle 2? + ἢ Ξ 1. 


_ 2 
2. f f Ne 800 ἘΨῚ dxdy over the circle χϑ - ψ8 -ΞΞ 1. 


(x? + y?)! 
3. f f [ (22 + y? + οϑ)ανε ἀκ ἀν ἀξ throughout the sphere α + y? + 2? 
<7 | 


—, 


4, 1 zdadydz throughout the cen defined by the inequalities 
a+ psd, a+ νὴ +#@sl. 


5. f (2 + y + 2)a*y?2" ἀκ ἂν dz throughout the region + y+231, 
220,720,220. 


da dy dz 
hrough h 2 2 
ἀρ πὸ ares. x throughout the sphere 27 + y2¥4+ 251. 


dx dy dz 
7. f f jaa throughout the sphere 2? 2 251, 
ΕΣ ΣΝ Ponte ee 


8. UeS δεῖν. - over the square |x| $1, |y| S1. 
9. Prove that if ? (2) is a continuous function 


lim [. ᾿ f(x)dx = π (0). 
h—> +0 H+ αἱ : a? 


4, TRANSFORMATION OF MULTIPLE INTEGRALS 


In the case of single integrals the introduction of a new 
variable of integration is one of the chief methods for trans- 
forming and simplifying given integrals. The introduction of 
new variables is likewise of great importance in the case of several 
variables. In the case of multiple integrals, in spite of their 
reduction to single integrals, explicit evaluation is generally 
more difficult than in the case of one independent vaniable, and 
the integration in terms of elementary functions is less often 
possible. Yet in many cases we can evaluate such integrals by 
introducing new variables in place of the original variables under 
the integral sign. Quite apart from the question of the explicit 
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evaluation of double integrals, the change of variables is of 
fundamental importance, since the transformation theory gives 
us a more complete mastery of the concept of integral. 

The most important special case is the transformation to polar 
co-ordinates, which has already been carried out in Vol. I, Chap. 
X (p. 494). Here we shall at once proceed to general transforma- 
tions. We first consider the case of a double integral 


[[ fe yas=f [ fw, ydedy, 


taken over a region R of the zy-plane. Let the equations 


Ye p(u, v) 
y = ψίω, 2) 


give a one-to-one mapping of the region R on the closed region 
R’ of the uv-plane. We assume that in the region R’ the functions 
¢@ and ¢% have continuous partial derivatives of the first order 
and that their Jacobian 


du Pe 
thy Pe 


never vanishes in the closed region FR’; to be specific, we assume 
that it is everywhere positive. We then know that with these 
assumptions the system of functions z= ¢(u, v), y== ψίω, v) 
possesses a unique inverse ὦ τ σίῳ, y), v= h(a, y) (p. 152). 
Moreover, the two families of curves u == const. and v = const. 
form a net over the region R. 

Heuristic considerations readily suggest how the integral 


D= -- φιψ. "" Bude 


[ [ ἴα, γγάσαψ can be expressed as an integral with respect 
to " and v. We naturally think of calculating the double integral 
[ f 7(α, y)dS by abandoning the rectangular subdivision of the 


region Κα and instead using a subdivision into sub-regions R, by 
means of curves of the net u == const. or v= const. We there- 
fore consider the values u= vh and v= pk, where ἢ == Au and 
k = Av are given numbers and v and p take all integer values 
such that the lines w= νὴ and v= μὲ intersect R’ (so that 
their images are curves in R). These curves define a number 
of meshes, and for the sub-regions R, we choose those meshes 
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which lie in the interior of R (figs. 9, 10). We now have to 
find the area of such a mesh. 
If the mesh, instead of being bounded by curves, were an 


B 7 


Figs. 9, 10.—Decomposition of regions in a transformation 


ordinary parallelogram, half the parallelogram bemg formed by 
the triangle with the vertices corresponding to the values 
(u,, v,), (u, +h, v,), and (u,, v,-+ &), then by a formula of ele- 
mentary analytical geometry (cf. Chap. I, p. 14) the area of 
the parallelogram would be given by the determinant 


φίι, + ἢ, v,) — φίω,, %) φίω,, %, + &) — φίω,, 2,) 
ψίω, ἘΠῚ ἢ, v,) a ψίω,, v,) ψίω,, Un "ἘΞ k) a ψίω,; v,) 


which is approximately equal to 


Pult,, υ.) Pol%,, %,) 
ψιίω,, υ.) ψυίω,, υ,) 


On multiplying this expression by the value of the function f in 
the corresponding mesh, summing over all the regions ὦ, lying 
entirely within R, and then performing the passage to the limit 
h > 0 and k-> 0, we obtain the expression 


[fF ©), Hes, 0)) Dando 


for the integral transformed to the new variables. 

This discussion is incomplete, however, since we have not 
shown that it is permissible to replace the curvilinear meshes 
by parallelograms or to replace the area of such a parallelo- 
gram by the expression (4,%, — W,¢,)hk; that is, we have not 
shown that the error thus caused vanishes in the limit as ἢ > 0 
and k->0. Instead of completing this method of proof by 


hk = hkD. 
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making these estimates, we prefer to develop the proof of the 
transformation formula in a somewhat different way, which can 
subsequently be extended directly to regions of higher dimensions. 


S 6 


O 
L XL 
Fig. 11 Fig. 12 


y 


For this purpose we use the results of Chap. ITI, section 3 
(p. 150) and perform the transformation from the variables z, y 
to the new variables u, v in two steps instead of in one. We 
replace the variables z, y by new variables z, v by means of the 

equations 
. L=2 
Yy~ φίρμηκ, α) y = Φ(, 2). 


Here we assume that the expres- 
sion (Ὁ, vanishes nowhere in the 
region ἢ, 1.6. that D, is every- 


JPY) where greater than zero, say, 
and that the whole region R can 
be mapped in a one-to-one way 

Ἐν σααγτῖν on the region B of the xv-plane. 
Fig. 13 We then map this region B in 


a one-to-one way on the region 
R’ of the we-plane by means of a second transformation 


z= P(u, v) 

v= 2, 
where we further assume that the expression VY, is positive 
throughout-the region B. We now effect the transformation of 


the integral f{ f f(x, y)dady in two steps. We start with a sub- 
Rg 
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division of the region B into rectangular sub-regions of sides 
Az = h and Av=k bounded by the lines x = const. = x, and 
v= const.= v, in the xv-plane. This subdivision of B corresponds 
to a subdivision of the region # into sub-regions #,, each sub-region 
being bounded by two parallel lines = ὦ, and x = a, 4+- h and 
by two arcs of curves y= O(v,, 2) and y= O(v, + k, x) (figs. 11, 12). 
By the elementary interpretation of the single integral, the 
area of the sub-region (fig. 13) is 


ἀν ἢ 
AR,=[ [®(v, + k, 2) — Φίυ,, 2)}dz, 
which by the mean value theorem of the integral calculus can be 
written in the form 
AR, = [Φίυ, + k, ἃ) — O(v,, @,)], 
where ὦ, is a number between z, and z,-++ A. By the mean value 
theorem of the differential calculus this finally becomes 
AR, = hk®,(,, Z,), 

in which 6, denotes a value between v, and v,-+ k, so that 
(v,, £,) are the co-ordinates of a point of the sub-region in B 


under consideration. The integral over # is therefore the hmit 


of the sum 
UfAR; = Lhkf(z,, OG, Z,))O,(0,, Z,) 


a? "ν 


ash->0,k—>0. We see at once that the expression on the right 
tends to the integral 


[f{fey®dedo (y= Ol, α)) 
B 
taken over the region B. Therefore 


[ff y)dedy = f f f(x y)D,dxdv. 


To the integral on the right we now apply exactly the same 
argument as that just employed for f{ [Ἐ (a, ψ)ά“ ἄν, transforming 


the region B into the region R’ by means of the equations 
a= V(u, v), v=. 
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The integral over B then becomes an integral over R’ with 
an integrand of the form f®,V,,, and we finally obtain 


f [ f (a, ψῷιψ, ἄμ άυ. 


Here the quantities ὦ and y are to be expressed in terms of the 
independent variables u and » by means of the two transforma- 
tions above. We have therefore proved the transformation 
formula 


[ff ydady =f f fle, Yo¥ dude, 


By introducing the direct transformation z = 4(u, v), y = (u, υ) 
the formula can at once be put in the form stated previously. 
For O(a, ν) = Q, and oz, 0) = Ῥω and so by Chap. III, section 3 
O(a, v) O(u, v) 

(p. 147) we have 


p=” _ ow, 
O(u, v) 


We have therefore established the transformation formula for all 
cases in which the transformation «= ¢(u, v), y = ys(u, v) can 
be resolved into a succession of two primitive transformations of 
the forms * «= 2, y= O(v, x) and v=», ὦ --- Fu, υ). 

In Chap. III, section 3 (p. 151), however, we saw that we can 
subdivide a closed region RF into a finite number of regions in 
each of which such a resolution is possible, except perhaps that 
it may also be necessary to replace u by v and v by —u; this 
substitution is merely a rotation of the axes, and we see that it 
does not affect the value of the integral; in fact, even the simple 
heuristic argument at the beginning of this sub-section is perfectly 
rigorous for this case. We thus arrive at the following general 
result: f 


* We have assumed above that the two derivatives ©, and W,, are positive, 
but we easily see that this is not a serious restriction. For the inequality 


Siro) a > 0 shows that these two derivatives must have the same sign. If they 


were both negative, we should merely have to replace x by —x and y by —y, 
which leaves the integral unchanged. The two primitive transformations then 
have positive Jacobians. 

Τ᾽ The above proof in the first instance holds only for every closed region 
R, lying entirely within R. Since, however, R, can be chosen so as to occupy 
all of R except a portion of arbitrarily small area, the transformation formula 
continues to hold for F itself. | 
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If the transformation x == φ(α, v), y = ψία, Vv) represents a 
continuous one-to-one mapping of the closed region R of the xy-plane 
on a region R’ of the uv-plane, and if the functions ¢ and ψ have 


continuous first derivatives and their Jacohian ae = dh, — Puy 
as everywhere postive, then (u, ¥) 7 


δία, 
[f fle. νγάνᾶῳ = ff fd, 0), Hou, 9) FY dud 

For completeness we add that the transformation formula 
remains valid if the determinant "ἢ μ ) vanishes without, how- 
ever, changing its sign, at a finite number of isolated pomts of 
the region. For then we have only to cut these points out of & 
by enclosing them in small circles of radius p. The proof is valid 
for the residual region. If we then let p tend to zero,* the trans- 
formation formula continues to hold for the region R in virtue 
of the continuity of all the functions involved. 

We make use of this fact whenever we introduce polar co- 
ordinates with the origin in the interior of the region; for the 
Jacobian, being equal to 7, vanishes at the origin. 

In Chap. V, section 4 (p. 377) we shall return to transforma- 
tions with negative Jacobians, and we shall see that the argument 
remains essentially the same. Nevertheless, we would point out 
here that provided the Jacobian D does not vanish the hypothesis 
D > 0 in a sense involves no loss of generality, for we can always 
change the sign of D by interchanging wu and v. A different 
method of proving the transformation formula will be given in 
Chap. V, § 3, p. 373. 


Regions of more than Two Dimensions. 


We can of course proceed in the same way with regions of 
more than two dimensions, e.g. with regions in three-dimensional 
space, and obtain the following general result: 

If a closed region R of xyz . . . -space is mapped on a region R’ 
of uvw... -space by a one-to-one transformation whose Jacobian 


O(n, ψ, 2...) 
O(u, υ, W,...) 


* For another application of this method, see section 5, p. 262. 
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as everywhere positive, then the transformation formula 


{{--- [Ff @m%..)dedyde... 
=f fi. ffews..)LEB2--) μάνα... 


o(u, υ, ὦ... .) 


holds. In n dimensions the Jacobian is an n-rowed deter- 
minant of similar construction to the Jacobian in two 
dimensions. 


As a special application, we can obtain the transformation formula for 
polar co-ordinates in another way. In the case of polar co-ordinates in the 
plane we must write r and 6 instead of τὸ and v, and we at once obtain 


the expression " ᾿ == r (cf. p. 144). In the case of polar co-ordinates 


tn space, defined by the equations 
z= rcoso sin8 
y= rsing sin8 
z= rcos8, 
in which » ranges from 0 to 2z, 6 from 0 to x, and r from 0 to + οὐ, we 


must identify u, v, w with r, 6, 9; as the expression for the Jacobian we 
obtain 


cose sinO rcosgcos® —rsingsin® 
O(z, Y, 2) : : : Ν᾿ ᾿ 
aa = | sing sind = rsing ὁ080θ r cos sin@ | =: r* sin. 
o(r, 8, φ) . 
cos 9 —r sin § 0 


(This value r* sin® is obtained by expanding in terms of the elements of 
the third column.) The transformation to polar co-ordinates in space is 
therefore given by the formula 


ff f(z, y, z)dxdydz =f fs y, z)r* sinQdrdGido. 


As in the corresponding case in the plane, we can also arrive at the trans- 
formation formula without using the general theory. We have only to 
start with a subdivision of space given by the spheres r = const., the 
cones § = const., and the planes φ = const. The details of this elementary 
method are similar to those of Vol. I, Chap. X, section 2 (p. 494) and can 
be left to the reader. 

In the case of polar co-ordinates in space our assumptions are not 
satisfied when r = 0 or 6 = 0, since the Jacobian then vanishes. The 
validity of the transformation formula, however, is not thereby destroyed. 
We can easily convince ourselves of this, as we did in the case of the 
plane. 
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EXAMPLES 


y¥-% 
1*, Evaluate the integral [ ti e¥t+zdxdy taken over the triangle with 
vertices (0, 0), (0, 1), (1, 0). 


2. Evaluate the integral 
f faze a dx dy 
(1+ 2+ ¥°) 
taken 


(a) over one loop of the lemniscate (2? + y?)? — (27 -- y*) = 0, 
| (Ὁ) over the triangle with vertices (0, 0), (2, 0), (1, V3). 


3. Evaluate the integral 


| [ f [ nyedady dz 


2 
taken throughout the ellipsoid ae + ΙΑ +oS1L 
a 
4, Prove that 


atts g d ‘ iv 2) e-“" d 
= = == --  -- 44 
Ife τὰ es, 


‘where R denotes the half-plane = α Ὁ 0), by applying the transfor- 
mation 
ΑΞ -Ῥ γδτε υ - αἢ, y= υχ. 


| f [tue + uA dedy 


is invariant on inversion. 


5. Prove that 


6. Evaluate the integral of Ex. 4, p. 247, by using three-dimensional 
polar co-ordinates. 


7. Evaluate the integral 
I =f f [costae + yn + σζ) ἀξ ζηάξζ 


taken throughout the sphere ξ2 -- y?+ @ 1. 
8. Prove that 


f feosee + ψη)άξ ἄη = 2J,(r)/r, (r= V (a? 4- y9)) 


where the integral is to be extended over the circle €? + 7? S 1 and J, 
denotes the Bessel function defined in Ex. 5, p. 223. 
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5. IwproPer INTEGRALS 


In the case of functions of one variable we found it: necessary 
to extend the concept of integral to functions other than those 
which are continuous in a closed region of integration. In fact, 
we did consider the integrals of functions with jump discon- 
tinuities and of functions with infinite values, and also integrals 
over infinite intervals of integration. The corresponding exten- 
sions of the concept of integral for functions of several variables 
must now be discussed. 


1. Functions with Jump Discontinuities. 


For functions which have jump discontinuities in the region 
of integration R the extension of the concept of integral is 
immediate. We assume that the region of integration can be 
subdivided by a finite number of smooth arcs of curves * into 
a finite number of sub-regions 20}, R,,..., R, in such a way that 
the integrand f is continuous in the interior of each sub-region, 
and as the boundary of such a sub-region is approached from the 
interior the values of the function tend to definite continuous 
boundary values; but the limiting values obtained as we 
approach a point on a curve separating two sub-regions may 
differ according as we approach the point from one sub-region 
or the other. The integral of the function f over the region R 
we shall then define as the sum of the integrals of the function f 
over the sub-regions Rh,. The integrals of f over the regions R, 
are at once given by our original definition if for each sub-region 
we suppose that the function is extended by including the boun- 
dary values, so that it becomes a continuous function in the 
closed region ἢν. 


As an example we consider a function 7 (z, y) which is defined in the 
square OS 2751,0Sy S51 by 


f(z y)=1 for ψ «αἱ, 
f(z y)=2 for y=. 
For this function the line y = x is a line of discontinuity, and by the 


process described we find that the improper integral [ [ }(α, y)dady taken 
over the square has the value 3. 


* By a smooth arc of a curve we mean an arc with a continucusly turnin 
Υ Ξ 
tangent, 


IV] IMPROPER INTEGRALS 257 


2. Functions with Isolated Infinite Discontinuities. 

If the integrand becomes infinite at a single point P of the 
region of integration, we define the integral of the function f over 
the region R by a process analogous to that for one independent 
variable. We mark off a neighbourhood U, about the point of 
discontinuity P, so that the closed residue R, = R—U, no 
longer contains the point P. There are many possible sequences 
of neighbourhoods U, whose diameters tend to zero as v increases, 
e.g. the sequence of circles or spheres about the point P with 
radius c= 1/v. If the sequence of the integrals over the residual 
region R, tends to a limit J, 1.6. if 


Tim ff f@, y)d8= 1, 


and if this limit is independent of the particular choice of the 
sequence FR,, then its value is called the integral or, more 
accurately, the improper integral of the function f over the region 
R, and we write 


I= if [ f(a, y)d8. 


Such an integral taken over the region R is sometimes called a 
convergent integral (or is said to converge). Ii no limiting value 1 
exists, the integral is said to be divergent (or to diverge). The 
definition of course remains valid if P is an isolated point of 


oe ἡ τ se 1 
indeterminacy, such as the origin for the function sm ae =). 

If in the neighbourhood of P the absolute value of the 
function remains below a fixed bound, the integral is always 
convergent. 

The general conditions for the convergence of an integral can 
therefore be stated as follows. To every positive ε there corre- 
sponds a bound ὃ -- &(e) for which the following condition 18 
satisfied: if U and U’ are any two (open) sub-regions of R which 
contain the point of discontinuity P and whose diameter 1s 
smaller than δ, then the integrals of the function f over the 
closed residual regions G— U and G— U’ differ in absolute 
value by less than «. We shall illustrate these ideas by means of 
a few examples. 


The function 


f(x, y) = Ἰορν αϑ + γῆ 
10 (E912) 
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becomes infinite at the origin of the zy-plane. Therefore in order to calculate 
the integral over a region R containing the origin, e.g. over the circle 
a*-+ y*? = 1, we must cut out the origin by surrounding it with a region 
Us whose diameter is less than ὃ, and we must then investigate the con- 
vergence of the integral taken over the residual region R; = R— U3; 
as ὃ > 0. The neighbourhood Us certainly lies within a circle of radius ὃ 
about the origin. In accordance with section 4 (p. 254) we transform 
the integral to polar co-ordinates and obtain 


[ logV x2 + y*dxdy =ff r logrdrd®, 
2s Ry 


where the integral on the right is taken over the region Rf,’ of the r§-plane 
corresponding to the region Rs. In our case this is a region which contains 
the rectangle ὃ Sr 1, 0S 0S 2x but does not include the straight 
line r= 0. The function rlogr is continuous for r= 0, however, if we 
assign the value 0 to it at that point; for lim r logr = 0. We can therefore 


r—>0 
let ὃ tend to 0 and regard the transformed integral 


[[ r logrdrd@ = lim {{ r logrdrdé 
R’ é—> 0 Ry 


as an ordinary integral in the sense of section 2 (p. 224). The convergence 
of the integral is therefore established. 


At the same time this example shows that, as in the case οἱ 
one independent variable, a properly chosen transformation of 
co-ordinates sometimes changes an improper integral into a proper 
integral. This fact clearly shows how inadmissible a restriction 
we should lay upon ourselves if we refused to consider improper 
integrals. 

As a further example we consider the integral 


dady 
ΣΕ ΤΩΣ 


taken over the same region. If we first think of the integral as 
taken over the region &,; obtained from R by cutting out a 
circle with radius 6, and then transforming to polar co- 


ordinates, we obtain 
[ if ee dr dé, 
Rg a 


or, as a repeated integral, 
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Rg 
From Vol. I (p. 246) we know that the integral if ae is convergent 
0 
if, and only if, a<2. We therefore conclude that the double 


dz dy dae wile ‘ 
integral is likewise convergent if, and only if, 

of Lives vy (V2 + γῇ)" : 
a<2. As in the preceding example, the convergence is inde- 
pendent of the particular choice of the sub-regions U,. 

This remark can readily be used to obtain a sufficient (by no 
means a necessary) criterion for the convergence of improper 
double integrals, which is applicable in many special cases, 

Lf in the closed region R the function {(x, y) is continuous every- 
where except at one point P, which we take as the origin x = 0, 
y = 0, and f becomes infinite at P, and if there is a fixed bound 
M and a positive number a « 2 such that 


I f(@, y) | Ξ ———— 


(Va? + y2) Ἴ + y?)* 
everywhere in R, then the integral 


[ [fe wdndy 


converges. 
The proof is obtained from the above by considering the 


relation 
Ξ 


J] fle wazdy 
where B is a region not containing P and lying within a small 
circular neighbourhood of P. 

We can deal with the triple integral 


ἀτάν Mf fe, 


7(α, γ) 


f f 1-Ξς-- dx dy dz 

ε(ναΣ + y2 + 22)" 
in a similar way. If R contains the origin, we introduce polar 
co-ordinates and obtain 


ff [ = sin 6dr d6 dd. 


A discussion similar to the preceding shows us that convergence 
occurs when a < 3. Asa general criterion we have the following: 
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The integral of a function {(x, y, 2) which becomes infinite at the 
origin, but is continuous at every other point of a region R containing 
the origin, 1s convergent, if there is a fixed bound M and a positwe 
number a. « ὃ such that the inequality 


fle ψ, 2)| < = 


(Va? + y+ ὁ} 
holds everywhere in the region. 


From these criteria we conclude more generally that integrals 
of the form 


f [ σίω, ydxdy ' 
κ(ν -- a)? + (y— δ)}3}" 


over a two-dimensional region and integrals of the form 


i i [ g(x, ψ, 2) ἀν ἂν dz (a «- 3) 
κ(νία -- a)? + ᾧ -- δ) + (ὦ -- οδ)" 


over ἃ three-dimensional region converge, where (a, 6), or (a, ὃ, ¢), 
is a fixed point in the interior of the region # and g is a continuous 
function in the closed region R. We have only to transfer this 
point to the origin by translation of the co-ordinate system and 
then to apply our criterion. 


(a < 2) 


3. Functions with Lines of Infinite Discontinuity. 


If a function f(z, y) becomes infinite not only at a single pot 
but along whole curves C in the region R, we can proceed to 
define the integral of a function f over the region # in an exactly 
analogous way. We cut the curve of discontinuity C out of the 
region R by enclosing it in a region U, of area less than ε. If 
then as ε tends to 0 the integral of the function f over the re- 
gion R— U, tends to a limit J independent of the particular 
choice of the region U,, we say that the integral of £ over the reguon 
R is convergent (or converges) and we take this limiting value as 
the value of the integral. 

The simplest example is the case in which the curve C consists 
of a portion of a straight line, say a segment of the y-axis. If 
the relation β 


Ife ψη! «2, 
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where M is a fixed bound and a is less than 1, is valid everywhere 
in the region R, then the integral over the region & converges. 
The proof is similar to the proofs of the preceding sub-section. 
For example, we may cut the y-axis out of the region by means 
of straight lines parallel to it. © 


4. Infinite Regions of Integration. 


If the region R extends to infinity, we approximate to it by 

a sequence of sub-regions R,, R,,..., R,,..., which are all 
bounded and have the property that every arbitrary bounded 
sub-region of R is contained in every R, for which n is greater 
than a certain m. (If, for example, R is the whole plane, for R, 
we can choose the circular region of radius ν about the origin.) 
If the limit 

lim ] F(a, γ)άϑ 

v—> © Ry 
exists and is independent of the particular choice of the sequence 
of sub-regions R,, we call it the integral of the function f over the 
region f. 


To illustrate this statement by an example, we consider the integral 


f i oy" dedy, 
R 


where the region of integration is the whole zy-plane. In order to establish 
the convergence of this integral we first choose the sub-regions R, as the 
circles K, with radius v, 

ety ΞΞ ν᾽: 


these obviously satisfy the above requirements. We have therefore to 
investigate the limit of the integral 


[ [ ey dedy 
Ky 


as v—> 0. But we have already evaluated this integral (Vol. I. p. 496) 
and have found it to be equal to πί] — e~”). Now 


lim πίὶ — e~”’*) = x. 
v—> οὐ 
If we also show that not only the sequence of circles, but also every other 
sequence of sub-regions R with the properties mentioned, leads to the 
same value x, then according to our definition the number τὸ will be the 
value of the improper integral. 
᾿ς Let any sequence of such regions R,, R,,... be given. By hypothesis, 
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each circle K,, is contained in the interior of R, provided v is sufficiently 
large; on the other hand, every R, is bounded and is therefore contained 
in a circle Ky of sufficiently large radius M. Since the integrand εοὐ-ν' 
is positive everywhere, it follows that 


[ fe e~*-Vdady 33 <f fe e@ ν᾽ dady 33 <f fe e-@—-Vdxdy. 
km, Ry iu 


As m and J increase, the integrals over K,, and Ky have the same limit r, 
so that the integral over R, must have the same limit; this proves that 
the integral must converge to the limit 7. 

We obtain a particularly interesting result if for the regions R, we choose 


the squares |x| Sv.|y| Sv. The integral [ [ e-**-v"dady can then be 
Ry 
reduced to two simple integrations (cf. section 2, p. 228): 


» ν ν 2 v 2 
[ if eV" dady= | e-*"*da [ εν ὧν = ( f πῶ = (2 / ede) - 
ἂν -- -.ν --ν 0 


If we now let v tend to οὐ, we must again obtain the same limit x. Hence 
οο 2 
(2 [ ede) τ π 
0 


oO 
[er de= hm 


in agreement with Vol. I, p. 496. 


or 


5. Summary and Extensions. 


It is useful to consider the concepts of this section again from 
a single unifying point of view. Our extension of the concept of 
integral to cases in which the definitions in section 2 (p. 224) 
are not immediately applicable consists in regarding the value 
of the integral as the limiting value of a sequence of integrals 
over regions #,, which approximate to the original region of in- 
tegration δὲ as v increases. For this purpose we regard the region 
R as open instead of closed; we assign all the points of dis- 
continuity of the function f to the boundary and consider the 
boundary as not belonging to R. We then say that the region 
1s approximated to by a sequence of regions R,, Rs, ..., R,, .. 
of all the closed regions R,, te in R and every arbitrarily chosen 
closed sub-region in the interior of R is also a sub-region of the 
region R,, provided only that n is sufficiently large. If in particular 
the sub-regions Δ, are so chosen that each one contains the 
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preceding one in its interior, we say that they converge mono- 
tonically to the region RF. 

For the sub-regions R, we can at once apply the original 
definition of the integral given in section 2, p. 224. We now 
say that the integral of f over the region R converges if the integral 
over R,, has a limiting value independent of the particular choice 
of the sequence of regions R,. It is useful to state specifically the 
following general facts which have been illustrated by the previous 
examples. 

(1) If the function f is nowhere negative in the region R, it is 
sufficient to show that for a single monotonic sequence R, the 
sequence of values of the integral converges, in order to ensure 
convergence to the same limit for an arbitrary sequence R,’. 

Proof. R,, being a closed region in the interior of R, is con- 
tained 1η all regions Μ᾿, from a certain n(v) onward. Conversely, 
every region &, is contained in a certain R,,, for the same reason. 
Since the function is nowhere negative, it follows that 


[fe y)dxdy s/f fe, y) da dy SJ f fe, y) da dy. 


As v increases the two outer bounds tend to the same limit; the 
sequence of integrals [ [ F(z, y)dxdy must therefore converge 
Bn, 


to that limit, and our statement is proved. 

In particular, if for &, we choose a monotonic sequence of 
regions tending to ἐὺ, it follows that the function f, which is 
nowhere negative, has a convergent integral over the region R, 
provided only that the sequence of integrals over R, remains 
below a bound M. For these integrals then form a sequence of 
numbers which is monotonic non-decreasing and bounded, and 
therefore convergent. 

The case in which f is nowhere positive in & can at once be 
reduced to the preceding if we replace f by —/. 

(2) If f changes sign in the region R, we can apply the previous 
theorem to |f|. If the integral of this absolute value converges, 
it is certain that the integral of the function Καὶ itself converges. 
This is most easily proved by the following device. We put 


f=hi—Se 
where ἢ =/ if f= 0, otherwise ἢ = 0, and f, = —f if 6330, 
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otherwise f, = 0. The two functions f,, f, are nowhere negative, 
are continuous where f is continuous, and in absolute value 
never exceed f itself. Hence, if the integral of | f | remains bounded 
for a monotonic sequence R,, the integrals of f, and /, converge, 
and with them the integral of their difference, ᾧ — jp. 


6. GEOMETRICAL APPLICATIONS 


1. Elementary Calculation of Volumes. 


The concept of volume forms the starting-point of our 
definition of integral. It is immediately obvious, therefore, how 
we can use multiple integrals in order to calculate volumes. 

For example, in order to calculate the volume of the ellipsoid of 
revolution 

a+ty εἴ 


a? i : 


we write the equation in the form 
z= toto? — 22 — y?), 
The volume of the half of the ellipsoid above the zy-plane is therefore 
given by the double integral 
Pas f [Vie ὦ vydedy 


a 


taken over the circle z* + y*? < a*. If we transform to polar co-ordinates, 
the double integral becomes 


[fr / (a? — r*)dr dé, 


or on resolution into single integrals 


V δ ret a Σ ἽΝ b ρα Ε 
aah 4 [τ να — Ade -- ane [τινα — r*)dr, 


which gives the required value, 
V -Ξ ; ab. 
To calculate the volume of the general ellipsoid 
“3 


ae Ιμα'ὶ = 
@tipta 
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we make the transformation 
z=apcos0, y= be sind, 
ae, 9) 
Ap, 9) 


and 2 half the volume obtain 


:-{{ ἡ(ι-- 3 - 4) dedy — abe [ fof -- o*)dp dQ. 


Here the region FR’ is the rectangle 0 S p = 1,056 S 2x. Thus 
V 20 1 2 
᾿Ξ abe [ ao [ ρΨ( -- p%)dp = 2 παῦο 
2 0 0 9 
ΟΥ̓ 
V= : mabe. 
Finally, we shall calculate the volume of the pyramid enclosed by the 


three co-ordinate planes and the plane az + by + cz — 1 = 0, where we 
assume that a, ὃ, and ὁ are positive. For the volume we obtain 


=f [a — a2 -- wyaciy 


where the region of integration is the triangle 0 < x =- : »,OSys- τα -- az) 
in the zy-plane. Therefore 


1 lla p(l—ax)/b 
v=" fax f (1 — ax — by)dy. 
0 0 


Cc 


Integration with respect to y 
pails (1 — az)? 
ee 


1— ΒΕΣ ΟΝ 
(1 -- τὴν -- τ ν' ᾿ τ 
and if we integrate again by means of the substitution 1 --- ax = t, we obtain 
1 l/a 1 1 
s231. τὸ ΜῈ i Py ΞΟ.  ς Ὁ ΠῚ 3 nee 
ἡ ἍΝ] ee hos Sabot τὰ Ὁ 


We could of course have obtained the result from the theorem of elementary 
geometry that the volume of a pyramid is one-third of the product of base 
and altitude. 


In order to calculate the volume of a more complicated solid 
we can subdivide the solid into pieces whose volumes can be 
expressed directly by double integrals. Later, however (in par- 
ticular in the next chapter), we shall obtain expressions for the 
volume bounded by a closed surface which do not involve this 
subdivision. | 

109 (#912) 
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9, General Remarks on the Calculation of Volumes. Solids of 
Revolution. Volumes in Polar Co-ordinates. 


Just as we can express the area of a plane region ἢ by the 


double integral 
{{48-3ϑ  ddy, 


we may also express the volume of a three-dimensional region R 
by the integral 
= dadyd 
V f f ᾿ ον dz 


over the region R. In fact this point of view exactly corresponds 
to our definition of integral (cf. Appendix, p. 291) and expresses 
the geometrical fact that we can find the volume of a region 
by cutting the space into identical parallelepipeds, finding the 
total volume of the parallelepipeds contained entirely in R, and 
then letting the diameter of the parallelepipeds tend to zero. 


The resolution of this integral for V into an integral f dz f ": dxdy 


expresses Cavaliert’s principle, known to us from elementary 
geometry, according to which the volume of a solid is determined 
if we know the area of every plane cross-section which is per- 
pendicular to a definite line, say the z-axis. The general expression 
given above for the volume of a three-dimensional region at once 
enables us to find various formule for calculating volumes. For 
this purpose we have only to introduce new independent variables 
into the integral instead of ὦ, y, z. 

The most important examples are given by polar co-ordinates 
and by cylindrical co-ordinates; the latter will be defined 
below. We shall calculate e.g. the volume of a solid of revolution 
obtained by rotating a curve v= ¢(z) about the z-axis. We assume 
that the rotating curve does not intersect the z-axis and that the 
solid of revolution is bounded above and below by planes z= const. 
The solid is therefore defined by inequalities of the forma =z ὃ 
and 0 < +/(2?-+ y*?) S ¢(z). Its volume is given by the inte- 
gral above. If we now introduce the cylindrical co-ordinates 


z, p= VV (e+ y’), 6= are 008 — are sin” instead of L, Ψ, 2, 


p 
we at once obtain the expression 
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V=f [ { dodyde =f af df" rdp 


for the volume. If we perform the single integrations, we at once 
obtain 


V= nf b(2)2dz 


(cf. Vol. I, Chap. V, section 2, p. 285). 

We can also obtain this expression intuitively. If we cut 
the solid of revolution into small slices z, S 2 S 2,4, by planes 
perpendicular to the z-axis, and if by m, we denote the minimum 
and by M, the maximum of the distance ¢(z) from the axis in 
this slice, then the volume of the slice lies between the volumes 
of two cylinders with altitude Az = z,,, — z, and radi m, and 
M, respectively. Hence 

im πὰς SV SUM Pr hz. 


By the definition of the ordinary integral, therefore, 
b 
v= [ d(z)* dz. 


If the region R contains the origin O of a polar co-ordinate 
system (r, 0, ¢) and if the surface is given in polar co-ordinates 


by an equation 
r= f(9, $) 


where the function f(0, ¢) is single-valued, it is frequently advan- 
tageous to use these polar co-ordinates instead of (x, y, 2) in 
calculating the volume. If we substitute the value of the Jacobian 


O(z, y, 2) = γϑ sin θ (as calculated on p. 254) in the transformation 


o(r, 8, d) 


formula, we at once obtain the expression 
Qn am (6, φ) 
V= r sin Odrdédéd =| ἀφ! smédé r'dr 
[ f [ sin Odrdédd [ db Ἷ 8 [ 
for the volume. Integration with respect to r gives 
Ἰ 2π π ; 
v=, f ἀφ [ f°(0, $) sin θ49. 


In the special case of the sphere, in which f(9, 9) = Καὶ is constant, we 
at once obtain the value 4H for the volume of the sphere. 
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3. Area of a Curved Surface. 


We have already expressed the length of arc of a curve by 
an ordinary integral (Vol. I, p. 279). We now wish to find an 
analogous expression for the area of a curved surface by means of 
a double integral. We regard the length of a curve as the limiting 
value of the length of an inscribed polygon when the lengths of 
the individual sides tend to zero. For the measurement of areas 
a direct analogy with this measurement of length would be as 
follows: in the curved surface we inscribe a polyhedron formed 
of plane triangles, determine the area of the polyhedron, make 
the inscribed net of triangles finer by letting the length of the 
longest side tend to zero, and seek to find the limiting value of 
the area of the polyhedron. This limiting value would then be 
called the area of the curved surface. It turns out, however, 
that such a definition of area would have no precise meaning, for 
in general this process does not yield a definite limiting value. 
This phenomenon may be explained in the following way: a 
polygon inscribed in a smooth curve always has the property, 
expressed by the mean value theorem of the differential calculus, 
that the direction of the individual side of the polygon approaches 
the direction of the curve as closely as we please if the subdivision 
is fine enough. With curved surfaces the situation 1s quite 
different. The sides of a polyhedron inscribed in a curved surface 
may be inclined to the tangent plane to the surface at a neighbour- 
ing point as steeply as we please, even if the polyhedral faces 
have arbitrarily small diameters. The area of such a polyhedron, 
therefore, cannot by any means be regarded as an approximation 
to the area of the curved surface. In the appendix we shall 
consider an example of this state of affairs in detail (pp. 341-2). 

In the definition of the length of a smooth curve, however, 
instead of using an inscribed polygon we can equally well use a 
circumscribed polygon, that is, a polygon of which every side 
touches the curve. This definition of the length of a curve as the 
limit of the length of a circumscribed polygon can easily be 
extended to curved surfaces. The extension is even easier if we 
start from the followmg remark: we can obtain the length of a 
curve y= f(z) which has a continuous derivative f’(x) and lies 
between the abscisse a and b by subdividing the interval between 
aand bat the points zp, ὧι» . . - » %, into n parts of equal or different 
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lengths, choosing an arbitrary point &, in the v-th sub-interval, 
constructing the tangent to the curve at this point, and measuring 
the length 1, of the portion of this tangent lying in the strip 


2,<a<2,4,. The sum DI, then tends to the length of the 


νΞεῖ 


b 
curve, 1.6. to the integral f / {1 + f Ὁ) dx, if we let n increase 


beyond all bounds and at the same time let the length of the 
longest sub-interval tend to zero. This statement follows from 
the fact that 1, = (2,4, — 2,)/{f1+f'(é,}- 

We can now define the area of a curved surface in a similar 
way. We begin by considering a surface which lies above the 
region R of the zy-plane and is represented by a function 
z= f(#, y) with continuous derivatives. We subdivide & into 
n sub-regions R,, R,,..., R, with the areas AR,,..., ΔΙ» 
and in these sub-regions we choose points (£, 71), - - - » (n» Mn): 
At the point of the surface with the co-ordinates ¢,, ἡ, and 
t= f(€,, ,) we construct the tangent plane and find the area 
of the portion of this plane lying above the region R,. If a, is 
the angle which the tangent plane 


2 — ἐ; Ξε ζω(ξ,. ἢν) (x a ἕξ) + SAE, Ny) (y = ην) 


makes with the xy-plane, and if Az, is the area of the portion τ, 
of the tangent plane above R,, then the region R, is the projection 
of τ, on the zy-plane, so that 


AR, = Az, cosa, 
Again (cf. Chap. ITI, section 2, p. 130), 
1 


ΟΟΒ α, ΞΞ ---ΞΞΞΞ-ΞΞ-Ξ-ΞΞΞΞΞΞ.--------- -- 9. 
1 + κί δ; ἢν) Ἔ Fi Ey, 1) 


and therefore 
Ar, τ 1 ἝΞ δὰ Ny) t+ fils, 1) = ΔΗ. 


If we now form the sum of all these areas 
= Ar, 
v=1 


and let increase beyond all bounds, at the same time letting 
the diameter (and consequently the area) of the largest sub- 


270 MULTIPLE INTEGRALS [CHap 


division tend to zero, then according to our definition of integral 
this sum will have the limit 


4-- [Vit 8 fids. 


This integral, which is independent of the mode of subdivision 
of the region R, we shall define as the area of the given surface. 
If the surface happens to be a plane surface, this definition agrees 
with the preceding; for example, if z= f(z, y) = 0, we have 


A=f| { as. 


It is occasionally convenient to call the symbol 


do= VI +f2+ feds = V1 + f2+ fdady 


the element of area of the surface z= f(x, y). The area integral 
can then be written symbolically in the form 


f{ da. 
ΚΕ 


We arrive at another form of the expression for the area if 
we think of the surface as given by an equation ¢(z, y, 2) = 0 
instead of z= f(z, y). If we assume that on the surface ¢, + 0, 
say $, > 0, then the equations 


at once give the expression 


| [VOEF GPF BBs. 


for the area, the region R again bemg the projection of the 
surface on the zy-plane. 


dxdy 


As an example of the application of the area formula we consider the 
area of a spherical surface. The equation z= ν (183 — a2? — y?) represents 
a hemisphere of radius R. We have 


——— ww ἀπ πτΠΠΠπΠπ--- ᾷϑν΄΄΄ἷἧ΄΄ὔΦ0ο7οὦὡε2«ἔυε δι τὰ as ,ᾶὶ 


dx ν (3 -- 2 — xy ὃν / (BR? — 2 — yy 
The area of the hemisphere is therefore given by the integral 


ae Rf I ioe — ¥*) 
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where the region of integration R’ is the circle of radius R lying in the 
2y-plane and having the origin as its centre. By introducing polar co- 
ordinates and resolving the integral into single integrals we further obtain 


ar Ὁ. ordr R sordr 
Par) nese | geen 
2 ο Jo ν( — "ἢ 0 ν(-- 1°) 
The ordinary integral on the right can easily be evaluated by means of 
the substitution R? — r? = u; we have 
RB 


1A = ~2nRVR?— 9? ΒΞ 2πΕ2, 


in agreement with the fact, known from elementary geometry, that the 
area of the surface of a sphere is 47R?. 


In the definition of area we have hitherto singled out the co- 
ordinate z. If, however, the surface had been given by an equation 
of the form z= z(y, 2) or y = y(x, z), we could equally well have 
represented the area by integrals of the form 


{{να + ©? + «,*)dydz or ffva + Ya" + y7)dzdz, 
or, if the surface were given implicitly, we should have 


[[Vb2+ 62+ b2) 5 dodo 
or 


[[VO2+ b+ 6.95 dyde 


That all these expressions do actually define the same area 
is self-evident. The equality of the different expressions can, 
however, be verified directly. For example, we apply the trans- 
formation 

4 --- xy, 2), 
¥=yY 


ῇ if Vga" if + $0) andy. 


to the integral 


Here x = 2(y, z) is found by solving the equation ¢(z, y, z) = 0 


tor x. The Jacobian is “(%.¥) — δε, and therefore 


Oy, ἢ $e 
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Vida + φ,2: $.°) — f (Vibe? Ὁ by? + Φι)) 
1. --- ἰώ — jf dyte. 


The integral on the right is to be taken over the projection R’ 
of the surface on the yz-plane. 

If in expressing the area of a surface we wish to get rid of any 
special assumption about the position of the surface relative to 
the co-ordinate system, we must represent the surface in the 
parametric form 


z= P(u,v), y= pu, v), z= x(u, υ). 


A definite region R’ of the uv-plane then corresponds to the sur- 
face. In order to introduce the parameters u and v in the 
above formule we first consider a portion of the surface and 


assume that for this portion the Jacobian aad == D is every- 


where positive. According to Chap. ITI, section 3, p. 153, for this 
portion we can then solve for u and v as functions of a and y, 
obtaining 


__ be _ Ψὰὼ 
“= D’ Vg = D’ 
— ae 
for the partial derivatives. 
In virtue of the equations 
Oz Oz Oz ὃΣ =o Oz 
Se eee τ plas qd - ---- Ἷ ξὺν 
πα “αὐ 


we obtain the expression 


J+) +) f 
= BVA bathe tube)? + ure — xabel®+ (χυφν-- φιχ.)}}. 


If we now introduce ὦ and v as new independent variables and 
apply the rules for the transformation of double integrals (p. 253), 
we find that the area of the portion of the surface corresponding 
to ft’ is 


[V] GEOMETRICAL APPLICATIONS 273 


A= f [ JV {(φψυ-- PuPe)” ae (Ψψωχο-- χυψ.)}" +( XuPo— duXxe)*}du dv. 


In this expression there is no longer any distinction between the 
co-ordinates ὦ, y, and z. Since we arrive at the same integral 
expression for the area no matter which one of the special non- 
parametric representations we start with, it follows that all 
these expressions are equal and represent the area. 

So far we have only considered a portion of the surface on 
which one particular Jacobian does not vanish. We reach the 
same result, however, no matter which of the three J acobians 
does not vanish. If then we suppose that at each point of 
the surface one of the Jacobians is not zero, we can subdivide 
the whole surface into portions like the above, and thus find that 
the preceding integral still gives the area of the whole surface: 


A= f ! V {(φ,ψ0-- PuPy) + (huxv— Xue) P+ (xupo— puXe)*}du dv. 


The expression for the area of a surface in parametric re- 
presentation can be put in another noteworthy form if we make 
use of the coefficients of the line element (cf. Chap. III, section 4, 


p- 163) ds? = Edu? + 2Fdudv + Gdv’, 


that is, of the expressions 
k= pum = ifs,” ΞΕ Xu" 
F= φιφυ ar Buby + XuXes 
G= by ἘΠ by? + Xo 

A simple calculation shows that 


EG — P= (φ, ψ.- ude)? τ (ψυχο-- χω.) ἘΝ (XuPo— puXe)* 


Thus for the area we obtain the expression 
f f s/(EG — F*) dudy, 


and for the element of area 
do = 4/(EG — F*)dudo. 


As an example we again consider the area of a sphere with radius R, 
which we now represent parametrically by the equations 
z= Rcosu sin», 
y= Kasinu βίην, 
z= Rcosv, 
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where u and v range over the region0 Su < 2nand0 Ξξ υ 33 π. Asimple 
calculation once more gives us the expression 


Qa τ 
Bf du ( sinvdy = 4nrR? 
0 0 


for the area. 


In particular, we can apply our result to the surface of revolu- 
tion formed by rotating the curve z= ¢(x) about the z-axis. 
If we refer the surface to polar co-ordinates (u, v) in the xy-plane 
as parameters, we obtain 


&=ucosy, y=usiny, 2= d(V22+ x?) = d(u). 


Then 
£E=1+¢4%u), F=0, G=, 


and the area is given in the form 
2a iy ty a es 
f do [ uV1-+ φ' (μὴ) ἄμ = 2π UV +t φ' (Ὁ du. 
0 Ug Uo 


If instead of wu we introduce the length of arc s of the meridian 
curve z= ¢(u) 88 parameter, we obtain the area of the surface 
of revolution in the form 

2π J uds, 


where u is the distance from the axis of the point on the 
rotating curve corresponding to s (Guldin’s rule; cf. Vol. I, 
p. 285). 


As an example we calculate the surface area of the torus or anchor ring (cf. 
Chap. ΠῚ, section 4, p. 165) obtained by rotating the circle (y— a)? + 23 == r? 
about the z-axis. If we introduce the length of arc s of the circle as a 


s Φ 
parameter we have u = a-+ 7 005-, and the area is therefore 
r 


Q0rr 2rr 8 
anf uds = on f (a + ros’) ds = 2ra. 9π7. 
0 0 


The area of an anchor ring is therefore equal to the product of the circum- 
ference of the generating circle and the length of the path described by the 
centre of the circle. 
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EXAMPLES 


1. Calculate the volume of the solid defined by 
ἢ)... 132 
{v (2? + y*) — 1P ἃ <1 (b<). 


a? 
2. Find the volume cut off from the paraboloid 
at oy? 
eS at 
by the plane z = h. 
3. Find the volume cut off from the ellipsoid 


by the plane 
la - my + nz= p. 


4, (a) Show that if any closed curve 6 = [(φ) is drawn on the surface 
72 = a* cos20 


(r, 8, p being polar co-ordinates in space), the area of the surface so enclosed 
is equal to the area enclosed by the projection of the curve on the sphere 
γ = a, the origin of co-ordinates being the vertex of projection. 

(5) Express the area by a simple integral. 

(c) Find the area of the whole surface. 

5. Find the area of the surface of the spheroid formed by rotating an 
ellipse about its major axis, and show that if the fourth and higher powers 
of the eccentricity e may be neglected, this area is equal to that of the 
sphere whose volume is equal to that of the spheroid. 


6. Find the volume and surface area of the solid generated by rotating 
the triangle ABC about the side AB. 


7*,. A tube-surface is generated by the spheres of unit radius whose 
centres form the closed plane curve Z. Prove that the area A of the 
surface is 27 times the length of L. 


8*, (a) Calculate the volume of the region defined by 
at+y+2sr 
e+y— re 2d 
at yi + rz 2 0. 


(δ) Calculate the area of the spherical part of the boundary of this 


region, i.e. the area of the surface 
ev4+y~—rz=d 
e@+y+ reef. 
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9. Calculate the area of that part of the screw surface 
Ζ 
—xtan~ = 
y¥—2x an | 0 
for which 


catty < R, [215 2}. 


10. Calculate the area of the surface 
(δ + y2 + 28/8 = at — yf, 


7. PuysicaL APPLICATIONS 


In section 2, No. 7 (p. 235) we have already seen how the 
concept of mass is connected with that of a multiple integral. 
Here we shall study some of the other concepts of mechanics. 
We begin with a more detailed study of moment and of moment 
of inertia than was possible in Vol. I, Chap. X (p. 496). 


1. Moments and Centre of Mass. 


The moment with respect to the xy-plane of a particle with mass 
m 7s defined as the product mz of the mass and the z-co-ordinate. 
Similarly, the moment with respect to the yz-plane is mz and that 
with respect to the zz-plane is my. The moments of several particles 
combine additiwely; that is, the three moments of a system of 
particles with masses ™, mM., ..., M, and co-ordinates (x, ¥;, 2), 
+++ (Zn; Yn: Zn) 816 given by the expressions 


n n n 
T,=24m2, Ty=umMmy, T,=Xmz,. 
v=1 vy=1 pos] 

If instead of a finite number of particles we are dealing with 
ἃ mass distributed continuously with density ~= p(s, y, 2) 
through a region in space or over a surface or curve, we define 
the moment of the mass-distribution by a limiting process, as in 
Vol. I, Chap. X, section 6 (p. 497), and thus express the moments 
by integrals. For example, with a distribution in space we sub- 
divide the region 1) into » sub-regions, imagine the total mass 
of each sub-region concentrated at any one of its points, and 
then form the moment of the system of these nm particles. We 
see at once that as ἢ -ῦ οὐ and at the same time the greatest 
diameter of the sub-regions tends to zero the sums tend to the 
limits 


Ξ--- - 
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ΠΗ͂ Ξ- {{|{|λπἀιὰν αι, YT. =f [ [ wydedyde, 
ee =f ff wodudyde, 
R 


which we call the moments of the volume-distribution. 

Similarly, if the mass is distributed over a surface § given 
by the equations = ¢(u, v), y= du, v), z= x(u, v) with 
surface density p(u, v), we define the moments of the surface dis- 
tribution by the expressions 


τ, -- [ [ μαᾶσ-- f f μαν EG — F® dude, 
7: =f [uydo=f [ nyVEG— Fedude, 
T= f [ uzdo = [ f peVEG — Frdudv. 


Finally, the moments of a curve x(s), y(s), 2(8) # space with mass 
density p(s) are defined by the expressions 


1, =f wos, T,=f yds, T,=f wads, 


where 8 denotes the length of arc. 
The centroid (centre of mass) of a mass of total amount M 

distributed through a region # is defined as the pomt with co-. 

ordinates 

A 1: 


ἔτε τῷ a Τ᾿ 


Μ- 
ξξετε 


For a distribution in space the co-ordinates of the centre of mass 
are therefore given by the expressions 


ἑ -- τι. f [uadedyae &c., where M=f f { pdvdyde. 


As an example we first consider the uniform hemispherical region H 
with mass density 1: 


@+y+2sil, 


z2 = 0. 
The first two moments 


ie =| [ [ xdedyde, 
| e ae 
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I =f ff ydxdydz 
ΕΗ 


are zero, since the integration with respect to z or with respect to y gives 
the value zero. For the third, 


fi =f [ [ zandyae, 
a 


we introduce cylindrical co-ordinates (r, z, 0) by means of the equations 


Z2= 2, 
x= rcos6, 
y= rsind 


and obtain 


τ, -- [τῷ f rar fa θ = On fe 5 2d2== o> ole 


Since the total mass is 27/3, the co-ordinates of the centre of mass are 
z= 0, y= 0,z= 2. 

We shall next calculate the centre of mass of a hemispherical surface 
of unit radius over which a mass of unit density is uniformly distributed. 
For the parametric representation 


x= cosusinv, y= sinusiny, z= cosv 


we calculate the surface element from the formula on p. 273 and 
find that 


/ EG — F? F2dudv = sinv du dv 
We accordingly obtain 


{2 
T = [sistode fe cosudu = 0, 


wf] 
fy = [sintode [5 sinudu = 0, 


n/2 Qn λυ n/2 
1, - Βιηῦ οοδυάν [ du = ὃπ one ae = π 


for the three moments. Since the total mass is obviously 27, we see that 
the centre of mass lies at the point with co-ordinates x = 0, y = 0, z = 3. 


2. Moment of Inertia. 


The generalization of the concept of moment of inertia is 
equally obvious. Zhe moment of inertia of a particle with respect 
to the x-axis 1s the product of tts mass and p* = y? +23, that is, 
the square of the distance of the point from the z-axis. In the 
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same way, we define the moment of inertia about the z-axis of 
a mass distributed with density μία, y, 2) through a region δ 
by the expression 


f [ [ p(y? + 25) dady ἄς. 


The moments of inertia about the other axes are represented by 
similar expressions. Occasionally the moment of inertia with 
respect to a point, say the origin, is defined by the expression 


fff + y2+ 2*)dardy dz, 


and the moment of inertia with respect to a plane, say the 


yz-plane, by 
f f f pada dy dz. 


Similarly, the moment of inertia, with respect to the x-axis, of 
a surface distribution is given by 


f [ u(y? + 25)4σ, 


where p(u, v) is a continuous function of two parameters u and νυ. 

The moment of inertia of a mass distributed with density 
μία, y, 2) through a region R, with respect to an axis parallel to 
the x-axis and passing through the point (€, 7, ¢), 1s given by the 
expression 


{{{μ|πὴ᾿-- n+ (2— ὥξ)άν ἀν dz. 


If in particular we let (ξ, ἡ, ζ) be the centre of mass (cf. p. 277) 
and recall the relations for the co-ordinates of the centre of mass 
(given on p. 277), we at once obtain the equation 


f [ [uy + 2) dady dz = ‘4 f [ μ[(ψ — η)η5 + (ὦ - CP] dadydz 
+ (4? + Ὁ fff mdadyde 


Since any arbitrary axis of rotation of a body can be chosen as 
the z-axis, the meaning of this equation can be expressed as 
follows: 

The moment of inertia of a rigid body with respect to an arbitrary 
axis of rotation is equal to the moment of inertia of the body about 
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@ parallel axis through its centre of mass plus the product of the total 
mass and the square of the distance between the centre of mass and 
the axis of rotation (Steiner’s theorem). 

The physical meaning of the moment of inertia for regions in 
several dimensions is exactly the same as that already stated 
in Vol. I, Chap. V, section 2 (p. 286): 

The kinetic energy of a body rotating uniformly about an axis 
ts equal to half the product of the square of the angular velocity and 
the moment of inertia. 


The following examples may serve to illustrate the concept and the 
actual calculation of the moment of inertia in simple cases. 

For the sphere V with centre at the origin, unit radius and unit density, 
we see by symmetry that the moment of inertia with respect to any axis 
through the origin is 


-- f fc + y*)dudy dz =f f few +. 2#)dxudydz 
=fffw + 2*)dxdydz. 


If we add the three integrals, we obtain 
3] =f f [ow + y2 + 2) dxdydz, 
v 


or, if we introduce polar co-ordinates, 


2 ri τ 2m 2 1 8π 
Imi [τὰν f si d ==. τς 3. 3ππ-ε ταὶ 
4. ἀπ ὅν 5.8 2π ΤΕ 
For a beam with edges a, 6, c, parallel to the z-axis, the y-axis, and 
the z-axis respectively, with unit density and centre of mass at the origin 
we find that the moment of inertia with respect to the zy-plane is 


a{2 b/2 c{2 c3 
{ dx [ἂν if edz = αὐ ὦ, 
—aj2 J—bi2 J—ej2 12 


3. The Compound Pendulum. 


The above ideas find an application in the mathematical treatment of 
the compound pendulum, that is, of a rigid body which oscillates about a 
fixed axis under the influence of gravity. 

We consider a plane through G, the centre of mass of the rigid body, 
perpendicular to the axis of rotation; let this plane cut the axis in the 
point O (fig. 14). Then the motion of the body is obviously given if we 
state the angle @ = φ(έ) which OG makes at time ¢ with the downward 
vertical line through O. In order to determine this function ¢(t) and also 
the period of oscillation of the pendulum, we require to assume a know- 
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ledge of certain physical facts (cf. Chap. VI, section 1, p. 412), We make 
use of the law of conservation of energy, which states that during the 
motion of the body the sum of its kinetic and potential energies remains 
constant. Here V, the potential energy of the body, is the product Mgh, 
where M is the total mass, g the gravitational 
acceleration, and A the height of the centre of 
mass above an arbitrary horizontal line, e.g. 
above the horizontal line through the lowest 
position reached by the centre of mass during 
the motion. If we denote OG, the distance of 
the centre of mass from the axis, by s, then 
V = Mgs(1— cos). By p. 280 the kinetic 
energy is given by 7’ = 3Jo*, where J is the 
moment of inertia of the body with respect to 
the axis of rotation and we have written o for 
do/dt. The law of conservation of energy there- 
fore gives the equation 


™. 
wee oo 


4 1 φ3 — Mgs cos 9 == const. Fig. 14.—The compound 
pendulum 


If we introduce the constant ὦ = I/Ms, this is 
exactly the same as the equation previously found (Vol. I, Chap. V, 
p. 302) for the simple pendulum; / is accordingly known as the length of the 
equivalent simple pendulum. 

We can now directly apply the formule previously obtained (loc. cit.). 
The period of oscillation is given by the formula 


Zhe do 
ΗΝ 52 
9 —¢, V COS -- 008 Po 


where 9, corresponds to the greatest displacement of the centre of mass; 
for small angles this is approximately 


᾿ I 
Tm Or als = ὅπ Mgs 


The formula for the simple pendulum is of course included in this as a 
special case. For if the whole mass M is concentrated at the centre of mass, 
then J = Ms*, so that ἢ = 8. 

Investigating further, we recall that 1, the moment of inertia about 
the axis of rotation, is connected with J,, the moment of inertia about a 
parallel axis through the centre of mass, by the relation (cf. p. 279) 

I=I,+ Ms’. 
Hence 


or, if we introduce the constant a = J,/M, 


i=g 2, 
8 
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We see at once that in a compound pendulum ἢ always exceeds 8, 
so that the period of a compound pendulum is always greater than that 
of the simple pendulum obtained by concentrating the mass Uf at the 
centre of mass. Moreover, we note that the period is the same for all 
parallel axes at the same distance s from the centre of mass. For the 
length of the equivalent simple pendulum depends only on the two quan- 
tities s and a = J,/M, and therefore remains the same provided neither 
the direction of the axis of rotation nor its distance from the centre of 
mass is altered. 

If in the formula / = s+ a/s we replace the quantity 8 by a/s, that 
is, if the axis is moved from the distance s to the distance a/s from the 
centre of mass, then / remains unchanged. This means that a compound 
pendulum has the same period of oscillation for all parallel axes which 
have the distance s or a/s from the centre of mass. 


The formula 7 = 2π a (8. shows at once that the period 7 
9 


increases beyond all bounds as 8 tends to zero or to infinity. It must 
therefore have a minimum for some value s,. By differentiating we obtain 


= — fo 
8 = “fa Ta 


A pendulum whose axis is at a distance 80 = 4/I,/M from the centre 
of mass will be relatively insensitive to small displacements of the axis. 
For in this case d7'/ds vanishes, so that first-order changes in 8 produce 
only second-order changes in 7, This fact has been applied by Prof. 
Schuler of Géttingen in the construction of very accurate clocks. 


4. Potential of Attracting Masses. 


We have seen in Chap. IT, section 7 (p. 90) that according to Newton’s 
jaw of gravitation the force which a fixed particle Q with co-ordinates 
(ξ, ἡ» ζ) and mass m exerts on a second particle P with co-ordinates (2, y, 2) 
and unit mass is given, apart from the gravitational constant y, by 


m grad a 
r 


where r = / (x — &)? + (y— ny)? - (2 — Ὁ is the distance between the 
points P and Q. The direction of the force is along the line joining the 
two particles, and its magnitude is inversely proportional to the square 
of the distance. If we now consider the force exerted on P by a number 
of points Q,, Q.,..., Y, with respective masses m,, mM, ..« Mg, We can 
express the totalforce as the gradient of the quantity 

pe πω 

ry Ye n 
where 7, denotes the distance of the point Q, from the point P. If a force 
can be expressed as a gradient of a function, it is customary to call this 
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function the potential of the force; we accordingly define the gravitational 
potential of the system of particles Q,, Qz,.-+» Q, at the point P 88 the 
expression 

7 m, 


Σ»-.---.- -- ὉΠ τ ---- 
veir/(x -- &)? + (y— ην)} + (ὦ -- ζ,)} 


We now suppose that instead of being concentrated at a finite number 
of points the gravitating masses are distributed with continuous density μ 
over a portion R of space or ἃ surface § or a curve C. Then the potential 
of this mass-distribution at a point with co-ordinates (x, y, 2) outside the 
system of masses is defined as 


ff pee ἀξάηάξζ, 
{{4 
[Fe 


In the first case the integration is taken throughout the region R with 
rectangular co-ordinates (E, ἡ, ¢), in the second case over the surface S 
with the element of surface do, and in the third case along the curve with 
length of arc 8. In all three formule r denotes the distance of the point 
P from the point (ξ, ἡ, ¢) of the region of integration and μὶ the mass 
density at the point (&, ἡ, ζ). 

Thus e.g. the potential at a point P with co-ordinates (x, y, z), due to 
a sphere K of constant density equal to unity, with unit radius and centre 
the origin, is given by the integral 


dé dndt 
1 Cpe Ἐ: ζ) 


+1 ἐνᾳαᾳ-- μενα -- δ" πη] 
= f ἀξ f ἄη [ ~dt 
-1 -να--Ὁ}) ὕ-πνα-- πη 7 


or 


or 


In all these expressions the co-ordinates (x, y, 3) of the point P appear, 
not as variables of integration, but as parameters, and the potentials are 
functions of these parameters. 

To obtain the components of the force from the potential we have tc 
differentiate the integral with respect to the parameters. The rules for 
differentiation with respect to a parameter extend directly to multiple 
integrals, and by section 1 (p. 218) the differentiation can be performed 
under the integral sign, provided that the point P does not belong to the 
region of integration, that is, provided that we are certain that there is 
no point of the closed region of integration for which the distance r has 
the value zero. ‘Thus, for example, we find that the components of the 
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gravitational force on unit mass due to a mass distributed with unit 
density through a region Καὶ in space are given by the expressions 


A=~f ff aanas F=—f ff 7 aeanat, 
γι ff fF ἀξάηας, 


Finally, we point out that the expressions for the potential and its 
first derivatives continue to have a meaning if the point P lies in the 
interior of the region of integration. The integrals are then improper 
integrals, and, as is easily shown, their convergence follows from the 
criteria of section 5 (p. 257). 

As an example we shall calculate the potential at an internal point 
and at an external point, due to a spherical surface § with radius α and 
unit surface density. If we take the centre of the sphere as origin and 
make the x-axis pass through the point P (inside or outside the sphere), 
the point P will have the co-ordinates (z, 0, 0), and the potential will be 


da 
ὑπ} Terra Te 


If we introduce polar co-ordinates on the sphere by means of the equations 


ξ = acosd, 
Ἢ = asin6 008 φ, 


then 
0 = [+ 0 [ae 
ο V (a — acos6)?+ a®sin?6@ Jo 
= ————— 
υ V 27+ a*— 2ax cos 0 


If we put 2* +- a? — 2ax cos0 = r’, so that ax sin 0d0 = rdr, then (provided 
that 2 + 0) the integral becomes 


Qna plixtal ryder ra 
ee iat ale ἢ 
& Jix—al r 1 


and for |2| <a 
U = 4πα. 


Hence the potential at an external point is the same as if the whole 
mass 4ra* were concentrated at the centre of the sphere. On the other 
band, throughout the interior the potential is constant. At the surface 
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of the sphere the potential is continuous; the expression for U is still 
defined (as an improper integral) and has the value 47a. The component 
of force F,, in the x-direction, however, has a jump of amount —4z at the 
surface of the sphere, for if | «| > a, we have | 


4ra* 
απ x2 μ 
while F,, = 0 if | «| <a. 

The potential of a solid sphere of unit density is found from the 
above by multiplying by da and then integrating with respect to ὦ. This 
gives the value 

4παὃ 


| =| 


for the potential at an external point, which is again the same as if the 
total mass $a? were concentrated at the centre. 


OO 


EXAMPLES 


1. Find the position of the centre of mass of the curved surface of a 
right cone. 

2. Find the co-ordinates of the centre of mass of the portion of the 
paraboloid 

z+ γῆ = pe 

cut off by the plane ὦ = 2p. | 

3*, A tube-surface is generated by a family of spheres of unit radius 
with their centres in the zy-plane. Let S be a portion of the surface 
lying above the zy-plane and II the area of the projection of 8 on the zy- 
plane. Prove that the z-co-ordinate of the centre of mass of 8 is equal 
to IL/8. 

4. Calculate the moment of inertia of the solid enclosed between the 
two cylinders 


a@ty—R and αὐ γ-- Rh (R> RP’) 


and the two planes z == ἢ and z = —h, with respect to (a) the z-axis, (δ) the 
2-aXis. Ὁ 
5. If A, Β, C denote the moments of inertia of an arbitrary solid of 
positive density with respect to the z-, y-, 2-axes, then the ** triangle in- 
equalities ” 
A+B>0O, A+C>B8B, B+C>A 
are satisfied. 


6. Find the moment of inertia of the ellipsoid 
“ὃ y* 2a 
Ὁ i Al “.-} 
a? Ἔ 6? + c 
with respect to 


(a) the z-axis, 
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(6) an arbitrary axis through the origin, given by 
Ziy:z2=a:B:y (a3 + 62+ y? = 1). 
7*. Find the envelopes of the planes with respect to which the ellipsoid 


bas the same moment of inertia h. 


8. Let O be an arbitrary point and S an arbitrary body. On every ray 
from O we take the point at the distance 1//J from O, where J denotes 
the moment of inertia of § with respect to the straight line coinciding with 
the ray. Prove that the points so constructed form an ellipsoid (the so- 
called momental ellipsoid). 


9. Find the momental ellipsoid of the ellipsoid 
x2 y* 2 
a poe 
at the point (ξ, ἡ, ©). 
10. Find the co-ordinates of the centre of mass of the surface of the 
sphere 2* + y? + 2? = 1, the density being given by 
I 


Veit yee 


11. Find the x-co-ordinate of the centre of mass of the octant of the 
ellipsoid 


-- 1, 2#20,¥720,z20. 


12. A system of masses S consists of two parts 8, and 8,; I,, I,, I are 
the respective moments of inertia of S,, S,, 8 about three parallel axes 
passing through the respective centres of mass. Prove that 


MMs 
™m, + Mm, 


f=1,+1,+ a’, 


where m, and m, are the masses of 8, and S, and ὦ the distance between 
the axes passing through their centres of mass. 


13. Calculate the potential of the ellipsoid of revolution 
z+ x? 


a’ 


22 
at its centre (6 > a). 
14. Calculate the potential of a solid of revolution 


r=V(@e+y)Sfe, αξΞεξῦ, 
at the origin. 
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Appendix to Chapter IV 
1, Toe Existence oF THE MULTIPLE INTEGRAL 


1, The Content of Plane Regions and Regions of Higher 
Dimensions. 


In order to obtain the analytical proof of the existence of the 
multiple integral of a continuous function, we must begin with 
a study of the idea of content. 

In Vol. I, Chap. V (p. 269) we saw how the content of a plane 
region can in general be expressed by an integral. Without 
making use of that fact, and without considering the existence 
of the area as guaranteed by intuition, we shall now proceed to 
give a general definition of the idea of “‘ content ”’ and investigate 
under what conditions this concept has a meaning. 

We begin with a rectangle with sides parallel to the z- and 
y-axes, and define the area of such a rectangle as the product of 
the base and the altitude. If the given rectangle is subdivided 
into smaller rectangles by a number of parallels to the sides, it 
is clear from this definition that the area of the rectangle is equal 
to the sum of the areas of all the sub-rectangles. The area of a 
region which is composed of a finite number of rectangles * can 
now be defined as the sum of the areas of these rectangles. 

The area thus defined is independent of the way in which the 
region 1s subdivided (or resolved) into rectangles. For if we are 
given two different resolutions, we can find a third resolution 
which is a finer subdivision of the two original ones. We do 
this by prolonging throughout the region all the lines which 
occur in either of the resolutions. These lines subdivide the two 
subdivisions into still smaller rectangles. The sum of the areas 
of these small rectangles is equal to the sum of the areas of the 
rectangles both of the first resolution and of the second resolution. 

Now in order to define the area of an arbitrary bounded region 
B we form an inner approximation and an outer approximation 
to the region, that is, we find two regions B,; and B,, each con- 
sisting of rectangles, the region B, being entirely within B and 


* Throughout this section the word rectangle will always be understood 
to mean a rectangle with sides parallel to the axes. 
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the exterior region B, containing B. For this purpose we first 
enclose the region B in a large square. Then we divide this 
Square into small rectangles by drawing parallels to the axes. 
Those rectangles having points in common with B together form 
a region B, which encloses B; those rectangles which lie wholly 
within B form a region B, which is contained in B. 

We now wish to define the area C(B) of B in such a way that 
for every choice of B; and B, the area of B lies between that of 
B, and that of B,: 


C(B,) S C(B) S C(B,). 


If we make the subdivisions finer, so that the diameters of the 
rectangles tend to zero, then the areas O(B,;) form a mono- 
tonic increasing sequence and the areas C(B,) form a mono- 
tonic decreasing sequence. For to the regions B, rectangles can 
only be added, and from B, rectangles can only be removed. 
Therefore C(B,) has ἃ limit and so has C(B,). If these two limits 
are equal, we call this common limit the area of the region B. 

Under what conditions are the two limits, C(B,) and C(B,), 
equal? Of course the answer is, when the difference C(B,)— C(B,) 
tends to zero as the fineness of the subdivisions increases. The 
region B, — B, consists of those rectangles which have points in 
common with the boundary of B. Therefore if the area of this 
region B, — B, tends to zero, it follows that the boundary of B 
can be enclosed in a region composed of rectangles and having 
as small an area as we please, namely in B, — δι. Conversely, if 
the boundary of B can be enclosed in the interior of a region S 
consisting of rectangles with a total area as small as we please, and 
if the subdivision is sufficiently fine, the rectangles B, — Β, will 
all he in S; the area of B, — B, will then be less than that of S, 
so that it tends to zero. 

The result is as follows: the limits of C(B,) and C(B,) are equal 
of, and only tf, the boundary of B can be enclosed in a region consist- 
ing of rectangles of total area as small as we please. In this case 
our definition actually does assign a content * to B. 


* From the geometrical point of view it is somewhat unsatisfactory that 
in defining the content we have singled out a particular co-ordinate system. 
As a matter of fact, however, there is no difficulty in showing that the content 
is independent of the co-ordinate system, not only for two dimensions but also 
for ἢ dimensions. We shall, however, omit this discussion here. For, on 
the one hand, it is not necessary for our particular purpose, which is the 
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In the next sub-section (p. 291) we shall prove the intuitively 
plausible fact that every sectionally smooth continuous curve (that 
is, every continuous curve which has a continuously turning 
tangent except at a finite number of points) can be enclosed in a 
region formed from rectangles, whose area is as small as we please. 
The condition is therefore satisfied whenever the region B con- 
sists of a finite number of parts, each bounded by a finite number 
of sectionally smooth curves. Such regions have a unique area; 
others do not arise in practical applications. 

We shall show on p. 292 that if a region B is subdivided by 
sectionally smooth curves the sum of the contents of the sub- 
regions is equal to the content of the whole region B. Here we 
shall merely show that the present definition of area agrees with 
the integral formule obtained previously. 


y=f(%) 


x 
Fig. 15.—Approximation to a region by sets of rectangles 


We begin by considering a region B bounded by the z-axis, 
the lines z = a, x = ὃ, and a curve y= f(x). For the regions B, 
and B,, respectively contained in and containing B, we can take 
the regions composed of rectangles shown in fig. 15 (the one by 
dotted lines and the other by continuous lines). According to 
the definition of a simple integral in Vol. I, Chap. IT, section 1 
(p. 78), the areas B; and B, are respectively an upper sum F,, 


b 
and a lower sum F, for the integral [ ydx. In addition to our 
formula 
O(B,) S C(B) < C(B.) 


proof of the existence of the double integral; and, on the other hand, the 
fact that the content is independent of the co- ordinate system follows imme- 
diately when we represent the content by a multiple integral and recall that 
the transformation formula shows that the value of this integral is unchanged 
When new rectangular co-ordinates are introduced. 

11 (Ε912) 
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we accordingly have the further mequality 


b 
OB) S [ fla)de S O(B,), 
by the definition of mtegral. Since lim C(B,) = lim C(B,), it 


b 
follows that C(B) = f i (x)dz, in agreement with what we have 
sald already. ? 

In the case of an arbitrary region B, subdivision of the 
region by lines parallel to the axes shows that our definition 
of content agrees with the expression for the area: 


f [ da dy. 


The present definition of the area can immediately be extended 
to three-dimensional regions, and in fact to regions in » dimensions. 
The content of a parallelepiped with sides parallel to the axes is 
defined as the product of the lengths of the three sides. We then 
extend the definition to regions composed of a finite number of 
such parallelepipeds. For an arbitrary region B we then find 
regions B, composed of parallelepipeds and lying in B and similar 
regions B, containing B. The definition of the content of the region 
B asthe common limit of the content of B, and that of B; again 
has a meaning, provided that the boundary of the region B can 
be enclosed in a set of parallelepipeds of arbitrarily small total 
content. In the next sub-section (p. 292) we shall show that this 
can always be done for regions bounded by surfaces having 
sectionally continuous tangent planes. As before, we shall hence- 
forth restrict ourselves to such regions. The word region is always 
to mean a bounded closed region whose boundary consists of a 
finite number of surfaces with sectionally continuous derivatives. 

The volume of a cylinder with its axis in the direction of the 
z-axis and its base in the zy-plane is the product of the area of the 
base and the altitude. This is at once clear when the base is 
composed of rectangles with sides parallel to the axes. In the 
general case the cylinder can be enclosed between two cylinders 
whose bases are regions composed of rectangles and whose 
volumes differ from that of the given cylinder by arbitrarily 
small amounts. The theorem therefore holds for cylinders with 
any base. From this it follows as before that the double integral 


J [ fle, ydedy 
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gives the volume of a portion of space bounded above by the 
surface z = f(x, y), below by the plane region B, and at the sides 
by the vertical limes by which the edge of the surface is projected 
into the boundary of B. Further, we see that the definition of 
volume for a general region in space [Ὁ agrees with the integral 


expression 
Jf [ andy de 


2. A Theorem on Smooth Arcs. 


In discussing areas we used the theorem that a continuous 
curve with a continuously turning tangent at all but a finite 
number of points can always be enclosed in a region composed 
of rectangles with sides parallel to the axes and having an arbi- 
trarily small total content. It is obviously sufficient to prove the 
theorem for the individual ares with continuous tangents. Let 
such an arc be given by the equations 


NO) ee <3 
y= ys) ==” 


where the parameter s is the length of arc and ¢(s) and ¢(s) are 
continuously differentiable functions. Then 


Ι φΦ΄(5)} ΞΞ 1, 
| ψ΄)ΞΞ 1. 


By the mean value theorem of the differential calculus, for any 
two values s and s, of s in the interval a <= 8 <= ὃ we have 


|x— 2, |= | A(s)— 4(s,) | S|s—s, |, 
ly-unl= | #(s) — Ps) | S]s—s, |. 
If, therefore, we subdivide the curve into n arcs of length 


« = (ὃ --- a)/n and denote the initial point of the v-th arc by 
(x,, y,) and an arbitrary point of that arc by (ὦ, y), we have 


la—a,|Se or “,-- εξξυ ξξα,- ε, 
ly—y,|Se or y¥,—-eSySyte 


The points of the v-th arc therefore all lie in a square with side 
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2e and area 4e%. The whole curve is included in n such squares, 
whose total area is at most 


4e*n = 4€(b — a). 
This quantity can be made as small as we please by taking ε 
sufficiently small. 


There is no difficulty in proving the corresponding theorem 
for surfaces in space defined by the equations 


x= φίι, v) 
y = ψίω, v) 
z= x(u, v), 


where the functions ᾧ, 4, y have sectionally continuous deri- 
vatives. It is found that every such surface can be enclosed in a 
region of arbitrarily small volume, consisting of a number of 
parallelepipeds. 

A consequence of this theorem is that if a plane region R 
bounded by a sectionally smooth curve is subdivided into two sub- 
regions R’, R” which are separated by sectionally smooth arcs, 
the area of R is equal to the sum of the areas of R’ and R’”’. For 
we can subdivide the plane by straight lines parallel to the co- 
ordinate axes and so close together that all the rectangles which 
have points in common with the boundary of 1 or with the 
ares separating 4 and R” have an arbitrarily small total area. 
As before, we define 2, as the region consisting of all rectangles 
having points in common with R, and R, as the region consisting 
of all rectangles entirely within &; the regions R,’, R,’, R,”’, ΚΗ, 
are similarly defined. The regions R,’ and R,’’ together cover 
f,, some rectangles being counted twice; hence C(R,’) + C(R,”’) 
= O(R,) 2 C(R). Again, R, and RF,’ are contained in R,, and 
are completely separate; hence C(R) = C(R,) = C(R/) + C(R,’). 
Since C(R,’) and C(R,’’) can be made to approximate as closely 
as we desire to C(R’) and C(R”) by making the subdivision fine 
enough, the first of these inequalities gives C(R’)+ ΟῚ = C(R); 
the second similarly gives C(R’)-+ C(R”’) = C(R). Taken to- 
gether, these inequalities prove our statement. 

It is clear that this addition theorem still holds when the 
region & is subdivided into any finite number of regions R®, R, 
..., R™, The extension to more than two dimensions follows the 
same lines and offers no difficulty at all. 


Wig 
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3. The Existence of the Multiple Integral of a Continuous Function. 


Let the function f(x, y) be continuous in the interior and on 
the boundary of a region R. We wish to show that as the diameters 
of the sub-regions R, tend to zero the upper and lower sums 
am, AR,, 2M, AR, (defined in Chap. IV, section 2, p. 224) tend 
to a common limit which is independent of the mode of sub- 
division. The proof is essentially the same as the corresponding 
proof in Vol. I, Chap. IT, Appendix (p. 131), and can therefore 
be given quite briefly here. 

We first suppose that the subdivision of R into δ κὸν ὑμὰ R, 
is efiected by polygonal paths. We choose the maximum diameter 
5 of the sub-regions 2, so small that for every two points whose 
distance apart is less than ὃ the values of the function differ by 
less than ε. Then in each of these regions we have 


M,—m,<e. 


Thus for the difference between the upper sum and the lower sum 
we have 


=M, AR, — =m, AR, < XeAR, = <C(R). 


livery subdivision obtained by subdividing the given subdivision 
further obviously has a lower sum which is between the upper 
and lower sums of the original subdivision. 

The proof is complete once we show that for every two sub- 
divisions of R into sub-regions with diameters less than ὃ the 
corresponding upper and lower sums of the two subdivisions 
differ from one another by as little as we please, provided only 
that 5 is chosen sufficiently small. 

If we are given a second subdivision into sub-regions R,’ 
which have diameters less than 8, then in this subdivision also 
the upper and lower sums will differ by less than «C(R): 


ΣΜ ΔΕ, — =m,’ AR,’ < eC(R). 


The two subdivisions together define a new subdivision which is a 
further subdivision of each of the two and which is obtained by 
collecting the common points of each pair of regions R, and R,! 
(if such points exist) into a region R,,,” By the previous remark, 
the lower sum of this third subdivision ἢ is not smaller than the 
lower sum of the two original subdivisions, and differs from 
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each of them by less than «C(R). Therefore the lower sums 
um, AR, and Xm,’AR,” differ by less than 2eC(R). If we now 
let ε tend to zero, it follows from Cauchy’s test that the lower 
sums have a limit mdependent of the mode of subdivision. 
. Since we have already seen that the upper sums differ from the 
lower sums by as little as we please, the upper sums have the 
same limit. This proves the existence of the double integral 


i f F(z, y)dS for polygonal subdivisions of R. 
R 


We made this assumption in order to be sure that a common 
subdivision into a finite number of regions R,,” really exists. 
If, for example, the boundaries of the sub-regions are curves, and 
a portion of a boundary curve in one subdivision consists of 


the line ὦ = Ὁ and a portion of a boundary in the other consists 
of the curve 2 Pie = y, then the common subdivision will 
x 


have an infinite number of cells in the neighbourhood of x = 0. 
We can, however, easily get rid of this assumption of polygonal 
subdivision. For by p. 291 we can replace every curvilinear sub- 
division by a polygonal subdivision such that the total difference 
of the areas, and hence the difference of the corresponding lower 
sums, is arbitrarily small. This obviously reduces the case of 
sub-regions of arbitrary boundary to the special case already 
discussed. 

The proof is clearly independent of the number of dimensions. 

The corollaries on the existence of the double integral stated 
in Chap. IV, section 2 (p. 225) follow immediately from the 
approximation formula developed there and require no further 
proof here. 


2. GENERAL FoRMULA FOR THE AREA (OR VOLUME) OF A 
REGION BOUNDED BY SEGMENTS oF Srraigut LINES 
OR PLANE AREAS (GULDIN’s FoRMULA). THE PoLar 
PLANIMETER. 


The transformations on pp. 299-300 enable us to give a 
simple proof of the following theorems: 

If a straight-line segment S of constant or variable length 1 
is In motion in a plane, and if ¢ represents time, then the area 
swept out by the moving segment is 


ge 
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ty dn 
A=] Ut) — dt, 
͵ OF 


where ¢, and ¢, correspond to the initial and final positions of 
the segment S, and dn/dt is the component of the velocity of the 
mean centre of S in the direction perpendicular to S. 

Again, the volume V swept out by a moving plane area P 
of area A is 


ty dn 
v= ͵ A(t) = dt, 


where dn/dt is the component velocity of the mean centre of the 
area A perpendicular to the plane of P. 

Both in these formule and in the proofs, we assume to begin 
with that the moving segment S or plane area A passes once and 


Fig. 16 


once only through each point of the region swept out (see fig. 16). 

We first give the proof in the case of a segment moving in a 
plane. The generating segment must be represented by an 
equation of the form 


ae + βίην -Ε γίῃ τ- 0, @&+f'=1, (a) 


or else in the form obtained by solving this equation for the 
variable ¢: 
t= (2, y). 


We first carry out the transformation of 4 = [ f dx dy 
by means of the formula on p. 299 for the special case 


f(z, y)=1. 


Denoting by ds the line element taken along the segment S, 
we obtain the expression 


; dé 
τ te oes 
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for the area. It is easy to see, by substituting t= d(x, y) in 
formula (a) and differentiating with respect to x and y, that 

τονε 
grad p 


Hence the area is given by 


= to’ + By +). 


+4 = [uf ae By day Vas, 


Here a’, β΄, y’ denote the derivatives of a, B, y with respect to t. 
The integration with respect to s is to be taken along the seg- 
ment S. 

The single integral with respect to s is equal to 


Ut) (α΄ ζ - ΝΎ -Ἐ γΊ, 


where (X, Y) are the co-ordinates of the mean centre οὗ S. But 
X and Y satisfy the equation aX + BY + y= 0. On differen- 
tiating this equation with respect to ¢, we obtain 


a’X + PY + y+ aX’ + pY'=0. 
—(a'X -+ p’Y + +’) = aX’ -+ BY’. 


Here a, β are the components of the unit vector perpendicular 
to the segment S, and X’, Y’ are 
the velocity components of the 
mean centre at the time ὁ. The 
expression α΄ + p’Y +-y’ 1s thus 
equal to the velocity of the mean 
centre perpendicular to 5, This 
proves our formula. 

his result can be shown to be 
intuitively plausible by the follow- 
ing argument. We consider two 

neighbouring positions of the segment S, PQ and P’Q’, say (fig. 17). 

These two segments determine an area which is given approxi- 

mately by the product of the length PQ of S and the distance 

M'M of the mean centre of one segment from that of the other. 

The error in this approximation is of higher order than that of 

the increment of time δὲ corresponding to the displacement. It 


Thus 


Fig. 17 


ae 
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would be an instructive example for the reader to try to fill 
in the details of this geometrical argument and provide a strict 
proof. 

The corresponding theorem in three dimensions can be proved 
in the same way by the use of the transformation formule for 
volume integrals given on p. 300. There is no need to go through 
the proof here. 

In the special case of a plane region which is rotated about 
an axis while retaining its original size and shape, we have the 
problem already considered in Vol. I (Chap. V, p. 285), where 
Guldin’s rule for the volume of a solid of revolution was given. 

Our formule associate a definite sign with the area of the 
region swept out. In the two-dimensional case the sign depends 
ou which of the two directions normal to S is regarded as posi- 
tive. (The same is true in three dimensions.) The area obtained 
Is positive if the segment S, as it passes through any point, moves 
in the direction of the positive normal; otherwise it is negative. 

These observations allow us to extend our results to cases in 
which the segment or plane area does not always move in the 
same sense, or covers part of the 
plane (or space) more than once. 
The integrals given above will then 
express the algebraic sum of the 
areas (or volumes) of the parts of the 
region described, each taken with the 
appropriate sign. We leave it to the 
reader to work out how this may be 
taken account of in practice. 

As an example, let a segment 
of constant length move so as 
to have its end-points always on two fixed curves C and C’ in 
a plane, as in fig. 18. From the arrows showing the positive direc- 
tion of the normal we can determine the sign with which each 
area appears in the integral, and we find that the integral gives 
the difference between the areas enclosed by C and C’. If 
C’ contains zero area, as when it degenerates into a single seg- 
ment of a curve, miuseiply described; the integral gives the area 
enclosed by C. 

This principle is used in the construction of the well-known 


polar planimeter (Amsler’s planimeter). This is a mechanical 
119 (Ε912) 


Fig. 18 
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apparatus for measuring plane areas. It consists of a rigid rod at 
the centre of which is a measuring-wheel which can roll on the 
drawing-paper. The plane of the wheel is perpendicular to the rod. 
When the instrument is to be used to measure the area enclosed by 
a, curve C drawn on the paper, one end of the rod is moved round 
the curve, while the other is connected to a fixed point O, the pole, 
by means of a rigid member jointed to it. This end of the rod 
therefore describes (multiply) an arc of a circle: that is, a closed 
curve containing zero area. It follows that the normal motion 
of the mean centre of the rod gives the area enclosed by C, apart 
from the constant multiplier 7. But this normal component is 
proportional to the angle through which the measuring-wheel 
turns, provided that the circumference of the wheel moves on 
the paper as the rod moves, in which case the position of the 
wheel is only affected by the motion normal to the rod. 

In the instrument as usually constructed the wheel is not 
exactly at the centre of the rod, but this only alters the factor of 
proportionality in the result, and the factor can be determined 
directly by a calibration of the instrument. 


EXAMPLE 


Let S be a tube-surface (cf. p. 182) generated by a family of unit 
spheres whose centres lie on a closed curve C in the zy-plane. Prove that 
the volume enclosed by S is x times the length of C. 


2, VoLUMES AND AREAS IN SPACE OF ANY NUMBER 
ΟΕ DIMENSIONS 


1, Resolution of Multiple Integrals. 


If the region & of the zy-plane is covered by a family of curves 
d(x, y) = const. in such a way that through each point of & there 
passes one, and only one, curve of the family, we can take the 
quantity d(x, y) = € as a new independent variable, that is, we 
can take the curves represented by (x, y) = const. as a family 
of parametric curves. 

For the second independent variable we can take the quantity 
ἢ = y, provided that we restrict ourselves to a region & in which 
the curves ¢(z, y) = const. and y = const. determine the points 
uniquely. 


eee al 


~~ 
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If we introduce these new variables, a double integral 
‘i [ f(x, ψ) ἀν is transformed as follows: 
R 


[ [fle ydody =f f POY dean 


If we keep € constant and integrate the right-hand side with 
respect to η, the integral with respect to 7 can be written in the 
form 


f σι Vibe? + Fy’) gy 
Vibe + oy) Sa 


ds _ V(¢u* + $47) 
dy Px 


this integral may be regarded as an integral along the curve 
d(x, y) = ξ, the length of arc s being the variable of integration. 
Thus we obtain the resolution 


[fe nie [6] 9h D ep 


for our double integral. The intuitive meaning of this resolution 
is very easily recognized if we suppose that corresponding to the 
curves $(7, y) = const. there is a family of orthogonal curves 
which intersect each separate curve ¢ = const. at right angles, 
in the direction of the vector grad ¢. If the orthogonal curves are 
represented by the functions 2(c) and y(c), where o is the length 
of arc on them, then 


Since 


debe yh 
da V (bx? ἘΣ φ,} da (ba? + $4?) tr $,7) 
Since 
dé 
a= begat Oe 
we obtain 


= Vibe-+ $8) = νειὰ BF 


We now consider the quadrilateral mesh bounded by two curves 
d(x, y) = €, d(a, y) = €+ AE, and two orthogonal curves which 
cut off a portion of length As from ¢(z, y) = ξ. The area of this 
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mesh is given approximately by the product AsAg, and this 
in turn is approximately equal to 


AsAé 
V (ga + $y?) 
The transformation of the double integral, 


dsd 
| [fe y)dady =f { f(a, Vas pH 


simply means this: instead of calculating the double integral by 
subdividing the region into small squares, we may use a subdivision 
determined by the curves (x, y)= const. and their orthogonal 
curves. 

A similar resolution can be effected in three-dimensional 
space. If the region # is covered by a family of surfaces 4(«, y, 2) 
== const. in such a way that through every point there passes 
one, and only one, surface, then we can take the quantity 
E= d(x, y, 2) asa variable of integration. In this way we resolve 
a triple integral 


ALLS Y; ἀράν de 


“Sf τ ae 


into an integration 
[ ΡΞ ΒΒ 7 (x, Ys 2) ἂσ 
V (ga? + φυὴ + $,7) 


over the surface ¢ = ξ and a subsequent integration with respect 
to ἔ: 


[[ [fe y, δ) dadydz = [at fogP te as ES Ea Toe . $50 


2. Areas of Surfaces and Integration over Surfaces in more 
than Three Dimensions. 


In n-dimensional space, that 1s, in the region of sets of values 


with » co-ordinates, an (ἢ — 1)-dimensional suuece is defined by 
an equation 


φία;, Lo, eee y Ln) = const. 
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We suppose that a portion of this surface corresponds to a certain 
region B of the variables 2, %, ... , Zn, Where ὧρ is to be 
calculated from the equation (a, 2, ... , Z,) = const. 

We now define the area of this portion of surface as the 
absolute value of the integral 


A=ff. [vent tata tbe dad... dey 


In the first instance this definition is only a formal generalization 
of the formule for the area obtained by intuition in the case of 
three dimensions. Nevertheless, it has a certain justification in 
the fact that the quantity A is independent of the choice of 
the co-ordinate z,. This may be proved in the same way as for 
the three-dimensional case (cf. Chap. IV, section 6, p. 271). 

The integral of a function f(2,, %, ..., %,) over this (n — 1)- 
dimensional surface we define as 


J f+ [Flee % -++5 tn)do 


=f fof Τ᾿ oy ty) Vibe et Pe ade, νον ἄτη αν 


where, as before, we suppose that a, is expressed in terms of 
Ty, ++» Ln by means of the equation ¢(7,..., X,) = const. 
We again find that the expression is independent of the choice 
of the variable z,,. 

As in the case of two or three dimensions, a multiple integral 
over an n-dimensional region R, 


{{ τ {Πρ .... ta) day ον. dg 


can be resolved as on p. 300. We assume that the region Κὶ is 
covered by a family of surfaces 


P(X, Vo, ++ +9 Ln) = const. 


in such a way that through each point (7, ..., 2,) of & there 
passes one, and only one, surface. If stead of 7,..., Us, Un, 
we introduce 


By, 2 0 oy Ung E== f(%,... 5 Zn), 


as independent variables, the multiple integral becomes 
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i ἀξ iE τ ἘΠ aS og οθθς "9 el WV (bo; a ar Pan’) ἄχ, nae din 


ἝΝ » Zn) 
at ad Ran by cs sooner sa Tia 


3. Area and Volume of the #-Dimensional Unit Sphere. 


As an example we shall calculate the area and volume of 
the sphere in n-dimensional space, that is, the area of the 
(ἢ — 1)-dimensional surface determined by the equation 


H2+...+2,7= FR 


and the volume interior to the (nm — 1)-dimensional surface, 
which is the volume given by the inequality 


ge+...+2,7? 5 R*. 

Let a continuous function f (7) of r= +/(2,?+...+2,,7) be given 
inside the sphere. We shall first find the multiple integral 
7. ; [Γι ... da, over the sphere z,7+...+ ἀρ 3 RB’. 
We introduce the new variable 

γ3 - P(X... » Ly) = δι Ἑ ...-Ὲ 2,7, 
and in virtue of the relations 


V ($0.2 +--+ Pan?) = 2», 
d(r?) = 2rdr 


we obtain the resolution 


[feo freraey ...don=[finarf...fdo=f fQuirar, 


where Q,,(r) is the area of the sphere 27+ ...+ %,?= 7. 
According to our general definition, the area of a hemisphere 
of radius r is given by the integral 
1 .Ν ἄχει... dkny 
5 Or) τε rf. [a 
where the integration is extended throughout the interior of the 
(n — 1)-dimensional sphere 


αἰϑτ- ον. -Έ ὦ,..5 33 γ, 
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If instead of the variables x, we introduce the quantities 
ἔπε ον Deal, 
r 1 


we obtain 


O(n) = 24 ff iat = tig 


where we denote the area of the unit sphere €,7-++...+ €,?—=1 by 


maf f.. 13 Ξε δέοι, 


Then it follows that 


[fev lrrdey dey = onf fr rar, 


We can now calculate w,, conveniently from this formula; we 
extend the integration on the left throughout the whole z,2,...2,- 
space (i.e. we let R increase beyond all bounds) and for f(r) 
we choose a function for which both the n-tuple integral on the 
left and the single integral on the right can be explicitly evaluated. 
Such a function is 


F(r) — οι  χελτ...Ἔ χρὴ ς- er. 


With this function the equation takes the form 
τ ett d "ὩΣ ᾿ ot yn-l ds. 
Oi a 
f en dg = γπ 
" 1./n 
—r* nl —_|{— 
[ er dr 5 (5) 


_ Aa)" 
"Tin 2) 


Since 


(p. 262) and 


(p. 324), we obtain 


Here Γ (*) means the elementary expression (΄ a Ἢ if n 
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4 (m— 2n—4).. 
| Q(n—Il2 


definition of the gamma function, see Vol. I, p. 250, and pp. 
323-5 of the present volume. In order to find the volume of the 
n-dimensional unit sphere we now put f(r) = 1 and obtain 


ty = feof fide, day... dig = cog f 8dr = 22, 


bya 
Pim + 2/2) 


is even an se s/n if nis odd. For the general 


hence 


Un 


4. Generalizations. Parametric Representations. 


In n-dimensional space we can consider an ¢-dimensional 
manifold for any r <n and seek to define its content. For this 
purpose a parametric representation 1s advantageous. Let the 
r-dimensional manifold be given by the equations 


ὧι τ f(y, . . - 5 Uy) 

Ly, = φ, (ω,, 46.) Ur); 
where the functions ¢, possess continuous derivatives in a region 
B of the variables (uw, ..., u,). As the variables οὐ, ..., u, 
range over this region, the point (2, ..., Z,) describes an r-dimen- 


sional surface. 
From the rectangular array 


ἜΝ on 
Ot, O02, θα, 


Oly ὃς. δῖ 
0%, O02, Oy 
Ou, Olly ” OU, 


᾿ς we now form all possible r-rowed determinants 


D, (»= ee (7)). 
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the first of which, for example, is the determinant 


ee Ce eee 
Ou, Ov, Oey 
δε Oty Oe 
Oty a "Oly * 
Ox, ὃ, OX, 
δι, Ou, Ou, 


The content of the r-dimensional surface is then given by the 
integral 


f.-[VDEF DF +... ΡΟΣ dy,» «. Wp 


By means of the theorem on the transformation of multiple 
integrals (Chap. IV, section 4, p. 254), and simple calculations 
with determinants which we shall omit here, we can prove that 
this expression for the content remains unchanged if we replace 
the parameters u,,..., %, by other parameters. We likewise 
see that in the case r= 1 this reduces to the usual formula for 
the length of arc, and in the case r = 2 in a space of three dimen- 
sions it becomes the formula for the area. | 

We shall give a proof for the case r = ἢ — 1, where n is arbi- 
trary; 1.6. we shall prove the following theorem: If 4(7,,...,%,)= 0 
is an arbitrary (n — 1)-dimensional portion of surface in n- 
dimensional space, and if this portion can also be represented 
parametrically by the equations 


= Y(t, ..- » Uny); GTi awa), 
then its area is given by 

A= fa. [VIER oF Diltey «ey 
where D, is a Jacobian of (n — 1) rows: 


D.= O(@4, « «+5 Pinas Vita +++ Pn) _ ι O(Uy, - - +, Uns) 
O(a, «+ + 


O(uy, eo # ey Uns) ee Vi-15 i+. “4.9 Zn) 


Here, as always, we assume the existence and continuity of all 
the derivatives involved. 
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Without loss of generality we may assume that ¢,, = 0. 
Then, since by p. 301 A is given by 


4-- [ΞΕ Pldn deny 


_ we have only to show that 


τ | στα φ |day .. . ἄν... = ΜΣΡ βάμ, ... dita, 
In ξ 
or | 


| ead g |? = $,,2(2D2) (fin Hea) $e De. 


Os ota eg) a i 


Now from the properties of Jacobians we have 


ἢ, ὅδίωρ..., Cry Bray + + +4 Gn) {θαι - - - » Zn) 
D,, ὧν ee “94 Un—-1) O(u,, e@eeg Un) 


om eeey Ln—1) 


This last Jacobian corresponds to the introduction of (%,..., 
Vyy, Ty44,+++,%,) instead of (%,..., %,__3) a8 independent 


variables. But as the partial derivatives ee are obtained from 
Le 


the equations i 
| ad ae SY (@=1,...,n— 1), 
OX; 
we have D, = + Poy Hence 
n Pain 
D,* Pa 
Di? ban? 


which proves the formula for A. 
It may be mentioned here that the expression =D? may be 


represented as a determinant of (n — 1) rows, : 
2 
᾿ ay Mg Ree ee 
UDP = | Xu, Xu, |= oo ee eee > @ ᾳ ΩΣ = G, 
= Mig, Vu, oes ne Kye, 


so that 
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4--[. : [VG duty... din. 


Here the elements of the determinant are the mner products of 


Ox, Ox Ox, =") 
=(-+,...,—— d *,=(—,..--,=—}), 
the vectors %,, δι; Ἢ and Xy, Pg δι. 
i.e. the expressions 

3 Obs 

i Ou; θυ, 

EXAMPLES 


1. Calculate the volume of the n-dimensional ellipsoid 
κι᾿ ny 
aa + .ee t+ a,3 . 
2. Express the integral J of a function οὗ x,, depending on 2, alone, 


over the unit sphere 2 -ἰ ...-+ ,? = 1 in n-dimensional space, as a 
single integral. | | 7 


4. Improper INTEGRALS AS FUNCTIONS OF A PARAMETER 


1. Uniform Convergence. Continuous Dependence on the Para- 
meter. 


Improper integrals frequently appear as functions of a para- 
meter; thus e.g. the integral of the general power 


1 F 1 
[ν oa 


in the interval —1 < x < 0 is an improper integral. 

We have seen that an integral over a finite interval is con- 
tinuous when regarded as a function of a parameter, provided 
that the integrand is continuous. In the case of an infinite 
interval, however, the situation is not so simple. Let us consider 
e.g. the integral 


F(z) = wy dy. 

(a) = [EY dy 

According as x > 0 or x < 0, this is transformed by the substi- 
tution zy = z into 


ο 2 “““οῦ.,." co με 
s1n Zz sin Zz SIN Zz 
f aie or f d= —f ane aie 
z 0 v4 0 z 


0 
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The integral [Ἕ — dz converges, as we have seen in Vol. I (pp. 
0 


252, 418), and in fact it has the value 7/2 (Vol. I, p. 450, and 
Ρ. 315 below). Thus in spite of the fact that the function 
(sinzy)/y, regarded as a function of x and y, is continuous 
everywhere and its integral converges for every value of ὦ, 
the function F(z) is discontinuous; it is equal to 2/2 for positive 
values of ὦ, to --π 2 for negative values of 2, and to zero for 
z= 0. 

In itself this fact is not at all surprising, for it is analogous 
to the situation which we have already met with in the case of 
infinite series (Vol. I, Chap. VIII, p. 394), and we must 
remember that the process of integration is a generalized sum- 
mation. In the case of an infinite series of continuous functions 
we required, if we were to be sure that the series represented a 
continuous function, that the convergence should be uniform. 
Here, in the case of convergent integrals depending on a para- 
meter, we shall again have to introduce the concept of uniform 
convergence. 

We say that the convergent integral 


F(z) = [ “fle, y) dy 


converges uniformly (in x) in the interval aS x <= B, provided 
that the “ remainder ”’ of the integral can be made arbitrarily small, 
sumultaneously for all values of x in the interval under consideration; 
more precisely: provided that for a given positive number ε 
there 1s a positive number A = A(e), which does not depend on x 
and is such that whenever B= A 


[fe y)dy | - ε. 


As a useful test we mention the fact that the integral 
[ {jz y)dy converges uniformly (and absolutely) of from a point 
Υ͂ = Yo Onward the relation 

fe n1< 


holds, where M is a positive constant and a> 1. For in this case 
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es “ dy 1 1 , 
[τὰ yay «Μ| ge aes 2 Goa 


the right-hand side can be made as small as we please by choosing 
A sufficiently large, and it is independent of 2. This is a straight- 
forward analogue of the test for the uniform convergence of 
series given in Vol. I, p. 392. 

We readily see that a uniformly convergent integral of ἃ con- 
tinuous function is ttself a continuous function. For if we choose 
a number A such that 


[τὰ υ)άν | <e 
for all values of x in the interval under consideration, we have 


< | [τι y—fe, p}dy | +2 


E(x + h) — F(a) 


In virtue of the continuity of the function f(z, y) we can choose 
h so small that the finite integral on the right is less than ε, 
which proves the continuity of the integral. 

A similar result holds when the region of integration is finite, 
but the integrand has a point of infinite discontinuity. Suppose 
e.g. that the function f(z, y) tends to infinity as y >a. We then 
say that the convergent integral 7 


F(a) =f fle, yay 


converges uniformly in aS xSP if for every positive number ε 
we can find a number k such that 


| [ Fle, vay | «ε, 


provided ἢ ΞΞΚ, where k is independent of x. Uniform convergence 
in this sense occurs if in the neighbourhood of the point y = a the 
relation 

M 
y— a)’ 


| f(a, I<; 


holds, where as before M is a positive constant and ν <1. Just. 
as above, we show that in the case of uniform convergence F(z) 
is a continuous function. 


310 MULTIPLE INTEGRALS [Cuap. 


If the convergence is uniform, the improper integrals F(z) 
are continuous in a certain interval, say ina <2< β. We can 
then integrate them over this interval and thus form the corre- 
sponding improper repeated integral 


[ ἄν [ Τα, y)dy 


or , 
[def fle, ν)άν. 


Instead of the finite interval a <x< βὶ we can of course also 
consider an infinite interval of integration. 


2. Integration and Differentiation of Improper Integrals with 
respect to a Parameter. 


It is not true in general that improper integrals may be 
differentiated or integrated under the sign of integration with 
respect to a parameter. In other words, these operations are not 
interchangeable in order with the original integration (cf. the 
example on p. 316). 

In order to determine whether the order of integration in 
improper repeated integrals is reversible, we can often use the 
following test, or else make a special investigation on the lines 
of the following proof. 

Lf the unproper integral 


Τὴ) =f fle, y)dy 
converges uniformly un the interval α Sx < β, then 
B pw Ὁ 8 
[df fe y) dy - dy { f(a, y) da. 
To prove this we put 
i 4] A 
f fe nay =f fla yay + RA). 
0 0 
Then by hypothesis | R(x) |< ¢(A), where «(A) is a number 
depending only on A and not on z and tending to zero as A > 0, 


In virtue of the elementary theorem for ordinary integrals we 
have 
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| B pw B pa β 
d , y)dy =] dx , ya R(x) dx 
of 7 y) dy [ [Τὰν Ὁ 42) 
4 β β 
- dy { f(x, y) da; +f R(x) dx, 
whence by the mean value theorem of the integral calculus 
β 00 A B 
[J def fee y)dy — [ dy { f(a, y) dx β--α 


If we now let A tend to infinity, we obtain the formula stated 
above. 

If the integration with respect to a parameter also takes 
place over an infinite interval of integration, the change of order 
is not always possible, even though the convergence is uniform. 
It can, however, be performed if the corresponding improper 
double integral exists (cf. Chap. IV, section 5, p. 262 δὲ seq.). 
Thus e.g. 


S (A) 


[ de [ Τα, y) dy = [ “dy [ “F(a, y) dz, 


if the double integral [ f f(x, y) da dy over the whole first quadrant 
exists. 

The proof of this follows from the fact that the improper double 
integral is independent of the mode of approximation to the region 
of integration. In one case we perform this approximation by 
means of infinite strips parallel to the z-axis, in the other by 
strips parallel to the y-axis. 

A similar result also holds if the interval of integration is 
finite, but the integrand is discontinuous along a finite number of 
straight lmes y = const. or on a finite number of more general 
curves in the region of integration. The corresponding theorem 
is a8 follows: 

If when x lies in the interval a Sx S B the function f(x, y) 18 
discontinuous only along a finite number of straight lines y = ay, 
Y= 4,...,y =a, and τ} the integral 


[ f (x, y) dy 


converges uniformly in x, then in this interval wt represents a con- 
tinuous function of x, and 
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[γα y)dy =f ἂν iy fla, y)de. 


That is, under these hypotheses the order of integration can be 
changed. The proof of the theorem is analogous to that given 
above. 

It is equally easy to extend the rules for differentiation with 
respect to a parameter. The following theorem holds: 

If the function {(x, y) has a sectionally continuous derivative 
with respect to x in the intervrala <x B and the two wiegrals 


F(x) =f fle, y)dy and ffx, y)dy 
0 0 . 
converge uniformly, then 


F(a) = “fol, y)dy. 


That is, under these hypotheses the order of the processes of 
integration and of differentiation with respect to a parameter can 
be interchanged. For if we put 


Ga) =f fale, y)dy, 
0 
then, using the theorem of interchangeability just proved, we have 
ξ ἐξ ee a) é 
G(z)dx= [ da] f(x, y)dy =| dy| f(x, y)da. 
[Gade =f dof γεία, νγάν =f dy f fale, y) 
The integrand on the right has the value 


€ 
f[ fela, y)dx = {(ξ, y) — f(a, ῳ); 


therefore 
Η 
f Gade = Τ(ξ) -- F(a) 
hence if we differentiate and then replace € by x we obtain 


aE (x) _ a 
<= O(a) = { ἵκία, y) dy, 


as was to be proved. 
We can similarly extend the rule for differentiation when one 
of the limits depends on the parameter ᾧ. For we can write 
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[feny=f fe nit fe ν)άν, 
(x) (x) a 


where ὦ is any fixed value in the interval of integration, and we 
can then apply rules previously proved to each of the two terms 
on the right. 

As above, our rules of differentiation also hold for improper 
integrals with finite intervals of integration. 


3. Examples. 
1. As an example we consider the integral 


Ὁ 1 
f eV dy = -, (x > 0) 
0 μη 


If x > 1 this integral converges uniformly, since for positive values of A 
we have 


οῦ οὐ 
f ον dy <f e*dy = «4, 
A A 


where the right-hand side no longer depends on x and can be made as smal! 
as we please if we choose A sufficiently large. The same is true of the 
integrals of the partial derivatives of the function with respect to x. By 
repeated differentiation we thus obtain 


ΡΞ. f νυν = ἢ f yrevdy — 
[- y= 0” ame ca τ Y= τιττ' 
If, in particular, we put z = 1, we have 

In + 1) =f. ye Vdy - πὶ. 
This formula has already been eotenliahed in a different way in Vol. I, 
Chap. IV (p. 251). 


2. Further, Jet us consider the integral 
ody m1 


Again it is easy for us to convince ourselves that if x 2 a, where ὦ is any 
positive number, all the assumptions required for differentiation under 
the integral sign are satisfied. By repeated differentiation we therefore 
obtain the sequence of formule 


οΌ 


[Ἕ ἂν π͵|. a 1 
υ (+ γὴ" 2 8.4... (2η-- 2) grr 


Γ dy ow li pe ὦν π΄1.ὃ 1 
o (tty 2 2 x [ (3 - φῇ 2.2.4 χ᾽ 
1.8 
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From these formula we can derive another proof of Wallis’s product 


for x (cf. Vol. I, Chap. IV, section 4, p. 224). For if we 


put 2 = Vn, we have 


7 dy _ % 1.3... (2n— 3) 
[ (1 + y3/n)" 9 2.4... (an a)V™ 


As Ἢ increases the left-hand side tends to the integral f ‘Udy = $+/x. 
0 


For the difference 


[eva az hap 


satisfies the inequality 


fer εἰ ; aes 


T 
ἘΝ 1 
εν: 


dy 


οὔ οΌ 
Σ ὧν 
+f ree, + + yn 


or, since (1 + y?/n)” > y, 
ο : οο dy 4! 
a [ata 5 
I 7 Jo TF x iny*| FJ, 


οΌ 
But if we choose 7' so large that | εν ὧν -Ἐ- 7 < 
Τ 


large that 
τ ] 
f συν ας χε: - 
0 (1 - y*/n)” 


as is possible in virtue of the uniform convergence of 
lim (1 + y?/n)-* = ev, 
5-- 0 


eee 
(1+ y?/n)" 


2 


2 


it follows at once that 


This establishes the relation 
1,3... (2n — 8) a } 


πὸ Poca ne) Are 


dy < = 


= 1 
τ 


ξε 
~, and then choose n so 


the process 


[ Gaga ee: TT) Ὧι | = 


which is equivalent to that obtained in Vol. I, p. 224. 


Ὁ ε 
3. With a view to calculating the integral [ re dy, we shall dis- 
0 


fora] ᾿ 
cuss the function F(x) = f gay ie dy. This integral converges uniformly 
0 


if z 2 0, while the integral 


a) 


[Ἐ e~®Y siny dy 
0 
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converges uniformly if x = 5 > 0, where ὃ is an arbitrarily small positive 
number. Both these statements will be proved below. Therefore F(z) is 
continuous if xz = 0, and if x = ὃ we have 


fe a) 
F(x) = — [ e-*Y sin y dy. 


We can easily evaluate this last integral by integrating by parts twice; 
we obtain 
3 1 
τ. 
From this we can find the value of F(x) by integration; this value is 


F(x) = are cotx + Ὁ, 


where C is a constant. In virtue of the relation 
* — gin 

[ e-ay 35:9 ὧν 
0 y 


which holds if « = 8, we see that lim F(x) = 0. Since lim arc cotz = 0, 
x—>o xX—>@ 
C must also be 0, and we obtain 


ον} 1 


fe a] 
sf evdy = — = -, 
0 


Blo 


F(x) = το cotz, 


On account of the continuity of F(x) for x = 0, 
ie a) ry 
lim F(x) = F(0) = f my ay, 
x—>0 0 Yy 


which, since lim arc cotz = μ" gives the required formula 


x—> 0 
“sin y π 
la: ΕΣ τι 
J, y I 8 


(cf. Vol. I, p. 450, footnote). 
We now return to the proof that 


° _., SINY 
ety “ἢ 
f y 


converges uniformly if αὶ == 0. If A is an arbitrary number and kr is the 
least multiple of « which exceeds A, we can write the “remainder” of 
the integral in the form 
ο i kr i a (v+1)7 i 
A y ψ y 


A v=k VJ yr 


The terms of the series on the mght have alternating signs and their absolute 
values tend monotonically to zero. By Leibnitz’s test (Vol. I, p. 370). 
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therefore, the series converges, and the absolute value of its sum is less 
than that of its first term. Hence we have the inequality 


2 i (k+1)7 ; (k+1)7r 
f “τον SY dy «[ οτῶν {sing | sin y | dy «[ : d os 
4 ¥ 4 ψ 4 


A YS? 


in which the right-hand side is independent of 2 and can be made as small 
as we please. This establishes the uniformity of the convergence. The 
uniform convergence of 


vo) 


[ e-*Y sin y dy 
0 


for x = ὃ > 0 follows at once from the relation 
tr 2] 

J, 
On p. 310 we learned that uniform convergence of the integrals is a 
sufficient condition for interchangeability of the order of integration. Mere 


convergence is not sufficient, as the following example shows: 
If we put f(z, y) = (2 — xy)aye-*Y, then since 


a 
f(t, y) = By (xy’e-™¥), 


4] —Ax As 
dy Sf dy = — x 
A xz 


εν gi ; 
sin y 5 


$7 
the integral [ f(x, y)dy exists for every x in the interval 0 < x <1, and 
0 


in fact for every such value of x it has the value 0. Therefore 


[ de f Ha ν)άν = 0. 


On the other hand, since 
ὃ 
for every y = 0 we have 


[ "ὦ ν) ἄς = ye, 
0 


and therefore 


οΌ 1 οὐ οὐ 
fay f fee y)dx =f ye“dy = f eVdy = 1. 
0 0 0 0 


[ de [ Ἴα, y)dy + [ dy [ ἴα, y)dz. 


Hence 
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4. Evaluation of Fresnel’s Integrals. 


The integrals 
+00 
Ff, = J. sin (72)dr, ἢ afc cos (7) dr, 


which are of importance in optics, are known as Fresnel’s integrals. 
In order to evaluate them, we apply the substitution τῇ =, 
obtaining 


Re ει P, -{ oor dt 
0 


Here we put 


1 2 δ po 5, 

ey τος **da 

Vt vf τὶ : 

(this follows from the substitution «= τίν) and change the 


order of integration, as is permissible by our rules. Then 


F,= J [ως e~*" sintdt, Fy = Ff dof e τ costdt. 


The inner integrals are easily evaluated by integration by parts, 
and F, and F, reduce to the elementary rational integrals 
2 f° 1 2 7° #& 
F =—_ ——. —_—_-— dz, F = —_— ee 
A/a 1- ot a A πο 1+ αἱ 
The integrals may be evaluated by the methods given in Vol. I 
(cf. Vol. I, p. 284); the second integral can be reduced to the first 


dx. 


by means of the substitution 2 = and both have the value 
x 
Ἵ 


Se ὦ That is, 
2/8 at is 
τρεῖς ἰΣ 


EXAMPLES 
fe a] 
1. Evaluate [ αὔρα. 
0 
2. How must a, ὃ, c be chosen in order that 


ie fe e—(ax*+ 2bey+ey) dady = 1% 
—O /—@ 
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3. Evaluate 


+o +a 
(a) i 6- (απ 2bay + ey") Aa? 4 2 Bay + Cy?) dady. 
—o 4J—a 


+0 +o 
(6) [ [ 6. (ἀκ  δδαν ον Vag? + Shay +- cy2) dedy. 
“-ο J—@ 
(a > 0, ac — 6? > 0). 


4. Evaluate the following integrals: 


le 3) 
(a) K(a) =| e— αχὸ cosada. 
0 
0 p~bx __ p—ax 
(δ) i ean 
0 x 


(c) 1a) =f eats de 
0 


© gi Jo(b 
(d) [ πον dx (where J, denotes the Bessel function 
0 


defined in Ex. 4, p. 223). 


™ sin? ax 
x 


nT 
5*. Prove that " 
and that 


dx is of the order of logy when n is large, 


© gin?axz — sin? br a 
[ a ae dz = 4 log ΠῚ 


οὔ 
6. Replace the statement “‘ the integral f{ f(«. y)dy is not uniformly 
0 


convergent ” by an equivalent statement not involving any form of the 
words “ uniformly convergent”. (Cf. Vol. I, p. 45, Ex. 1.) 


5. Tue Fourter InrecrRab 


lL. Introduction. 


The theory given in section 2, p. 310 δέ seq. is illustrated by 
the important example known as Fourier’s integral theorem. It 
will be remembered that Fourier series give a representation of 
a sectionally smooth but otherwise arbitrary periodic function in 
terms of trigonometric functions. Fourier’s integral gives a corre- 
sponding trigonometrical representation of a function f(x) which 
is defined in the whole interval —~ < 7 < + © and is not sub- 
ject to any condition of periodicity. 

We shall make the following assumptions about the function 


f (2): 
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(1) f(z) is sectionally smooth; that is, the function f(x) and 
its first derivative are continuous in any finite interval, except 
possibly for a finite number of jump discontinuities. 

(2) The integral 


[ \f@ d= 


is convergent. 

(3) At a discontinuity ὦ of the function it is assumed that 
f(x) is the arithmetic mean of the limits on the right and left. 
Thus 


f(x) = 3(f(@ + 9) + ὦ — 9). 


Fourier’s integral theorem may then be stated as follows: 
1 oO i.e) 
= Id t t — x)dt 
f(a) =— J def (Ὁ cosr(t — a) de, 
or, in complex notation, we have the equivalent formula 
ee 1 ᾿ τ --ἰτί(- ἢ 
7α) τος; f def five" dt, 
We may also state the theorem in the following form: if 
1." 
τε. t er dt, 
go) = TJ fo 
then 
Τ. ae or 
==. — T)e™* dr. 
fe)= FJ gtr) 
The two formule last written are reciprocal equations for 
f(x) and g(x), each equation being the solution of the other. If 
the variable p= 7/27 is introduced and finally replaced by τ 


again, we can express Fourier’s integral theorem by means of 
the two reciprocal formule 


ir) =f fde-P*rae, f(a) =f heed 
where 
hr) = V2 (27). 


We shall give some examples to illustrate this theorem and 
then proceed to the proof. We first observe that if f(z) is an 
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even function—i.e. if f(x) —f(—zx)—then a short calculation 
shows that the theorem may be stated in the simplified form 


I(x) = 2 i “C08 (ra) dr [ ΤΩ cos (rt) dé. 


If, on the other hand, f(z) is an odd function—ice. if 
J (x) = —f(—a)—we obtain in the same way 


F(x) = = [sin (ra) [ἢ sin (xt) dt. 
πο 0 
EXAMPLES | 
1, Let f(x) = 1 when 2? < 1, f(z) = 0 when 2? > 1. Then 


fle) = Ξ i} Coulee [ 008 (ty) dé 


7 0, a > ] 
= =~ sm Tv cos (tz) dt = 4, x2 = 1. 
"Ὁ . 1, w2<l. 


The integral on the right has played a part in mathematical literature 
under the name of Dirichlet’s discontinuous factor. 


2. Let f(a) = e—* (& > 0) when x > 0 and f(x) = f(—). It is easy 
to show that 


f(x) = Ξ f{ cos (ta) dt [Ἕ 6. πὲ cos (tx) ἀξ = Ξ f al ed dt. 
To 0 Th JQ 


But if we put {(—zx) Sie we obtain 


2” ω : 2 f° + sin (tx) 
= -- i —kt dt— -- Pees ia. RE δ 
f(x) τ sin(ro)de fe sin (ἐτ) dé πο Ὅτ 


τι 


Hence we obtain the two integral formule 


© cos (+2) asad © sin (τα) 
9 +73 2k’ Jy 15- τὸ 


dt = 2 εἴ k>O, 


3. The function f(x) = e—*"/2 gives an interesting illustration of the 
reciprocal formule. Since 


9 Lee) 
ΝΞ fee cos tidt = e—7/2 
Tw "Ὁ 


(see p. 318, Ex. 4a), the two reciprocal formule for g(t) and f(x) 
coincide. 
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2. Proof of Fourier’s Integral Theorem. 


The essential steps in the proof of Fourier’s integral formula 
are a transformation and a simple limit operation applied to 
Dirichlet’s limit formula 


afte) = tim f'fe+ ἡ 55:05 ay 

which holds for arbitrary positive values of a. We shall first 
prove this formula, although the substance of the proof has been 
given in Vol. I, Chap. IX, ὃ 5 (p. 450). We rely on the elementary 
limit formula (cf. Vol. I, Chap. IX, p. 448) 


lim [ sin (M)s(t)dt = 0, 


which holds when s(é) is continuous or sectionally continuous in 
the interval a S¢ ΞΞ f but is otherwise arbitrary. 
Let us first consider the interval from 0 to a. In this interval 


s(t) . }(. Ὁ t) Ξ ies 0) 


ig ἃ sectionally continuous function which, by the assumptions 
about f(x), must have the limit f’(z -+ 0) as ¢ tends to zero. Thus 


[pet 9) a= [τω 0) SEU) ae + fst) sin (re) a 


and the elementary formula given above shows that the last 
integral on the right tends to zero as A tends to infinity. 
The first integral on the right has the limit 
sino 


‘lim feof” ne do= fe+of ee do= 5 fla+0) 


(cf. p. 315). If we now apply the corresponding argument to the 
integral from —a to 0, we obtain Dirichlet’s formula. 

The next step in the proof of Fourier’s theorem is the sub- 
stitution of the expression 


=i) = [ οὐδὲ (tr) dr 


12 (Ε912) 
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in Dirichlet’s formula. We also introduce the notation 
a . a A 
[pe 935 ἢ = [7 + Hae cos (tr) dr 
—a t —a 0 
A a 
=farf f(x+ ὃ) cos(tr) dt = F(A, a). 
0 —a 


Dirichlet’s formula then states that 
af (xz) = lim F(A, a). 
λ- ὦ 


Since this limit is independent of a, we may write 
af(z) = lim lim F(A, a). 
a—>o A->® 


If it were permissible to interchange the order of the limit 
operations in this formula, that is, if we might take the limit as 
a tends to infinity under the sign of integration, we should at 
once have 


λ a rea) 4) 
nf (a) = lim [ dr [ fla-+t) cos tr) dt= [ dr [ ΠΩ -Ἐ ἢ cos(tr) de. 


This immediately gives Fourier’s integral formula if we write 
a-+¢=t' and then replace ¢’ by ¢. Thus the proof will be com- 
plete if we establish the change of order of limit operations 
km lim F(A, a) = lim iim F(A, a). 
ama em A> λ-»ὦ α-» ὦ 
Our previous work (p. 310; cf. also p. 104) shows that it is 
sufficient to prove that the limit 


lim F(A, a) =f fle +) 22) at 


exists uniformly with respect to 4. 

To prove this, we must show that if ¢ is given in advance 
we can find A independent of A, such that | F(A, a)— F(A, 6) | <e 
whenever ὦ and ὃ both exceed A. But 


| FO, a) — FO Ὁ} Sf fle + 0) [LPO ae 


=A | sin (AZ) | Ae ed 
+f κατ ὅπ. asf \folde 
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It follows at once that 
| F(A, a) — F(A, b) | a 


so that it is only necessary to take 4 = 2C/e. This gives the proof 
of uniform convergence, and completes the proof of Fourier’s 
integral theorem. 


6. Tae HuLermaAN INTEGRALS (GAMMA FuNcTION) * 


One of the most important examples of a function defined 
by an improper integral involving a parameter is the gamma 
function I(x). Here we shall give a fairly detailed discussion 
of this function. 


1. Definition and Functional Equation. 


‘The function I(x) is defined for every + > 0 by the improper 
integral 


T(z) = [ “ett ᾷι, 


In Vol. I, Chap. IV, pp. 250-1, we studied this integral for integral 
arguments =n. The method used there shows at once that 
the imtegral converges for any «> 0, the convergence being 
uniform in every closed interval of the positive z-axis which does 
not include the pomt z—0. The function I(x) is therefore con- 
tinuous for x > 0. 

By simple substitutions we can transform the integral for 
I'(z) into other forms which are often used. Here we only 
mention the substitution ¢= u?, which transforms the gamma 
function into the form 


Γ --- 9 ᾿ πὴ 35- day. 
(x) [ e“y U 
Thus the frequently-occurring integral 


f{ eu" du (a >—1) 
0 


* A discussion closely related to the present one is given by E. Artin, 
Hinfithrung in die Theorie der T-Funktion (Leipzig, 1931). 
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can be expressed in terms of the gamma function as 


[ ey du = In ( a5 *) 
0 2 2 


(cf. section 3, p. 303). 
Integration by parts shows, as in Vol. I, p. 251, that the 
relation 


D(a + 1) = eI (z) 


holds for any z>0. This equation is called the functional 
equation of the gamma function. 

Of course I(x) is not uniquely defined by the property of 
being a solution of this functional equation. In fact, we obtain 
another solution merely by multiplying ['(z) by an arbitrary 
periodic function p(x) with period unity. On the other hand, 
the functions 


u(x) = D(x)p(e), ρίω + 1) = pz) 


represent the aggregate of all solutions of the equation; for if 
u(x) is any solution, the quotient 
7) = 


u(x) 


D(a) 


which can always be formed since I(x) = 0, satisfies the equation 
f@+)=f(e). 


Instead of the function Γ(“), it 15 frequently more convenient 
to consider the function u(x) = log I(x); since I(x) > 0 for x > 0, 
this is always defined. The function satisfies the functional 
equation (difference equation) 


u(z -+ 1) — u(x) = logz. 


We obtain other solutions of this equation by adding to 
logI(z) an arbitrary periodic function with period unity. In 
order to specify the function log I(x) uniquely, therefore, we must 
supplement the functional equation by other conditions. One 
very simple condition of this type is given by the following 
theorem, due to H. Bohr: 

Every convex solution of the difference equation 


ula + 1) — u(x) = loga 
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is identical with the function logT'(x) in the interval O<x<@, 
except perhaps for an additive constant. 

2. Convex Functions: Proof of Bohr’s Theorem. 


We say that a function f(x) is convex in a τορίοπ ὦ ΞΖ ὦ ΞΞ ὃ 
if for every two points x, and 2, of the region and every two 
positive numbers a, B, where a-++ 8 = 1, the expression 


af (2) + Bf(t_) — f (a2 -- Ba) 


never changes sign; or, intuitively speaking, if the chord joming 
two points of the curve y= (f(z) either never lies beneath or 


y 


1(x2) 


fax, + 3x2) 


- “το .-οὧὖὦ ee ee ee 


j 
1 
| 
! Ι 
\ 
{ 
{ 
[ 


ι 
τ, σα, +PL2 2 


Fig. 19.—A function which is convex downwards 


never lies above the arc of the curve itself between x, and 2, 
(cf. fig. 19). (Cf. also Chap. I, section 1, p. 8 and Chap. II, p. 100.) 

Before proving this theorem we shall establish certain pro- 
perties of convex functions. We restrict ourselves to functions 
which are “ convex downwards ”’, for which 


af (a) + Bf(%—_) — flax + Bx) 20 


33 


holds; functions which are “ convex upwards” can always be 
changed mto functions which are “ convex downwards” by 
multiplying by —1. 

If a convex function f(x) is twice continuously differentiable, 
the expression 


af (2%) + Bf (x) — flax, + βαρ) 
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can be represented by the double integral 
1 t , 
βίας --- αὐ [ἀν [ποι + (ὦ -- m)r}dr, 


as is easily verified. Thus the inequality of the definition is 
certainly satisfied, provided that 


ΠΩ = 0. 


On the other hand, the passage to the limit 2, > 2, shows that 
this condition is also necessary, and it is therefore a characteristic 
property of convex functions which are twice continuously dif- 
ferentiable. 

A fact which is noteworthy and useful in applications is that 
we need not assume the continuity of a convex function f(z); 
on the contrary, this property follows from the definition of 
convexity. We can in fact replace the above inequality by an 
apparently weaker one, which, however, is equivalent to it, 
expressed in the following theorem: 

If for every x and h for which the arguments x +h still lie in 
the region of definition the bounded function f(x) satisfies the inequality 


7 -Ὁ ἢ + f(a — ἢ — 2f(x) 2 0, 


that is, if the mid-point of every chord of the curve y = f(x) les 
above or on the curve, then £(x) 18 convex. 
We first show that every bounded function f(x) which satisfies 
the equality 
f(a + h) + fle — ἢ) — 2f(z) 20 
ws continuous. 
To prove this we write the condition in the form 


f(z) —f(e— ἢ Sf(z@+ ἢ) — f(a), 
from which we derive the inequalities 
f(a — vh) — f(a — (v + Ih) Sf(w + ἢ) — f(a) 
< fle + (v + Wh) — fle + vh), 


valid for every integer v = 0. If we add these for values of ν 
from v= 0 to v= n — 1, we obtain the estimate 


n 


n 
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and hence if we assume that | f(x) | SC, 


(γα ) — fla) | <2. 


Here » can be any positive integer such that the argument 
x + nh lies in the interval of definition. If we let h tend to zero, 
the largest possible number m increases without limit, that is, 
the expression f(x -+ ἢ) — f(x) tends to zero. This proves the 
continuity of f(z). 

From the continuity of f(7) we can now easily prove its con- 
vexity, that is, we can establish the equality 


af (a) + Bf(%2) — f(ax, -+ Bx.) = 0. 
From the inequality 


f(z) — f(z — nh) S εἰ + ἢ — f(a}, 
by means of the substitution 
E=2— nh, 
we obtain the relation 
flé+nb)—f() —fEt ὦ -Ὁ 1 -- 
n ἘΣ n+1 , 
and hence in general 


γι n τ 


If we put ξ -Ε nh = ἔ;, a few transformations give 
( -- κοτε Bre 2s((—™)e+™ 4), 


which is exactly the inequality we require for rational values of a 
and β. We then deduce its validity for any values of a and β 
from the continuity * of f(z). 


* From the inequalities 
fle + ὁ ~ fle) < fle + a) ~ Κα < fle + δ) — fw) 
c = a = b 


whose validity for any numbers ὁ = a = ὃ differing from zero is a direct con- 
sequence of the definition of convexity, we see that the difference quotient 
ae a is bounded and monotonic if ἃ tends to zero through positive 
values or through negative values, and it therefore possesses a limit. Thus a 
convex function has a derivative on the right and on the left at every point. 
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Finally, we apply the following inequality, which is obvious 
from the geometrical interpretation of a convex function: 


f+ h) +f —h)— {f(t 8) + fle— δ)} 2 0. 


Here ὃ and h are two positive numbers, ὃ < h. 
This is proved by adding the two relations 


(τ fe m+ 5(1- κοι hfe δ) 0, 


(ι-- δκο- + 5(14 5 )fle+ h) — f(a + 8) >0. 


We now return to the theorem of Bohr stated above (p. 324-5). 
We see at once that logI(x) is convex. For if we write T(z) 
in the form 


T(x) =fe t/2 pe—1 + A)/2 ; οἷ (6. -} “-},2 di, 
0 


where h has any positive value and ὦ any value greater than ἢ, 
and apply Schwarz’s inequality (cf. Vol. I, Chap. IX, p. 451), 
we have 

{T(a)}? < P(e ὮΓΩ — ἢ) 
and therefore * 


logl'(xz - h) + Ἰορ Γία — h) — 2 logI(x) = 0. 


Again, if f(x) and g(x) are two continuous convex solutions of 
the functional equation 


u(x + 1) — u(x) = logza, 


* This fact is a special case of a general theorem. If the functions f(z), 
y= 1,2,...,n satisfy the conditions 


f(x) 20 and {f(x PSflx — h)f (x τ ἢ), 


so that the functions logf,(z) are convex, then the sum Σ f(x) also satisfies 
these conditions. 
For if we write & f(x) in the form 


F(z) 
210) = ETE Vie δ VEE EM, 


and use the relation 
List 
Vian VFinim = 1, 
Vii (a —h) νὰ + 1) 
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the difference 
d(x) = f(x) — σ(α) 


is a continuous periodic function of period unity. Moreover, since 
fle+ 1) —f(a) = loge 
f(x) — f(z — 1) = log (x — 1), 
J (x) satisfies the relation 


and 


fe +1) + fle — ἢ — 2f(a) = log 5 τ 
Since f(z) is convex, the inequality - 
fet h) + fle — ἢ — 2f(a) Slog ——, 


holds for every / in the range 0 « ἢ <1 (ef. p. 328). 
We likewise obtain 


ga + h) + glu — ἢ) — 2g(x) Slog —~., 
and therefore 


| bet h) + dla — ἢ) — 24(a) | < 2 log 


ὥ 
Α͂ --- 


If we now let a increase beyond all bounds, the expression 
ῷ 


I 
oan 


i tends to zero, and so does the function 
φίυ + h) + $(z — ἢ) — 24(2). 


we obtain the inequality 


{EV (oe)? S Σ ν ΠΣ Ξ W ν ΠΣ + Ἢ} 
if we now apply Schwarz’s inequality to the right-hand side, we have 
EL SEL le - MEL τ ἢ. 
An analogous theorem holds for integrals of the form 


[te as, 


if for all values of the parameter ¢ the functions f(z, δ) satisfy the conditions 
S(z,t)} 20 and {f(z,t)} Sf(z — ἃ, t) f(x + h, ὃ. 


The gamma function is of this type. 
12¢ (8912) 
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Since this function is periodic, we obtain the equation 
P(x + h) + Pa — ἢ) — 2φ(α) = 


valid for every x > 0. 

A continuous periodic function ¢(x) which satisfies such a 
condition for every positive value of h and every value of x greater 
than A must be a constant.* This, however, proves that any 
continuous convex solution of the equation u(x-+ 1)— u(x) = logz 
can differ from logI'(x) only by an additive constant. 


3. The Infinite Product for the Gamma Function. 


In this sub-section we shall give the infinite products for the 
gamma function found by Gauss and Weierstrass. 
We first show that the relation 


I(x) = fee L Gn(2) 
holds, where 


6.(2) = 1.3::-.-.-- ἢ 


aa-+1)...¢-n— ἮΝ 


This statement is plausible, since for integers ὦ = ν we have 


G.(v) = (ν -- I)" ππιτννν οτος, 


and as ἢ) increases this obviously tends to the value (ν --- 1). 

We must show in general that the sequence G,,(x) converges 
for every x = 0, —1, —2,..., and then that the limit function 
G(x) coincides with the gamma function for positive values of 
x. To prove this last statement we notice that if z>0 the 
function logG(x) satisfies the functional equation 


uz + 1) ~ u(x) = logs. 


By Bohr’s theorem we have only to show that logG(z) is 
convex. 


*Tf, say, φ(1) = φ(2) = a, then by the equation φ(8) = $(4(1) + 4(2)) 
we have φ(8) = a, and likewise ¢(z,) = a at all points ὧν of the interval 1S 
x <2 which are obtained by repeated bisection of the sub-intervals. Since 
these points ὧν are everywhere dense, from the continuity of ¢(x) it follows 
that ¢(z) = a throughout the interval 1 Sa S 2, and by the periodicity of 
¢(x) this holds for every x > 0. 
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In order to prove the convergence of the sequence G,,(x) for 
x=: 0, —1, —2, ... we introduce the expression 


r= 020(043)(42)--(4 54) 


for the number ἢ, and accordingly write 


Ι Ἤ (i + (1 ἜΤ)» 
Ga(@) = x 1+ T+ a/v 


By a test proved in Vol. I, p. 421, the product 


Ἢ (+ yy) 
1 1l+a2/y 


converges absolutely and uniformly provided that the series 


Σ or ἃ 


1 1 - 2/v 


converges uniformly. If we use the Taylor expansion in powers 
of 1/v up to the terms of second order, the general term of this 
series can be written in the form 


(1 + 1/v)?— (1+ a/v) 1 ae— 1) (1+ 9/v)*? 
1+ a/v ᾿ς ὃ γ8 1+ a/v ' 
where @ is a number between 0 and 1. From this it follows that 


(1+ 1/r)*— (1+ 4/y)| — © 


1+ a/v ye 
where C is a constant independent of ν. In every closed region 
which contains none of the points x = —1, —2,... we can re- 


place the estimate C by a number which is also independent of x. 
In every such region the series converges uniformly, and therefore 
the product does so too. 

The limit function 
G(x) = 1.2...(n — 1) 


Ree ae 1)...(¢+n—1) 


is continuous for every ὦ + 0, —1, —2, ... and, as we see at 
once, satisfies the functional equation 


G(z + 1) = «G(z). 
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In order to show that if « > 0 the function Gz) is identical 
with the function I'(z), we consider the function log G(x) for 2} 1. 
It is the limit function of the sequence 


nm—t 
log G,,(x) = log(n — 1)!-+ zlogn — Σ log(z-+ ν). 
v=0 


For any positive value of h and any value of « greater 
than h the functions logG,(z) satisfy the oT for con- 
vexity, 


logG,(a + h) + logG,(a — ἢ) — 2 logG,(z) 
—"5 (2 log (w+ v) — log(a + At νὴ) — ἰἸοσ (ὦ --- h+ v)) = 0, 
v=0 


which consequently applies to the function logG(z) also. Since 
in addition 

log G(1) = 0 = logI(1), 
by the general theorem G(x) must be identical with I(x). We 
have therefore obtained Gauss’s infinite product for I(x): 


— lim __1.2...m—1) , ἊΝ 
5"-Ὁ ὦ σία -ἰ- 1)... «(0 -Ἡ π - 1) 
10 (1 Ὁ 1/r)* 
α΄ eae 1 - ὧἦν 


The theoretical importance of this expression arises from the 
fact that we can regard it as defining the gamma function, not 
only for all positive values of x, but also for all negative non- 
integral values of 2. 

This product can easily be put in a somewhat different form. 
If in the expression 


D(a) 


n* = e* loan 


we substitute for log” the value 
1 1 
] — 1 PR oe « —— 
ogn ΞΕ 5 ἼΞ ae τόσον." “ens 


where y is Euler’s constant (cf. Vol. I, p. 381) and ε, tends to 


Zero 88 ἢ -Ὁ ©, we obtain an expression for —— 


1 
Γ() 
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1 " x x x is 
_~_=-g]lim(1 εν ~x— eee rye —_% 
AC eae (145) (14 a) : 

x "--Ξ1} x x 
== ge” lime~%*~n 1] (: + “Ne 
1 Vv 


Since the factor e~‘*—n tends to 1 as n increases, the product 
Il (: “1 :) 6 also converges and gives Weierstrass’s infinite 
: 2 1 | 


product for TG) 


from which we see at once that re has zeros of the first order at 
| Y 


the points z= 0, —1, —2,.... 


4. The Function logI'(~) and its Derivatives. 
If we form the logarithm of Weierstrass’s infinite product 
1 is 2 
a yx μὲ᾿ --αὶν 
ἀξ τῆν 


we obtain an expression for the function ἰορ Γ(“): 


log T(z) = —logz — yx — Σ (log (1 + 3) -- 3) 
yor] ν 


ν 


By the relation 


log (1 +2) —2=— τ 
Vv Vv 
x 


vig uv+t 

1 x 
] μὴ ΩΓ τον ee ὧδ 
og (1+ 5) | Saal tt oe 


the right-hand side of the equation for logI'(x) is dominated by 


whence 


2 0 
the series 5 2 + and therefore converges absolutely and uni- 


formly in every closed interval of the positive x-axis. 
The derivatives of the function logI'(z) are of particular 
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interest, since they provide an explicit representation of the 
a0 m 

values of the series = ( : ) : 
o\eo+p 


If we differentiate the expression for logI‘(x) term by term 
with respect to z, we again obtain a series which, since 


1 #21 42 
στὴν ν v(a + vy’ 
converges absolutely and uniformly in every closed interval of 
the positive z-axis. Hence, by known theorems on the differentia- 
tion of infinite — 


τους ὦ οὐ (2) = ΒΞ ΕΝ Σ( : -ἢ 


T(x) da x στὴν ν 
If we again differentiate term =e term, we ia obtain 
ὦ 
a! I(x) = 
and finally, forming the higher derivatives, 


ae Ἐπ’ an 
o (w+ yn (m — 1)! da 


log T(z) (m = 2). 


5. The Extension Theorem. 


The values of the gamma function for negative values of x 
can easily be obtained from the values for positive values of 
a by means of the so-called extension theorem. If we form the 
product Γ(α) Γ(--- αὐ, which is 

1.2...(n—1) gate 1.2...(n—1) 
n—>oX(2+1)...(e+n—1) ns0—2(1—xz)(2—z)...(n—1—z) 


να΄} 


and combine the two limiting processes into one, we obtain 


BP eras sete ate en ee 
ΓΟΥΓ ΓΟ 8 sell G/F @}--- {a1} 


But by the infinite product for the sine, 


1 = 2 
ats ae 


y=] 
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deduced in Vol. I, p. 445, we have 
D(a) P(—2) = — 


7 
¢ 510 πῶ 


Hence 
1 
hap)  -..:: - 
᾿Ξ x sin πὰ T(x) 
We can put this relation in a somewhat different form by 
calculating the product Γ(α) Γ( — x). Since 


ΓᾺ — x) = —azTP(—2), 
T(z) Γ( — x) = —a2I'(x)T(—2), and we obtain the extension 
theorem 


7 


Γ(ΓᾺ — σ) = 


sin πῶ 
Thus if we put =i, we have [Γ(ξ) -ξ. νπ. Since 


T(t) = 2 [ e—“'du, here is a new proof for the fact that the 


integral f edu has the value 34/7. In addition, we can 
0 


calculate the gamma function for the arguments = n- 3, 
where 7 is any positive integer: 


re) (-DO-) $6) 


Si ie 


6. The Beta Function. 


Another important function defined by an improper integral 
involving a parameter is Euler’s beta function. The beta 
function is defined by 


1 
Bia, y) = [ [5-1ᾳ1 — ἢν-1 αἱ. 


If either x or y is less than unity, the integral is improper. By 
the criterion of section 4, p. 307, however, it converges uniformly 
in z and y, provided we restrict ourselves to intervals 2 = ε, 
ψ = ἢ, where ε and 7 are arbitrary positive numbers. It therefore 
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represents a continuous function for all positive values of x and y. 
We obtain a somewhat different expression by using the 
substitution ¢ = τ + 1: 


Biz, y) = [ AG -|- ye — τ)" ἄς, 


or, in general, if we now put 7 = ἐ{28, where s > 0, 
(2s)e-B(x, y) = [6 + te — Hyde, 
If, finally, we put ¢ = sind in the original formula, we obtain 


w{2 
Bi, y) = 2 [ sin??l4, οορῖν-Σ dd. 


We shall now show how the beta function can be expressed 
in terms of the gamma function, by using a few transformations 
which may seem strange at first sight. 

If we multiply both sides of the equation 


(25)AB (x, y) =f (6+ OMe — ἡν ταὶ 
by e-** and integrate with respect to s from 0 to A, we have 
4 A $ 
B(z, 26(2s)*t9-1ds = | eds t)*-1(s — t)v— dt. 
( y) f (28) [emdsf (s+ πο --ἢ 


The double integral on the right may be regarded as an 
integral of the function e-*(s -+ ¢)*-1(s — ¢)*1, the region of 
integration being the isosceles triangle bounded by the lines 


stt=0 and s=A. 


If we apply the transformation 
o=—s-+t, 
T= s—1, 
this integral becomes 


: f [ ο-σ-τσο-ιην- oo dr. 


As the region of integration we now have the triangle in the 
ot-plane bounded by the lines σ Ξε 0, r= 0, and o-+ 7= 24. 
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If we now let A increase beyond all bounds, the left-hand side 
tends to the function 


ὁ Bee, y)T(e + 9). 


The right-hand side must therefore converge also, and its limit 
is the double integral over the whole first quadrant of the or-plane, 
the quadrant being approximated to by means of isosceles 
triangles. Since the integrand is positive in this region and the 
integral converges for a monotonic sequence of regions, by 
Chap. IV (p. 263) this limit is independent of the mode of 
approximation to the quadrant. 

In particular, we can use squares of side A, and accordingly 
write 


Biz, y) («+ y) ith Εἢ [ [ e-?-*g* 179-1 dodr 
= pe «- 1 ee v~l dy, 
[ e~°o* do I er 


We therefore obtain the important relation * 
D(a) Ty) 
Be: y) = - 4 σ΄͵ 
#9) T(z + y) 
From this relation we see that the beta function is related to 


! 
the binomial coefficients ἴω δ = erat in roughly the same 
n m! 


* This equation can also be obtained from Bohr’s theorem. We first show 
that B(w, y) satisfies the functional equation 


Bee + Ly) = τς Be yb 


so that the function 
uz, ¥) = I(x + y) B(x, 9), 


considered as a function of 2, satisfies the functional equation of the gamma 
function, 
μία + 1) = xu{z). 


Since by the theorem in the footnote on p. 328 it follows that logu(z, y) is 
a convex function of z, we have 


T(z + y) B(x, y) = I(x). aly), 
and finally, if we put x = 1, a(y) = I'(y). | 
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way as the gamma function is related to the numbers n!. For 
integers z= n, y= m, in fact, the function 
1 
@+yt+)Be+ly+)) 


has the value (" τ ω 
n 
Finally, we mention that the definite integrals 
1/2 {2 
[ sin*tdt and f cos*t dt, 
0 0 
which are identical with the functions 
15 (242, 1) 15 (1, «τ 
2 2 2 2 \2 2 


can be simply expressed in terms of the gamma function: 


ee ee fa Tid + α) 2) 
[πατῶ = f cost dt = Tay : 


EXAMPLES 


1. Prove that the volume of the positive octant bounded by the planes 
z= 0, y= 0, z= h, and the surface 


ἘΞ. == (m> 0) 
am δ" δ 
ig 
1 
αὐ!) 5 
ἷ τί: «3 
Mm 


2. Prove that 


Πρ εξεθυ ει 


2 2 
ἘΞ throughout the positive octant of the ellipsoid = + 3 + fl <1 
is equal to e 


soe OOM) Qt 


8 nee yes 
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(Hint: Introduce new variables & ἡ, ζ by writing 


oP 1: = w/t τ 

ata as £= aV&(1 — ἡ) 

ἘΞ -- in or κκ- bY ξη( -- Ὁ 
—= Ene z= ογ΄ Ent, 


and perform the integrations with respect to ἡ and ©.) 
3. Find the z-co-ordinate of the centre of mass of the solid 


1 1 1 
("+ (e+ Gs 42z0,¥y¥20,220. 
a b δ 


4, Find the moment of inertia of the area enclosed by the astroid 
with respect to the x-axis. 
5. Prove that 


gan Uz) 15 + $) _ aya 
Γ(Ζα) 


7. DIFFERENTIATION AND INTEGRATION TO FRACTIONAL 
ORDER. ABEL’S INTEGRAL EQUATION 


Using our knowledge of the gamma function, we shall now 
carry out a simple process of generalization of the concepts of 
differentiation and integration. We have already seen (p. 221) 
that the formula 


(a — tyr? es 
Fe) = [fd = [@— a sinae 
gives the πων. integral of the function f(x) between 


the limits 0 and z If D symbolically denotes the operator in 


differentiation and if 191 denotes the operator Γ. ‘dx, which is 
the inverse of differentiation, we may write 


F(z) = Df (2). 
The mathematical statement conveyed by this formula is that 


the function F(x) and its first (n — 1) derivatives vanish at 
z= 0 and the n-th derivative of F(x) is f(z). But it is now 
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very natural to construct a definition for the operator D~* even 
when the positive number A is not necessarily an integer. The 
ontegral of order X of the function {(x) between the limits 0 and x 
ws defined by the expression 


Df(@) = Fy τ [Ὁ -- fod. 


This definition may now be used to generalize nth-order 
differentiation, symbolized by the operator D* or La to pth-order 


differentiation, where μ is an arbitrary non-negative number. 
Let m be the least integer greater than μ, so that p= m— ρ, 
where 0 < p <1. Then our definition is 


Dr fv) = DmD~*f(a) = τὶ τ ω — tf (ed. 


A reversal of the order of the two processes would give the 
definition 


D" f(a) = D-*D f(z) = 7 f (wo — tp 2f™ (4) dt, 


It may be left as an exercise for the reader to employ the 
formuls for the gamma function to prove that 


D'‘D*f(2) = D°D*f(a), 


where a and β are arbitrary real numbers. He should show that 
these relations and the generalized process of differentiation have 
a meaning whenever the function f(z) is differentiable in the 
ordinary way to a sufficiently high order. In general D*f(z) 
exists if f(z) has continuous derivatives up to and including the 
mith order. 

In connexion with these ideas we may mention Abel’s integral 
equation, which has important applications. Since [(4) = νίπ, 
the integral of a function f ᾿ to the order 4 is given by the formula 


D-*(2) = =f s 8 () am dt = (2). 


If we assume that the function (x) on the right-hand side 
is given and that itis required to find f(x), then the above formula 
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is Abel’s integral equation. If the function (x) is continuously 
differentiable and vanishes at «= 0, the solution of the equation 
is given by the formula 


f(a) = D* f(z), 


_ 1 da f* $i) 
7 ΠῚ τ ὦ 


ΟΥ 


8. Nore ΟΝ THE DEFINITION OF THE AREA OF A CURVED 
SURFACE 


In section 6 of Chap. IV (p. 269) we defined the area of a 
curved surface in a way somewhat dissimilar to that in which 
we defined the length of arc in Vol. I, Chap. V (p. 277). In the 
definition of length we started with inscribed polygons, while in 
the definition of area we used tangent planes instead of inscribed 
polyhedra. | 

In order to see why we cannot use inscribed polyhedra, we 
may consider a cylindrical surface in zyz-space with the equa- 
tion 2?-+ y?= 1, lying between the planes z= 0 and z= 1. 
The area of this cylindrical surface is 27. In it we now 
inscribe a polyhedral surface, all of whose faces are identical 
triangles, as follows. We first subdivide the circumference of the 
unit circle into m equal parts, and on the cylinder we consider 
the m equidistant horizontal circles z= 0, z= ἢ, z= 2h, ..., 
z= (m— 1)h, where h=1/m. We perform the subdivision of 
each of these circles into ” equal parts in such a way that the 
points of division of each circle lie above the centres of the arcs 
of the preceding circle. We now consider a polyhedron inscribed 
in the cylinder whose edges consist of the chords of the circles and 
of the lines joining neighbouring points of division of neighbouring 
circles. The faces of this polyhedron are congruent isosceles tri- 
angles, and if ἢ and m are chosen sufficiently large this polyhedron 
will lie as close as we please to the cylindrical surface. If we now 
keep " fixed, we can choose m so large that each of the triangles 
is as nearly parallel as we please to the zy-plane and therefore 
makes an arbitrarily steep angle with the surface of the cylinder. 
Then we can no longer expect that the sum of the areas of the 
triangles will be an approximation to the area of the cylinder. 
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In fact, for the bases of the individual triangles we have the 
value 2 sinz/n, and for the altitude, by Pythagoras’ theorem, 
we have 


1 ar \? mB 4 
τ γε cae 
Vas τ ( πῶ τὴ πᾶ ca 2n 


Since the number of triangles is obviously 2mn, the surface 
area of the polyhedron is 


F, m= 2mnsin— a 4+ 4sint” — 2n sin” 4/1 + 4m? sint™.. 
᾿ n Vm? 2n ” 2n 


The limit of this expression is not independent of the way in 
which m and ἢ tend to infinity. If, for example, we keep n fixed 
and let ην - ©, the expression increases beyond all bounds. If, 
however, we make m and n tend to © together, putting m = n, 
the expression tends to 27. If we put m= n3, we obtain the 
limit 27/1 + 74/4, and soon. From the above expression F'n m 
for the area of the polyhedron we see that the lower limit (lower 
point of accumulation; cf. Vol. I, p. 62) of the set of numbers 
F ym is 27; this follows at once from F,, π, ἘΞ 2nsinz/n and 
lim 2n sina/n = 27. 


n—> 
In conclusion we mention—without proof—a theoretically 


interesting fact of which the example just given is a particular 
instance. If we have any arbitrary sequence of polyhedra tending 
to a given surface, we have seen that the areas of the polyhedra 
need not tend to the area of the surface. But the limit of the areas 
of the polyhedra (if it exists), or, more generally, any point of 
accumulation of the values of these areas, is always greater than, 
or at least equal to, the area of the curved surface. If for every 
sequence of such polyhedral surfaces we find the lower limit 
of the area, these numbers form a definite set of numbers associated 
with the curved surface. The area of the surface can be defined 
as the lower limit (lower point of accumulation) of this se of 
numbers.* 


* This remarkable property of the area is called semi-continuity, or more 
precisely lower semi-continuity. 


CHAPTER V 


Integration over Regions in Several 
Dimensions 


The multiple integrals discussed in the previous chapter are 
not the only possible extension of the idea of integral to the case 
of more than one independent variable. On the contrary, there 
are other generalizations, corresponding to the fact that regions 
of several dimensions may enclose other manifolds of fewer 
dimensions and we can consider integrals over such manifolds. 
In the case of two independent variables, in addition to integrals 
over two-dimensional regions we can consider integrals along 
curves, which are one-dimensional manifolds. In the case of 
three independent variables, besides integrals throughout three- 
dimensional regions and integrals along curves, we have to con- 
sider integrals over curved surfaces, which are two-dimensional 
manifolds enclosed in three-dimensional space. These concepts 
of integrals along curves (curvilinear integrals), integrals over 
surfaces, and so on, with many straightforward applications, will 
be introduced and their mutual relations will be imvestigated 
in the present chapter. 


1. Lins INTEGRALS 


We associate the definition of the single integral with the 
intuitive idea of area (Vol. I, Chap. II, p. 77) and arrive at the 
multiple integral by straightforward generalization to the case of 
a greater number of dimensions. On the other hand, the physical 
idea of work also leads us to the single integral (Vol. I, Chap. V, 
p. 304). If we seek to give a mathematical definition of work 
for an arbitrary field of force in space of more than one dimension, 


we obtain the curvilinear or line integral as a new generalization 
343 
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of the original concept of the integral of a function of a single 
variable, 


1. Definition of the Line Integral. Notation. 


We begin with the purely mathematical definition of the 
integral along a curve (line integral, curvilinear untegral), in three- 
dimensional xyz-space. Let a sectionally smooth * curve C in 
this space be given parametrically by the equations 


z= α(ἢ, y= y(t), 2= 2(), 


where, as usual, a(t), y(t), 2(t) are continuous functions with sec- 
tionally continuous first derivatives. We consider an arc of this 
curve joining the points P, and P with co-ordinates (Zp, Yo: Zo) 
and (ὦ, Y, 2) respectively and corresponding, say, to the values 
of the parameter ¢ in the interval α ΞΞ ἐ ΞΞ B. If a continu- 
ous function f(z, y, z) is defined in any region containing this 
arc, then along the arc this function will be a function 
F (x(t), y(t), 2(¢)) of the parameter ¢ alone. In order to define, 
in analogy with the ordinary integral, a line integral of the 
function along the curve C, we divide up the arc into small 
pieces by means of the points Py, P;, P., ..., Pa, (Py = P) and 
denote the difference of the abscisse of P,; and Pury by Aa, 
We now form the sum 


n—~1 


Zs (x(t;), γ(έ,), 2(t,)) Az, 


where ¢; can be given any value in that interval of the parameter 
which corresponds to the arc between P, and P41. Tf we let the 
number of points of subdivision increase beyond all bounds and 
assume that the length of the longest of the arcs P, P 4, tends 
to zero, then we may expect that the above sum will tend to a 
definite limit. This limit we denote by 


[fe y, 2) dx 


and call it a line integral of the function (x, y,z) along the curve 
C. That this limit does exist and is actually independent of the 
* Here, as before (cf. p. 41), we say that a curve is sectionally smooth (Ger. 


stiickweise glatt) if it consists of a finite number of arcs, each one of which has 
a continuously turning tangent at each of its points, including the end-points. 
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choice of the points of division can be proved directly, just as 
we proved the existence of the ordinary integral. It can be 
proved even more simply, however, by writing the sum in the 
form 


Σ flottds wht, led) δὲ Δ, 


where Aé, denotes the increment of the parameter ¢ as we pass 
from one point of subdivision to the next. By the definition of 
the ordinary integral, in the passage to the limit the right-hand 
side tends to 


β da 
[fet0, yO, 4) = ae, 
and for the line integral we obtain the expression 
[τὰ ν, 4 -- [70 ν, ἡ 35 a 
Η 2 9) 3 ? dt 9 


which expresses the line integral as an ordinary integral with 
respect to the parameter f. 

The ordinary integral is a special case of the line integral, 
which arises if we take an interval of the z-axis as the path of 
integration. 

We can now define the line integrals 


[ieway=ffey.o ba 


and 
β 
[Πὰν ade=f fle, ν, 2S ae 


just as above. Using the right-hand side of the formule, we can 
verify the fact that the line integral depends only on the curve 
uself and not on the way in which it is expressed, i.e. not on the 
choice of parameter. For if we use the continuously differentiable 
function ¢(t) to introduce a new parameter τ = φ() and if in 
the interval in question d¢4(f)/dt > 0, then we have a one-to-one 
transformation of the parameter interval into a parameter 
interval a, S7 SS B,, and 


β dx βι dx 
ff. Yy, 2) a dt = fe, Y, 2) 1, ἴτ' 
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In applications line integrals usually occur in the following 
combination. Let a(x, y, 2), δία, y, 2), c(z, y, 2) be three functions 
which are continuous in a region containing C. We consider the 
sum of the three line integrals 


i a(x, y, 2) dx +- i δία, y, z)dy + f c(x, y, 2) dz, 
which can also be written in the form 
β 

f {ade + bdy + odz} =f (act + by + 02) dt, 


where, as before, dx/dt = £,and so on. We suppose that the func- 
tions a, ὃ, c are respectively the x-, y-, and z-components of a 
vector A and that x is the position vector of the point (x, y, 2) 
of the curve. Then the quantities 4, 7, ὁ are the components 
of the vector x == d2/dt, and we can write the integrand as the 
scalar product Ax. For the line integral we thus have the 
expression 


B 4 
[Ata =f Adz, 


where the meaning of the notation is obvious. 
Just as we have considered line integrals in three-dimensional 
space, so we can of course consider similar integrals in the plane: 


[ 7, y) dx, [ F(a, y) dy, [ {ada + bdy}. 


_ Moreover, these ideas can be extended to line integrals of func- 
tions of ” variables. In this general case we can most simply 
define a line integral 


J fey Ugy s+» > Uy) AX, 


by supposing that in n-dimensional space the n quantities 
Δι» Lg, +--+» Ly, are all given as functions of a parameter ¢ in the 
interval a [t= β. The values 2,(¢), x,(f), ... , v(t) in this 
interval then correspond to a curve C in n-dimensional space. 
We then define the line integral 


f fe ἀδεεῖς We) AX: 
σ 
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by the expression | 
β dee, 
fF), 220), - «+ 5 alt) FH de, 


If we consider n functions a, dy, - - - » Gq of the n variables 
1, La). ++ LZ», then we can again form the general line integral 


f {a.de, Ἔ Gy ag +... + Andry} 
0 
and express it in vector notation in the form 
β 
Axdt= | Adx, 
πὰς 


where, as above, by A we mean the “ vector ” with components 
(a4, ας, ..., ἀρ) and by x the position vector of the point 


(ιν δ) xa ἃ ὁ De) 


The formule for the area of a region bounded by a closed curve C 
(Vol. I, Chap. V, section 2, p. 273) provide an instance where a line integral 
occurs naturally. If the closed sectionally smooth curve Οἱ in the zy-plane 
is given by the equations x = a(t), y = y(t), the area A of the region bounded 
by the curve is given by 


B β 1 γβ 
A= -- f yedt = f aya = —5 | tye — οὐγάι. 


In our new terminology these are simply the line integrals 


A= —fyde = fody=— 5 [ψάε aay}, 
σ σ σ 


taken round C in the direction in which the value of the parameter 
increases, 


2. Fundamental Rules. 


From the expression for line integrals in terms of ordinary 
integrals we may draw several immediate conclusions. 

The value of the line integral depends on the sense in which the 
curve C is described, and in fact ts multuplied by —1 af the sense 
of description is reversed, i.e. if the curve is described from P to Po 
instead of from P, to P. The proof of this is self-evident. This 
sign property makes it always convenient to think of the curve 
C as having a definite direction; we then call it an oriented curve 
(cf. Vol. I, Chap. V, section 2, p. 268). We shall occasionally use 
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the symbol —C to denote the curve obtained by describing C 
in the reverse direction. 

If the curve C is formed by joining together two curves C, 
and Οὐ, described in succession (which we may indicate by writing 
C= C,+ C,), then the relation 

Lakh, 
holds for the iia ΟΙΟΕ line integrals, the meaning of the 
notation being obvious. 

The following rule is particu- 
larly important. If we restrict 
ourselves to the case of two 
variables z, y and consider a line 
integral 


J {ade + bay} 


along a closed curve C (like that 
Fig. 1 in fig. 1) within which the vector 
field a, 6 is everywhere defined 
and continuous, then the formula 


[ {ada + bdy} 
= | {ade + bdy} + { {ade + bdy}+.. +f {ada+ bdy} 


holds for every resolution of the closed region R bounded by the 
orvented curve C into similarly bounded sub-regions R,, Ro, ..., Ἐς 
with boundary curves C,, Cy, ...,C,. Here we assume that all 
the regions are described in the same sense. To prove the state- 
ment, we notice that in the addition of the integrals on the 
right the parts which are taken over a portion of the boundary C 
add together as is required to form the integral round C, while 
every boundary curve lying within # is the common boundary of 
two sub-regions and is consequently described twice, once in each 
direction, so that the integrals along these arcs cancel one 
another. 

Exactly the same result applies to the resolution of a line 
integral along a curve C in three (or more) dimensions, provided 
that the curve forms the boundary of a portion of a surface and 
this portion is subdivided by the curves ΟἿ, C,,..., Ca. 
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A somewhat different application of this principle occurs in 
the following theorem. Let two oriented closed curves C and C" 
(cf. fig. 2) be subdivided by the points A,,...,A, and 4,,,..., A,’ 


Fig. 2— Σ f 0; = = f, 


respectively, in the order of the sense of orientation, and let 
each pair of corresponding points 4, and A,’ be jomed by a 
curved line. If by C, we denote the closed oriented curve 
A,A i444, ,4,', then 


Σ [ade + bdy) = f (ade + bay) — [lade + bay) 


The proof of this theorem is immediately suggested by the 
figure. In order that it may hold, it is not necessary to assume 
that the two curves C and C’ never intersect themselves or one 
another. 

Finally, we mention an integral estimate for line integrals: 


[{ada + bdy + cde} < ML, 


where M is an upper bound of +/(a?+ 62+ c*) on C and 
L is the length of C. The proof follows at once from the 


mequality 
ἄν ιν ἀπ] . paar ( 2 Ὡ (4) 
[agro tes <Va+ δ5- ὁ a τς ἜΚ)" 


which is obtained by applying Schwarz’s inequality (Vol. I, 
p. 12). 
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3. Interpretation of Line Integrals in Mechanics. 


As we have already mentioned, the line integral is closely related to 
the idea of work. If a particle moves along a curve under the influence of 
a field of force—which in general may vary from point to point—and if 
the field of force is given by the vector A with components a, ὃ, c, the 
line integral represents the work done by the field on the particle. For, if the 
force is constant and the motion takes place in a straight line, the work 
is defined as the scalar product of the force vector and the “ displacement ” 
vector. In order to generalize this definition convincingly, we replace 
the path C by the polygon with vertices Py, P,, P,,..., P, = P, and 
instead of the actual force we take a “ substitute force’ which is con- 
stant along each of these segments P;P,,,, being equal to the actual 
value of the force at the initial point P;. The work performed by this 
substitute force along the segment from P, to P;, is 


A(z, Yer 2) Δα; + δία;» Yy, 2) Ayg + ο(α,» Yor 2) Aes 


since the displacement vector from P,; to P,,, has the components 
Δα, Ay, Az; If we sum over the whole polygon, we obtain an expression 
which tends to the line integral as we pass to the limit n +o. Thus the line 
integral is actually the expression for the work done during the motion. 

Other physical interpretations of the line integral will be given later 
(cf. section 3, pp. 370-1). 


4, Integration of Total Differentials. 


A particularly important case is that in which the vector A 
with components (a, ὦ, 6) is the gradient of a potential,* 1 6. there 
exists a function F(x, y, 2) of the co-ordinates such that 


A = grad & 
or 
a= fF, b=Ff, c= ἢ, 


Although in general the value of a line integral in ἃ vector 
field depends not only on the end-points but also on the entire 
course of the curve C, the following theorem is valid here: 

The line integral over a gradient field 1s equal to the difference 
between the values of the potential function at the end-points and does 
not depend on the course of C between the end-points. That is, we 
obtain the same value for all curves which join the two end- 
points and remain entirely within the region in which the potential 
function F is defined. 


*If A = grad F, then the function F is often called the potential of the 
vector field. 
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In this case the line integral takes the form 
β 
[lade + bdy + cde}=f {Ft + Fig + Fet}de, 


and the expression in brackets on the right is simply the derivative 
dF /dt of the function F with respect to the parameter ὁ. We 
can therefore perform the integration explicitly, and obtain on 
the right the difference of the values of F at the end point and 
the initial point of the path of integration. In this case, therefore, 
we at once have the formula 


[ Sadu-+ bdy + cdz}= F(2(B), γ(β), 2(8))— Fla(a), y(a), «(α)). 


This applies e.g. to the field of force due to a gravitating 
particle, which we have already (Chap. II, section 7, p. 91) 
recognized as the gradient field of the potential 1/r. The work — 
done by this gravitational force when another particle moves 
from its initial position to its final position is therefore indepen- 
dent of the path. 

The expression adx + bdy + cdz is formally identical with 
what we have (p. 66) called the total differential of the function 
F(a, y, 2); 

ada + bdy + cdz= dF. 


We may therefore write our formula in the form 


[aF = FOI), (A), AB) — Fela), x(a), a) 


and speak of integrating the total differential adz -+- bdy +- edz. 

The following fact is of fundamental importance. The state- 
ment “the integral is independent of the path”’ is equivalent to 
the statement “‘the integral round a closed curve has the value 
zero”. For if we subdivide a closed curve by means of two 
points P, and P into two ares C and Οἱ, the equality of the 
two line integrals taken along C and ΟἹ from Py, to P means 
exactly the same thing as the vanishing of the sum of the integral 
taken along C in the direction from Py to P and the integral 
taken along Οἱ in the direction from P to Po; and this sum is 
the integral taken round the closed curve. 
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5. The Main Theorem on Line Integrals. 


As we have already emphasized, it is only under very special 
conditions that a line integral is independent of the path, or, 
what is equivalent, that the line integral round a closed curve is 
zero. For example, if a closed curve C forms the boundary of a 
region of positive area, then by p. 347 the line integral {ady or 
[ἀν --- ψ 42) is not zero. The chief problem of the theory of line 
integrals is to show that the sufficient condition for independence 
of the path, given on p. 350, is also necessary, and then to express 
this necessary and sufficient condition in a convenient and useful 
form. 

We shall first investigate this question of independence of the 
path in the case of plane curves. We may add in advance that 
the results in the case of three or more variables are exactly 
analogous. 

We now make the following assumptions. Let the functions 
a(x, y) and δία, y) (which we shall again interpret as components 
of a plane vector field A), together with their partial derivatives 
a, and 6,, be continuous in a region & of the plane. The follow- 
ing theorem then holds: 

The line wntegral 


[fade + bdy} 


taken along the curve C in R is independent of the particular choice 
of the path C and is determined solely by the initial and final points 
of the curve ©, tf, and only if, adx + bdy ts the total differential 
of a function U(x, y), that is, of, and only tf, a function U(x, y) 
exists mm R such that the relations 


U,= 4a, U,=6b 


A = grad U 


hold everywhere in R. 

We have already proved on p. 351 that this condition is 
sufficient, i.e. that from this τὸ does actually follow that the 
integral is independent of the path. 

It is easy to see that the condition is necessary. If the integral 
is independent of the path, then for a fixed initial pomt P, of C 
it is a (one-valued) function U(é, ἡ) of the co-ordinates (£, ἡ) of 
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the end-point P. U(é, 7) is differentiable with respect to ¢ and ἡ, 
and in fact for every interior point of R we have 


U6, 1) = lim > {U(E + hy τὴ -- UE, W} 
ee | 
= lim ἢ | [ {ade + bay}— J fade+ bdy} 


. dt 
=- lim = dz + bdy}. 
Jim 5 [fa + bays 


Here C is any sectionally smooth curve whatever joining P, to 
the point P in R, and C, is a sectionally smooth curve in R joming 
P to the point P, with co-ordinates (€ -ἰ h, ἡ). Since for suth- 
ciently small values of ὦ the line-segment PP, belongs to R, this 
segment can be taken as the path of integration C,. Then the 
parametric representation z=t, y= ἡ, E€StSE+h of this 
curve Οὗ gives 


σκξ, 1) = lim 1 fat, n)dt = α(ξ, η) 
? = τ ? = As, 7} 
εἶδ, 2) = tm se a(t, ἡ) η 
Similarly, we find that 
. id nth 
U,(é, 7) = lim = [δί(ξ, ἢ ἀν = δ(ξ, ἡ). 
hk->0O n 


Hence it is actually true that U,(z, y) =a, U,(x, y) = ὃ, as 
was stated. This result, which has so far been proved only for 
interior points of R, holds on the boundary also, in virtue of the 
continuity of all our functions. 

The above theorem, however, is of no great value, since as 
yet we have no general way of finding whether the vector field 
A is a gradient field or not. Instead of the gradient character of 
the vector field, we therefore attempt to state some other condition 
referring only to the functions a and ὃ themselves. This is given 
in the following main theorem: 

If R ὦ a simply-connected (open) region, a necessary and at the 
same time a sufficient condition that the integral if (adx + bdy) 

ο 


shall be independent of the path C joining two given points in R 
as that the “ condition of integrability ” 
ay = ὃ, 
13 (Ε912) 
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is satisfied for all points of R. For a fixed initial point of C the 
integral [ (adx + bdy) then represents a function Ὅ(ξ, ἡ) of the 
σ 


co-ordinates (ξ, ἡ) of the end-point, and the vector field A ts the 
gradient field of this function U, which may therefore be called 
the potentval of the field. 

That the condition is necessary follows from the theorem 
which we first stated and proved. For by this theorem, 
if the integral is independent of the path, a function 
U(x, y) exists in R for which U,=aand U,= ὃ. Since the 
derivatives 

Oye = αγία, y) and U,, = ὃ,(α, y) 


are continuous, by Chap. II, section 3 (p. 55) the equation 
Uy = Uy holds, and therefore 


a, (x, y) <r b,(2, 3), 
as stated. 

In order to show that the condition a, = ὃ, is also sufficient, 
and consequently equivalent to 
δ the condition that A is ἃ 
Ρ' p gradient, we must now use the 
assumption a, = 6, to construct 
a function U(x, y)in Καὶ such that 
U,= az, y) and U, = O(a, y). 
We first consider the simple case 
in which FR is a rectangle with 
L sides parallel to the axes, given 
x 3 by the inequalities a <a < 8, 
Fig. 3 y<y< 5. The fixed point Po 
of the region with co-ordinates 
(ἔν, 9) is joined to the point P with co-ordinates (ξ, ἡ) by means 
of two line-segments P,P’, P’P parallel to the axes, meeting 
at the point P’ with co-ordinates (£5, ἡ). The line PP’ is para- 
metrically represented by = &, y= ἔ, where ἢρ St S η, and 
P’P by c= t, y= 7, where £, StS & (cf. fig. 3). Hence the 
integral f(ad« + bdy) from Py, to P taken along this pair of 

lines is given by 


[lade + bay} — [Wen Na+ [ate nae 
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The function 


ἢ ξ 
UE η) =f Eo ἡ ὦ + [ att, ηγά! 


defined in this way is the function required. For by differentiation 
we at once have 


Ὁ ,(ξ, 7) a alg, ἢ) 
and 


ξ 
U,(é, 0) = Wy 9) + - [Ὁ nae 


Since a,(¢, ἢ) is continuous, we may differentiate under the 
integral sign on the right: 


ξ 
UE, πη) = δίξῳ η) +f a(t, add. 
As a,(z, y) = 6,(z, y), we have 


ξ 
UAE, η) = (Eo, η) + [ b(t, »)dt 


= b(E, ἢ) ΞἜ δί(ξ, η) ΣΝ (5, ἢ) = δ(ξ, ἢ). 


Thus the statement about the derivatives of U(é, ἡ) is proved, 
and from this it follows at once that the line integral is inde- 
pendent of the path. In general, therefore, 


U(E, 1) = | (ade + bdy), 


where C is an arbitrary sectionally smooth curve joining P, to P 
and lying in the rectangle. The theorem is accordingly proved 
for the case of a rectangular region R. 

To generalize the result for any simply-connected region R 
we have merely to extend the construction of the function U 
to such a general region. We say that a two-dimensional 
open region is semply-connected if every closed polygon within it 
can, by a continuous deformation within the region, be made 
to shrink up to a point. This pictorial idea of shrinking to a point 
can be made precise in the following way. Let the vertices of the 
polygon II be Py, Py, ..., Pa with co-ordinates (2, Yp), 
(2, ¥1), - - «ἡ (Ln Yn) respectively. We now think of these vertices 
as moving continuously with the time, starting at P,, P,,..., P, 
respectively when t= 0 and all coming together at time t= 1 
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at one and the same point (£, 7) in R. That is, we suppose that 
there are points P,(t), P,(t), ..., P(t), whose co-ordinates (2,(t), 
yolt)), (γί), ya(t)), ++» n(f)s Ya(é)) are continuous functions of 
¢ for 0 <¢ 1, and also that 


P,(0) = (%9(0), yo(0)) = Po, - - -, Pn(O) = (:κ(0), yn(0)) = Pa 
and 


Po(l) = (o(1), Yo(1)) = (ξ, 0), - - ..» Pa(1) = (, (1), yal) = (ξ, η). 


Of course any closed polygon can be made to shrink to a point 
if we do not restrict its position in any way. The essential feature 
of our definition of a simply-connected region is that every closed 
polygon in the region can be shrunk to a point, the polygon II(t) 
with vertices P,(t), P,(t)..., P,(t), P(t) remamnoing ὧν the region 
during the whole process of shrinking, 1.6. for all values of ¢ in the 
interval 0 ἐ:Ξ1. 

It is intuitively clear that this definition agrees with that on 
p. 41. For if our region R is multiply-connected in the sense of 
p. 41, there is a “ hole ” in it, and a closed polygon in F enclosing 
this “hole” cannot be shrunk to a point without crossing the 
“hole ”, ie. without leaving R. Conversely, if there are no 
“holes” in R, any closed polygon can be shrunk to a point. 
We shall not prove this analytically, however, as the proof is 
lengthy and, moreover, we require only the definition given 
here. 

We shall see that in the generalization of our main theorem 
the limitation to a simply-connected region R is essential. 

This generalization for any simply-connected region follows 
the same lines as the proof for rectangles, in that we again con- 
struct a function U(z, y) in the region R for which U, = a@ and 
U,= ὃ. Starting from an arbitrary point Py in R, we define 
U(x, y) by the statement 


U(z, y) =f (edz + bdy), 


where the path of integration is any polygonal path in FR joining 
the point P, to the point P(x, y). If we can show that the value 
U(x, y) thus defined is independent of the particular polygonal 
path which we have chosen, then we have actually constructed 
a function which satisfies the conditions U, = a, Uy = ὃ. 
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We therefore have merely to prove that the integral is in- 
dependent of the path, or instead, that the integral [(adx + ὃ) 
round a closed polygon II containing the point Py vanishes. For 
this purpose we make II shrink to a point in R; that is,in & we 
form the polygon II(¢) with vertices P,(t), P,(t), ..., Pa(t) which 
coincides with II at ¢= 0 and reduces to a single point at ¢ = 1. 
Since the “line integral ” for a single pomt—a curve of zero 
length—clearly has the value zero, our problem is merely that of 
showing that the line integral along II(¢) remains constant as ἐ 
varies from 0 to 1; we shall then know that the integral along 
II(¢) is O for all values of ¢, and, in particular, that the integral 
along II is 0 for t= 0. 

Now consider any value ¢’ of ¢. Since the polygon ΠΑ) lies | 
within R, we can choose a sequence of points (not necessarily 
vertices) Ay’ = P(t’), Ay’, Ag’, ..., Am’ = Ag on IT (¢’) so close 
together that each pair 4,’, A,’,, lies within a rectangle R, interior 
to R. lft is any parametric value close enough to ¢’, the polygon 
JI(t) lies so close to II(¢’) that on II(t) we can choose points 
Ay, Ay,...,; 4m = Ag for which the segments A,’A, and A,’,,4,4, 
and the whole are A,A,,, all lie in the rectangle R, Then by 
what we have already proved for rectangles, the integral round 
the closed polygonal path 4,’A,’,,4;,,4,;4, is zero. Thus if we 
denote that polygonal path by C,, we have (cf. p. 349) 


[ (αἄω + bdy) - (adz -:- bdy) -Σ f (ada + bdy) = 0. 
I(t) m9 ἐπε σ᾽ 


For all values of ¢ close enough to {΄, therefore, the integral 
round [I(¢) is equal to the integral round II(¢’). Thus if we think 
of the integral round II(¢) as a function ¢(t) of the parameter ¢, 
it follows that (t) is a constant; that is, the integral round 
II(¢) has the same value for every value of ¢, which is what was 
required to complete the proof of the theorem. 

Finally, we emphasize that for three or more dimensions 
an exactly analogous theorem holds and is proved in an exactly 
analogous way. We content ourselves by stating the theorem 
for three variables: 

If in an open region R within which any closed polygon can 
be made to shrink continuously to a point we are given a continuous 
vector field A with components a(x, y, 2), b(x, y, 2), c(x, y, 2) and 
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continuous partial derwatives a,, a,, b,, Ὁ,» 6.» Cy, then a necessary 
and sufficient condition that the line integral 


f{ {ade + bdy + cdz} 
σ 
may be independent of the path C wm R 1s that the conditions 


ἄν = bz, ὃς = Cy, Cy = Aes 
or, in vector notation, the condition 
curl A = 0, 
shall be satisfied. 


For a fixed initial point P, the line integral is a function 
U(x, y, 2) of the co-ordinates of the end-point, and in fact 


[fade + bdy + cdz} = U(a, y, 2) — U(x, Yo, 20); 
0 
or, in vector notation, 


[ Adz = UP) — U(Py), 


where the convenient abbreviation U(P) denotes the value of the 
- function U at a point P. 


6. The Significance of Simple Connectivity. 


Throughout the above discussion it is essential that the 
region under consideration should be simply-connected. If the 
connectivity of the region were not simple, we should not be 
certain that the function U could everywhere be determined 
uniquely by integration along polygonal! paths. 

We give the following example to show that in multiply- 
connected regions the conditions of integrability are not suffi- 
cient to ensure that the integral is independent of the path. 


The functions 


Ψ ας ΟΣ 
α(α, Ψ) τα τ τ Ἢ γ» δία, y= aa τᾷ 


are defined and continuous for all values of z, y except ὦ = 0, y = 0. Their 
derivatives 


2Qa2 


———_— 


1 2,3 1 
ote Ste 


wD — eg at ie OY 
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are also continuous, except at the origin, and satisfy the condition 
peewee 2 


a, (2, y) = 5,{2, y) = (a? + ye 


If we now take the integral 
f {adz + bdy} 
σ 


round the circle Οὐ with centre at the origin given by x = οοβὲ, y = sint, then 
C cannot be enclosed in a simply-connected region R in which the assump- 
tions are satisfied; for the region R we must take a ring-shaped region 
that does not contain the point (0, 0). Then 


20 Qa 
[tod + bdy} - {—sin#(—sin?) + cost. cost}dt = [a = 2π, 
σ 0 0 
and the integral round the closed curve is therefore ποὺ zero.* 


EXAMPLES 
1. Evaluate the integral 


fe sinydz + εὖ cosydy), 
σ 


where C is a curve joining the points (0, 0) and (ξ, ἡ). 
2.* Evaluate the integral 


. ot 
es τ 7 (x cosy + y siny)dy + 3 τ 7 (xsiny — y cosy) dz) 


along a closed, curve enclosing the origin, which does not intersect itself. 


2, CONNEXION BETWEEN LINE INTEGRALS AND Douste IntTs- 
GRALS ΓΝ THE PLANE. (THE INTEGRAL THEOREMS OF 
Gauss, STOKES, AND GREEN.) 


1. Statement and Proof of Gauss’s Theorem. 


For functions of a single independent variable one of the 
fundamental formule stating the relation between differentiation 
and integration is | 


f "f'(w) du = f(a.) — f (24). 


* We may remark in passing that the value of the integral f(adz + bdy) 
for any curve which does not intersect itself and which encloses the origin is 
the same, namely, 27. This follows immediately from the general theorem on 
subdivisions (cf. p. 349) if we subdivide the ring-shaped region between two such 
curves C and C’ into a number of simply-connected regions by cross-curves ΟἹ 
and apply the theorem to each of these. 
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An analogous formula—Gauss’s theorem—holds in two dimen- 
sions. Here again a differentiation is cancelled by an integration, 
in the sense that double integrals of the form 


[[fetody or f f o,dady 


are transformed into integrals that are only taken round the 
boundary curve C of R. We here regard the boundary C as an 
oriented curve and indicate the sense of description by means of 
a sign. Gauss’s theorem is then as follows: 

If the functions f(x, y) and g(x, y) are continuous and have 
continuous derivatives in a region R bounded by a sectionally smooth 
curve ©, then the formula 


Jf tpele, y) ΞΕ συία, y)|dxdy =[ {f(«, y) dy - σία, ψ) 4} 


holds, where the integral on the right is a line integral round 
the closed boundary C of the region, taken in the positive sense 
of description, i.e. in such a way that the interior of the region 
R remains on the left as the boundary is described. 

In the proof we first restrict ourselves to the case 10 which 
the boundary C is cut by every line parallel to one of the axes 
in two points at most; in addition, we assume that g(x, y) 1s 
zero everywhere in R. Then by the results of the previous chapter, 
section 3 (p. 243), we can express the integral 


Jf fol ydaedy 
as a repeated integral in the form 


Jf fees y) dady = [dy f fala, y) da, 


where y ranges over the interval to which points of & correspond 
and the integral {f,(z, y)dx is to be taken along the segments 
common to the lines y = const. and the region R. If x,(y) (fig. 4) 
denotes the point of entry and 2,(y) the point of emergence of the 
parallel at the distance y from the a-axis, where 7, = %%, then 


κι) 
[foe y)dx = f(x(y), ψ) — f (oly), ¥)- 


Tf, further, we denote the least and greatest values of y to which 
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points of # correspond by 7» and ἡ,» then by integrating this 
equation with respect to y from y, to 7, we obviously obtain 


[ J. [κία, y)dady = j “flaw, y) dy + [ “fle y) dy. 


For the special case g(z, ψ) τ 0, however, this equation 18 


equivalent to the theorem of Gauss stated above, as follows 
immediately from the definition of the lne integral 


[ f, yay. 


It is to be noted that the case in which the boundary of R contains 
portions parallel to the z-axis is included in the above. These 
portions contribute nothing to the boundary integral, for along 
every such portion the line integral J f(z, y)dy vanishes, since ¥ 
is constant there. 

If we make use of our assumption that no parallel to the 
y-axis cuts the boundary of # in more than two points, the same 
considerations lead us to the formula 


ξι 
f Ϊ συία, y)dxdy = [ ἰσία, ψι(α)) — σία, Yo(x))} dx 
or * : 


{{π5ι|5, y)dady = --- f g(x, y)de. 


* The occurrence of the negative sign on the right-hand side should not 
cause surprise; the z-axis and y-axis in the plane are not exactly equivalent, 
as the z-axis is transformed into the y-axis by a positive rotation of 7/2, while 
the y-axis is transformed into the z-axis by a negative rotation of 2/2. 

{35 (Ε912) 
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Addition of the two formule finally gives Gauss’s theorem in 
the general form 


ff tha, y) + g(x, ψ)] ἀν = | {fl y)dy — g(x, y)dx} 


stated above. 

We can now extend our formula to more general regions, 
which do not possess the property of being cut by every parallel 
to the axes in two points at most. We start from the fact 
that by piecing together a finite number of regions with that 
property we can construct regions which in general do not possess 
such a property (cf. fig. 5). For each separate region Gauss’s 

theorem holds; and, on addi- 


tion, the parts of the line 
integrals along the internal 
(Ss connecting lines cancel one 


another in the usual way (p. 

349), since each of these is 

-ς--- traversed twice, once in each 

direction, and we are left with 

Fig. 5.—Non-convex region formed from Gauss’s theorem for the entire 

convex regions region. Conversely, this proves 

Gauss’s theorem for all regions 

R which can be divided into a finite number of sub-regions 

in such a way that the boundary of each of these sub-regions is 

intersected by parallels to the co-ordinate axes in not more than 

two points. We mention without proof that Gauss’s theorem 

does actually hold for any region with sectionally smooth boun- 

daries.* The proof can be obtained by a passage to the limit. 

In conclusion we remark that the condition that the region 

can be divided into a finite number of sub-regions, each of which 

is cut by every line parallel to an axis in two points at most, can 

be replaced by the following condition: the boundary of the 

region can be subdivided into a finite number of portions, each of 

which has a unique projection on the two co-ordinate axes; here, 

however, we allow the projection on one of the two axes to 

consist of a single point, 1.6. we allow the boundary to contain 
portions parallel to the axes. 

* For such regions our assumption is not necessarily satisfied. For example, 


the boundary may partly consist of the curve y = z* sin1/z, which is cut by the 
z-axis in an infinite number of points. 
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As a special application of Gauss’s theorem we deduce our previous 
formule for the area of the region R. We put f(x, y) = x and σία, y) = 0, 


and at once obtain 
A=f f acdy =f xdy. 
᾿ +0 


for the area A. In exactly the same way, if f(z, y) = 0 and g(x, y) = y, we 
obtain 
Amie [ y dz, 
+0 


in agreement with previous results (Vol. I, p. 273). For the sign, see 
section 4, 1, below (pp. 374 δὲ seq.). 


2. Vector Form of Gauss’s Theorem. Stokes’s Theorem. 


Gauss’s theorem can be stated in a particularly simple way 
if we make use of the notation of vector analysis. For this 
purpose we consider the two functions f(x, y) and g(x, y) as 
the components of a plane vector field A. The integrand is 
then given, by the equation 


ft, Y) + 9,{2, y) = divA, 


as the divergence of the vector A (cf. p. 91). In order to obtain 
a vector expression for the Ime integral on the right-hand side 
of Gauss’s theorem, we introduce the length of arc sof the boundary 
curve C; the positive sense of description is to be taken as the 
direction in which s increases. The right-hand side then becomes 


[7 no — φίω, yt} as, 


where we put dx/ds = ᾧ and dy/ds = y. 

We now recall that the plane vector ¢ with z-component 
ὦ and y-component ¥ has the absolute value unity and the 
direction of the tangent, and points in the direction in which s 
increases, while the vector # with x-component y(s) and y-com- 
ponent —2(s) has the absolute value unity and is perpendicular 
to the tangent, and, moreover, has the same position relative 
to the vector ¢ as the positive z-axis has relative to the positive 
y-axis.* Hence if the direction in which the length of arc increases 

* We see this from considerations of continuity; we may suppose that the 
tangent to the curve is made to coincide with the y-axis in such a way that 
the ¢-direction is the same as the direction in which y increases. Then z = 0, 


y = 1; and from this it follows that the normal vector 22 must point in the 
direction of the positive z-axis. 
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is that in which the boundary of the region is positively described, 
22 is the unit vector in the 
4 ¢ direction of the outward-drawn 
normal (fig. 6). It is useful to 
notice that we can also write 
the components of the normal 

vector # in the form 


ΒΕ 


eee Oe = 


n 
0 x 
Fig. 6.—Tangent and normal directions | Where 0/0n denotes differentia- 

tion in the direction of the 
outward-drawn normal; * Gauss’s theorem can therefore also be 


written in the form 
Ν᾿ Ox oy 
Jf \fe+ 9:)dndy -[((Ἑ + 489) ds, 


We now see that the integrand is simply the scalar product 
An or the normal component of the vector A. Consequently 
we obtain Gauss’s theorem in the important form 


J [ div A dacdy = [ Ands = [ Ands. 
σ 


In words: the integral of the divergence of a plane vector field over 
a closed region R is equal to the line integral, along the boundary, 
of the component of the vector field in the direction of the outward- 
drawn normal. 

In order to arrive at an entirely different vector mterpre- 
tation of Gauss’s theorem in the plane, we first replace g(z, y) 
by —9(x, y). Gauss’s theorem then gives 


f [ [[κ(α, y) — g(x, γ)] ἀ ἂψ = f [o(x, ψ)ὼ + f(x, y)y] ds. 


If the two functions f(z, y) and g(x, y) are again taken as com- 
ponents of a vector field A, g this time being the z-component 
and f the y-component, and if we again interpret Z(s) and ¥(s) 
as the components of the tangential unit vector ¢, we see that 
the integrand on the right can be written in the form A¢#= A,, 
where AZ is the scalar product of the vectors A and #, 1.6. the 


* For “ differentiation in a given direction ’’ see Chap. II, section 4 (p. 62). 
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tangential component of the vector A. The integrand on the 
left we have already met with (p. 92) in forming the curl. In 
order to apply the concept of curl here we imagine the vector 
field A extended in any way in space, e.g. by taking the z-com- 
ponent everywhere equal to zero. The integrand on the left 1s 
then just the component of the vector curl A in the z-direction, 
so that the above equation for the plane can be written in the 
following form: 


f [ (curl .4),ἀα ἄν = Ἵ 4,49. 


If by the curl of a vector field in the zy-plane we mean the 
z-component of the vector curl A, where A is any vector field 
obtained by extension as above, we can formulate Gauss’s 
theorem as follows: 

The integral of the curl of a plane vector field over a closed region 
as equal to the integral of the tangential component taken round 
the boundary. This statement is commonly referred to as Stokes’s 
theorem in the plane.* 

If we now make use of the vector character of the curl of a 
vector field in space and observe that the above result involves 
the components of the vector field in the xy-plane only, we can 
free Stokes’s theorem for plane regions from the restriction that 
these plane regions lie in the zy-plane. We thus arrive at the 
following more general statement of Stokes’s theorem: 


[ [ (curl.A),dS = [ A,ds, 


where T is any plane region in space, bounded by the curve C, 
and (curl A),, is the component of the vector curl A in the direction 
of the normal to the plane containing 7’. 


* We remark in passing that Gauss’s theorem or Stokes’s theorem can be 
used to give a new simple proof for the main theorem on line integrals 
(section 1, p. 353), in particular, for the fact that the condition ἐς = g, is suffi- 
cient to ensure that the line integral is independent of the path. We have seen 
that this independence of the path is equivalent to the vanishing of the integral 
round every closed path. If such a path is the boundary of a region R of the 
type considered, Stokes’s theorem transforms the line integral 


[ἰσία, y)da + f(x, y)dy} 
+o 


into the integral of the expression fe — gy over the region; and if this expression 
vanishes, the vanishing of the line integral immediately follows. 
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3. Green’s Theorem. Integral of the Jacobian. 


Certain other integral transformations, usually known as 
Green’s theorems, are closely related to Gauss’s theorem. They 
have many applications in the theory of differential equations. 
In order to obtain these theorems we consider two functions 
u(x, y) and v(x, y), which we assume to have continuous deriva- 
tives of the first and second order in the region ἢ. In virtue of 
the equations 


0 0 
ὩΣ (εν) = Ugds + Wee, By (uv,) = Uy + Wy, 


Gauss’s theorem gives the formula 
[ f (UgV_ - Ugg + Uyvy + Uv,,) ἀν = f {uv,dy — wv, dx} 
+0 
or 


f{ [ (ων, - Uv,) dxdy = — Hf i uAvdady-+ J {—uv,da+ uv, dy}, 


where, as in Chap. II (p. 93), we use the symbol 


Av = Vag + Vyy- 


This last integral formula is called Green’s (first) theorem. 
It has been proved above, subject to the assumption that the 
functions Uz, Vz, Uy, Vy» Vex Yyy are continuous in the closed 
region. If in addition we assume the continuity of the functions 
Une and U,,, we can in a similar way obtain the formula 


[[ὦ.- uyo,)dady=— f f vdududy-+ {{—ouyda-+ vu, dy}, 


and from these two formule we obtain by subtraction the relation 
known as Green’s (second) theorem: 


[ } (uAv — vAu)dzrdy = Ἷ {(vu, — uv,)dx — (vu, — wv,,) dy}. 


We can write the line integral in Green’s theorem somewhat 
differently if we recall that the derivative of a function f(x, y) 
in the direction of the outward-drawn normal to the curve is 
given by the equation 


Ο : . 
ad y) = fey — fut, 
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provided that the direction in which s increases is that corre- 
sponding to positive description of the boundary. Thus, if in 
general we use the symbol 0/dn to denote differentiation with 
respect to the outward-drawn normal to the curve, Green’s 
theorems can be written in the form 


J J (usr + uv,)dedy = —f [eAudedy +f ~ ds 


and 
5 ov Ou 
J [uso vAu)dxdy -[(Σ -- ὃς ds. 


We can also express the first form of Green’s theorem in yet 
another way, by means of the vector notation: 


J f (grade grad v)dxdy = —f fr div grad udxdy +fe a ds. 


Here the quantity under the integral sign on the left is the scalar 
product of the two gradients, gradu and gradv, and the symbol 
Au is replaced by the equivalent symbol div grad wu. 

We obtain another remarkable relation between integrals if 
we transform the double integrals of the products u,v, and u,v, 
respectively into line integrals by means of Gauss’s theorem and 
then subtract: 


f{ [ (u,0, --- U,v,) da dy a [ {uv,dx + uv, ἄν). 


This formula gives us a new insight into the nature of the 
Jacobian. As the integrand on the left we have the Jacobian 
O(u, v) 
O(a, y) 
region # and that the region R of the zy-plane is mapped on a 
region R’ of the wv-plane by means of the equations 


U=uz,y), v= υ(α, 9), 


the sense of description of the boundary being preserved since 
O(u, v) 


O(z, y) 
given by the line integral 


[ud = | weede + v, dy) 


+? 


We assume that the Jacobian is positive throughout the 


> 0. Tho area of the region R, as we already know, is 
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taken round this boundary in the positive sense. Thus the in- 


tegral of the Jacobian 
f J o(u, Ὁ) a 
o(x, y 


gives the area of the image region, and 
= O(u, Ὁ) 1: 
f [ dudv =| [ δια, ἡ 


Thus we have once again obtained the transformation formula 
of Chap. IV (p. 253) for the special case in which the integrand 
on the left is unity. If we divide the integral 


[ [ o(u, Ὁ) ae 

o(x, ἽΝ 
by the area of the region R and then let the diameter of R tend 
to zero, in other words, if we carry out a space-differentiation 
of this integral, in the limit we obtain the integrand, that is, the 
5 * The Jacobian is therefore the limit of the quotient 

»Y 

of the area of the image region and the area of the original region 
as the diameter tends to zero, or, as we may say, it is the local ratio of 
areal distortion.* 


Jacobian 


4 The Transformation of Az to Polar Co-ordinates. 


A process like that of the last sub-section enables us to trans- 
form the expression Au = u,, + u,, to new co-ordinates, e.g. to 
polar co-ordinates (r, #). For this purpose we use the formula 


J [Audedy - δ ds 


which arises from Green’s theorem if we put v= 1, If we divide 


* Since by the mean value theorem of the integral calculus the ratio of the 
area of a region to the area of its image is given by an intermediate value of 
the Jacobian, the definition of the double integral now leads us almost at once 
to the general transformation formula 


[ ft v)dudv =f epee 


the reader may work out the details for himself. For another complete proof 
of the transformation formula cf. section 3, No. 3 (p. 373). 
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both sides of this equation by the area of the region & and 
let the diameter of R tend to zero—that is, if we carry out a 
space-differentiation—in the limit we again obtain the expres- 
sion for Aw. 

In order to transform Au to other co-ordinates, we therefore 
have only to apply the corresponding transformation to the simple 


line integral f ou ds, divide by the area, and perform a passage 
σ On 


to the limit. The advantage over the direct calculation is that we 
need not carry out the somewhat complicated calculation of the 
second derivatives of u, since only the first derivatives occur in 


the line integral. 


As an important example we shall work out the transformation of Au 
to polar co-ordinates (r, 8). For the region R we choose a small mesh of 
the polar co-ordinate net, say that between the circles r and r + h and 
the lines 0 and 6 + k, whose area, as we know, has the value khp, where 


ep=r-+t gh. 
By our general discussion we then have 
1 Ou 
= — | ~ 4s, 
n—>o pk J an 


or, if we calculate the line integral for our special boundary, 


a Lf otk (r+ hur + ἢ, 0) — ru,(r, 8) 
Au = lim τ —— i 418 


h—>o ὃ h 
k—>0O 


1 rth u(r, θ + 1) — u(r, 9) ar | 
hJ, kr ᾿ 


If we use the mean value theorems, we can also write this equation in 
the form 


_ 1 I 
Au = lim -- {ryt,.(ty 94) + Uy{1'15 93) + - Ueeltar θ4}}» 
aa 


where 7.» 7, and 0,, 0, denote values of the variables r, 8 which lie between 
r and r-+ ἦ and between 6 and 9 -- &% For the limit 88 ὦ -»ὖ, ὦ +0 
we at once obtain 


1 1 
Au = : (γιι,), + 7a 160» 


which is the required transformation formula, 
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3. INTERPRETATION AND APPLICATIONS OF THE INTEGRAL 
THEOREMS FOR THE PLANE 


l. Interpretation of Gauss’s Theorem. Divergence and Intensity 
of Flow. 


We shall now interpret the integral theorems given in the previous 
section in terms of the steady flow of an incompressible fluid in two dimen- 
sions. Such a flow (which of course is only an idealization of actual physical 
conditions) occurs when a fluid distributed over a plane with constant 
surface density unity moves in such a way that the state of motion, that is, 
the velocity vector at each point, is independent of the time (which is what 
we mean by the term “steady ’’). Such a flow is therefore determined by 
the field of its velocity vector v. We shall call the components of this 
velocity vector v, and v,. If we consider any curve C to which we 
arbitrarily assign a positive direction of the normal—we denote the unit 
vector in the direction of the normal by #—then the total amount of the 
fluid which passes across the curve in the positive direction of the normal 
in unit time is given by the integral 


fonds, 
ο 


if we denote * the length of arc on C by 8. If the curve is closed and encloses 
a region R, and if ~ is the outward-drawn normal, then Gauss’s theorem 


fonds =f [divvdeay 
oO R 


states that the total amount of fluid leaving the region # in unit time is 
equal to the integral over the region of the divergence of the velocity field. 
This statement at once leads us to the intuitive interpretation of the concept 
of divergence. The line integral on the left will not in general vanish. If 
it has a positive value, the total amount of fluid in the region is decreasing; 
if it has a negative value, the amount of fluid is increasing. If the whole 
phenomenon is steady, i.e. independent of the time, so that there can be 
no increase or decrease in the amount of the fluid in the region, the sub- 
stance is necessarily being created or destroyed in the region itself. We 
say that the region encloses sources or sinks; the steady character of the 
flow is then expressed by the fact that the sources or sinks regulate the 
entry or exit of the fluid in the interior in such a way that the amount 
of fluid remains constant within each region. The total amount of fluid 
leaving the region may be called the total flow out of the region. This is 
positive or negative according as the sources or the sinks predominate. 
If we divide the total flow by the area of the region, we obtain the average 


*In order to see that the integral actually has this meaning, we first think 
of the curve as replaced by a polygon with sides of length As,, As,,..., Asp, 
assume that on each side of the polygon the velocity vector is constant, and then 
perform the usual passage to the limit from polygon to curve. 
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or mean intensity of flow. If we now let the diameter of the region tend to 
zero, that is, if we carry out a space-differentiation, we obtain in the 
limit the intensity of flow at the point in question. Gauss’s theorem tells 
us that div Ὁ, the divergence of the velocity field, 1s equal to the intensity of 
flow. Gauss’s theorem accordingly leads to an intuitive interpretation of 
the hitherto purely formal concept of divergence. 

This interpretation of the divergence can also be roughly expressed in 
the following way: we think of the flow as divided into a flow in the direc- 
tion of the z-axis with velocity v, and a flow in the direction of the y-axis 
with velocity v,, and consider a rectangle with corners P,(&, ἢ), P.(& - 4, ἡ), 
P(E, ἡ +k), PA E+ h, n+ hk). ΤΆ the velocity v, were constant along 
each of the two sides P,P, and P,P, and had the respective values 
v,(&, Ἢ) and v,(& + ἢ, Ἢ) there, the total amount of fluid leaving the 
rectangle in the x-direction in unit time would be given by the difference 
ku,(& + δ, ἢ) — kv,(&, ἡ). If we divide by hk, the area of the rectangle, 
we obtain 


υχίξ +h, ἢ) ἘΞ υχ(ξ, 0) 
h 


The average net flow out of the region in the direction of the y-axis is 
obtained in the same way. The expression 


4(& + ἢ, ἢ) — υυ(ξ, ἡ) 4 v(&, ἡ + k) — v(&, ἢ) 
h k 


therefore gives an approximation to the average net flow out of the region, 
and the passage to the limit 4 - 0, & + 0 again leads to the meaning of 
the divergence given above. 

Special interest attaches to the case of a source-free flow, that is, a flow 
in which fluid is neither created nor destroyed in the region under con- 
sideration. This type of flow is characterized by the condition 


div Ὁ = 0, 


which by Gauss’s theorem is equivalent to the condition 


fends = 0, 
0 


where the integral is taken round any closed curve. 


2. Interpretation of Stokes’s Theorem. 


Stokes’s theorem can also be interpreted in a simple way in terms of 
the flow of an incompressible fluid in two dimensions. Let the velocity of 


flow be given by the vector Ὁ with components v,, v,. The integral [ v,ds 


ἐσ 
taken round a closed curve C we shall call the circulation of the fluid along 
this curve. By Stokes’s theorem this can at once be expressed in the form 


[as = [ fouivdrdy, 
σ BR 
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and this equation further shows us that the expression curlv is to be 
regarded as the specific circulation or circulation-density at a given point. 
Stokes’s theorem then states that the circulation along the curve Ο' is 
equal to the integral of the circulation-density over the region enclosed 
by the curve. 

Here again special interest attaches to cases of flow for which the 
circulation along every closed curve is zero, so that by Stokes’s theorem 
the circulation-density vanishes everywhere. Such flows are said to be irro- 
tational, and are characterized by the equation | 


curl Ὁ = 0. 


If a steady flow is both source-free and irrotational, it satisfies the two 
systems of equations 


curly = 2% a Ἶ 
y ὃα 

digo oe θυ. R 
Ox = =6y 


These two equations, by the way, are of special interest in that they 
occur in other branches of mathematics, in particular, in the theory of 
functions of a complex variable*, thus forming the connexion between the 
latter subject and hydrodynamics. 

We shall mention yet another interpretation of Stokes’s theorem. 
If we think of Ὁ aa representing a field of force instead of a velocity field, 
the line integral 


fede a {o,dx + vedy}, 


taken round any curve, closed or not, gives the work done by the field 
of force on a particle describing the curve C. If C is a closed curve which 
forms the boundary of a region R, then Stokes’s theorem states that the 
work done in describing the boundary of F is equal to the integral over R 
of the curl of the field of force. If the work done in describing a closed 
path is always to have the value zero, the equation 


ὃυ, ὅυ; 
ὃν on 


curl y = = 0 


must be true everywhere. Conversely, if this equation is true everywhere, 
it follows from Stokes’s theorem that the integral 


feds = fede + v_dy) 
+0 


+0 


vanishes everywhere (cf. p. 365, footnote). 


* Cf. Chapter VIII, pp. 532, 550. 
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This result shows, in accordance with section 1, p. 358, that the work 
done is independent of the path if, and only if, 


curl yw = 0 
throughout the region. 


3. Transformation of Double Integrals. 


As an application of Gauss’s theorem we give another method 
for deriving the transformation formula for double integrals 
(cf. Chap. IV, section 4, p. 253, and p. 368, footnote). Let us 
suppose that R is a closed region of the xy-plane bounded by the 
curve C and that the transformation z= x(u, v), y= y(u, ) 
gives a one-to-one mapping of # on the region R’ of the wv-plane 
bounded by the curve C’, the sense of description of the boundary 
being preserved. Let the two regions satisfy the conditions for 
the applicability of Gauss’s theorem. In order to transform the 
integral 


I= f f(x, y)dedy 


into an integral over the region R’ we first transform it into a 
line integral round the boundary C. This line integral, being a 
simple integral, can at once be transformed into a line integral 
round C’, the boundary of R’, and the latter, by Gauss’s theorem, 
can be transformed into a double integral over &’. In order to 
carry out this process we consider any function A(z, y), obtained 
from f by indefinite integration, for which 


A,=f. 
Then by Gauss’s theorem 


1Ξε [ A,dady = Ady. 


If in the line integral on the right we now introduce the variables 
u, v instead of 2, y, i.e. if we transform it by means of the func- 
tions a(u, v) and y(u, v) into an integral along the boundary 
C’ of R’, we at once obtain 


I= f A(ysdu + yode). 


To the boundary integral on the right we apply Gauss’s theorem 


374 LINE AND SURFACE INTEGRALS [Cuap. 


in the reverse direction, transforming it into a double integral 
over fi’: 


[ (Aydu + (Ay,)do = [ J WAyu— (Aya)eldudo, 


From the equations 


(Ay.)» = ΑΔ. ἘΠΕ AY vy 
and 


(Ay)y = AuYo + AY uns 
as well as 


4, -- A Ly + A Yu; A, = A Ly + A,Yo, 4, ΞΞ 
we find after a short calculation that 
(Ay ou (AYyu)y aa (σα, ao LeYu)fs 
so that finally 
P= dxdy = LuYy — συν ὁ fdudv, 
Jf faedy =f f ete — cdf 


as was to be proved. 


4, Surrace INTEGRALS 


The theory of integration for three independent variables 
includes not only triple integrals and line integrals but the third 
concept of the surface integral. In order to explain the latter 
we begin with some considerations of a general nature, which at 
the same time will serve to refine our previous ideas, in par- 
ticular those relating to double integrals. 


1. Oriented Regions and Integration Over Them. 


b 
We start from the ordinary integral [ J (x) dz of a function f(z) 


of the independent variable z. The region of integration is the 
interval between x=a and == b. We are necessarily led 
(Vol. I, p. 81) to the convention 


[fod=- [Tod 


which we can also express in the following way: the region of 
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integration, that is, the interval R under consideration, is given 
a, definite direction, or, as we say, a definite orientation. If we 
reverse the orientation, that is, if we describe the interval in the 
opposite direction, the value of the integral is multiplied by —1. 
This convention may also be expressed by the equation 


[ f@da=—f fede, 


where the region of integration is denoted by +C when it is 
described in the direction a + 6 and by —C when it is described 
in the direction ὃ > a. 

In the case of line integrals in the plane and in space we have 
likewise seen that it is necessary to assign a definite sense of 
description to the curve along which we are integrating, and that 
if this orientation is reversed the integral is multiplied by —1. 
It is now evident that a full treatment of the case of integration 
over regions of several dimensions demands the adoption of 
analogous conventions, and that our previous definitions should 
be extended accordingly. 

In Vol. I, p. 268, we gave a definite sign to the area of a region 
R, the sign being positive or negative according as the sense of 
description of the boundary is positive or negative. A plane 
region to which we attach a definite sign in this way we call 
an oriented region (fig. 7); in accordance with what we have just 
said, we shall call it positively oriented if the sense of description 
of the boundary is positive, otherwise negatively oriented. Now 
we have represented the area of a region R by the double integral 


f ] dady. If this area is to be taken as positive, we shall attach 
R 


to the region a positive sense of description of the boundary, 
and we accordingly represent the absolute value of the area 


symbolically by the expression 
if f dxdy =| 41. 
+R 


If we think of the region as negatively oriented, so that its area 
is negative, we express the actual value of the area by the symbol 


f f ἄχ ἄν, and accordingly have the definition 
—B 


{{4:ἀν -- -- 4]. 
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Again, the area is expressed * as a line integral by the formula 
[4{-Ξ -- [νά = fady. 
+0 +0 


If nothing special is said to the contrary, we shall always 
take & as a positively oriented region. 


Fig. 7.--Oriented regions 


In the same way, we now state the general definition for any 
double integral whatever: | 


[ [fe y) dxdy =f f ft y) dx dy; 
J [fo y) ἄχ ἂψ = —f f fe y) da dy. 


This definition corresponds exactly to the convention already 
adopted in the case of ordinary integrals and line integrals. 
The equations do not represent any newly-proved fact: they 
are simply definitions and are justified solely on grounds of con- 
venience. 


An example will illustrate the usefulness of this convention. We saw 
(p. 253) that in the one-to-one mapping of the region # of the zy-plane 
on a region R’ of the uv-plane the area of the region R is given in the new 
co-ordinates by the integral 


J fend =/ fx dude, 


provided that the Jacobian is positive everywhere in R. We know that 


*It is useful to verify by an example that the integral — f y dz is really a 
τὰ 


positive number. If, for example, R is ἃ squareO Sz ΞΞ1,0 5 y 1, on both 
the vertical sides we have dr = 0. The side y = 0 likewise contributes nothing 
to the line integral; and on the third side we have dz < 0 and y= 1, 
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if the Jacobian is positive, the orientation (i.e. the sense of description of 
the boundary) of R and R’ is the same, while if the Jacobian is negative, 
the regions have opposite orientations. The above formula therefore would 
not hold if the Jacobian were negative, if we considered the double integral 
without regard to the orientation. But tt remains true for the case of a 
negative Jacobian if by R we mean a (positively or negatively) oriented 
region and by R’ the oriented region which arises from £ as a result of the 
transformation. For if the orientation is reversed, the effect of the negative 
sign of the Jacobian is cancelled by the above convention. 


In the same way, we can now regard the general transformation 
equation 
0 
[f fe ν) ἀράν =f f fe, WI>¥ 2 dude 


as valid, whether the Jacobian ak is positive everywhere or * 
u,v 


negative everywhere in the region R, it being assumed that the 
integrals are taken as integrals over oriented regions and that 
in the mapping the oriented region & becomes the oriented region 
Ι΄. Thus only by introducing orientation and the sign principle 
do we arrive at transformation formule for double integrals which 
are valid without exception. 

The orientation of a region can also be defined geometrically 
without reference to the boundary in the following way. We 
first consider any point of the region whatever, and to this point 
assign a sense of rotation, which we can represent e.g. as the 
sense of description of a small circle with this point as centre. 
We now say that the region F is oriented if such a sense of rotation 
18. assigned to every point of R and if on continuous passage 
from one point to another the sense of rotation is preserved. 

By means of this remark we can now assign an orientation to 
a surface lying in xyz-space. On the surface we can first assign 
a sense of rotation to a point by surrounding it by a small curve 
lying on the surface and assigning a definite sense of description 
to this curve. If we now move the point continuously over the 
surface to any other position and along with the point move the 
oriented curve with its orientation, we assign a sense of rotation 
to every point of the surface in this way (exceptional cases will 

* The formula does not hold, however, if the Jacobian changes sign in the 


region; in this case the assumption that the mapping is one-to-one cannot be 
satisfied. 
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be discussed later). We call the surface with this sense of rotation 
an oriented surface (fig. 8). 

We can get ἃ better grasp of this orientation of a surface in 
space as follows. A portion of a surface in space will have two 
different sides, which we can best distinguish as the positive side 
and the negative side. (Which of the two sides we call positive 
and which negative is of no intrinsic importance.) For example, 
as the positive side of the xy-plane we can take the side indi- 
cated by the positive z-axis. We now mark the positive side of 
a surface S by constructing at each point of the surface a 
vector pointing out into space on the positive side; e.g. the 
normal to the surface, if a unique normal exists at the point. If 
we think of ourselves as standing on the surface with our heads 
on the positive side, we say that the surface is positively oriented 


= 


Fig. 8.—Orientation of a curved surface 


if the orventation of the surface and the line from feet to head to- 
gether form a right-handed screw (cf. Chap. I, p. 2), or, in other 
words, if the surface together with its orientation can be con- 
tinuously deformed in such a way that it becomes the positively 
oriented xy-plane and at the same time the direction of the positive 
normal becomes the direction of the positive z-axis. Otherwise, 
we say that the surface is negatively oriented. We thus see that 
there is a natural way of determining the sign of the orienta- 
tion of a surface, provided that the two sides of the surface are 
given signs to begin with. Any difficulty which the beginner may 
find in these matters lies simply in the fact that here we are 
discussing not proofs but definitions, which are justified solely 
by their convenience in simplifying subsequent discussion. 

We must not omit to mention that curved surfaces exist to 
which no orientation can possibly be assigned, since on them 
it is not possible to distinguish two separate sides. The simplest 
surface of this type was discovered by Mobius and is called the 
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Mébius band; it is shown in fig. 9. We can easily make such a 
surface from a long strip of paper by fastening the ends of the 
strip together after rotating one end through an angle of 180° 
from its original position. The Mébius band has the property 


Fig. 9.—The Mébius band 


that if we start from a definite point, say on the centre line of 
the band, and move along the centre line, after a complete circuit 
we come back to the same point, but on the opposite side of the 
surface.* If during this motion we carry with us a small oriented 
curve, without altering its orientation, we shall find that we 
return to the starting-point with the orientation reversed. We 
see that with such a surface we can pass from one side to the 
other without crossing the boundary, and hence that it 1s 
impossible to assign to the surface an orientation in the sense 
described above. Such non-orientable surfaces are definitely 
excluded from the subsequent discussion. 


* We can obtain a parametric representation for the Mébius band as follows. 
Consider first the circle x = 2cosu, y= 2sinu. At the point of the circle 
corresponding to the value u of the parameter we construct the unit vector 7, 
which starts from the point of the circle, lies in the same plane as the z-axis 
and the radius to the point, and makes the angle 4u with the positive z-axis. 
At the same point we also construct the vector —7. Thus we have a line segment 
composed of the two vectors, with length 2 and its mid-point on the circle. As 
u goes from 0 to 27 this line segment travels with w, turning through an angle 
a, so that finally 7 comes to the original position of —7. It is therefore clear 
that the line segment describes a Mébius band. For each value of wu the point 
on the line at the distance v from the circumference in the direction of 7 (where 
~1<v 33 +1) has the co-ordinates 


. Ut 
z= 2cosu + Ὁ εἴπ 5 008 &, 


+ . 4 . 
y τῷ 2sinu + vain — sinw 
9 3 


u 
z= eee eo? 


where 
0 Ξ κα ΞΞ ὃπ 


-1srSl. 


These equations therefore represent the Mébius band parametrically. 
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We can also express the orientation of a surface by thinking 
of the surface as represented parametrically by two parameters 
wand v. Then a definite region R of the wo-plane will be mapped 
on the surface S. If in the region R we choose any orientation, 
the mapping transfers this orientation to the surface S, thus 
defining an orientation of the surface. 

Just as we can assign an orientation to a region in the plane 
or to a surface, we can also assign an orientation to a three- 
dimensional region. For this purpose the following convention 
is advantageous. We consider a region of space R bounded by 

a closed surface S. We take the 

side of the surface towards the 

interior of the region as the positive 

side. If we give the surface an 

orientation which with the direction 

from negative to positive across the 

surface determines a right-handed 

screw, we say that the region of 

space R is positively oriented (cf. 

fig. 10); if, on the other hand, we 

give the surface an orientation 

which with the negative to positive 

Fig. 10.—Positively oriented sphere direction determines a left-handed 

screw, we say that the region is 

negatively oriented. For example, the cube 0 < x <1, 

0Sy¥S81, ΟΞ ΦΞΞῚ is positively oriented if we give its base 
in the zy-plane a positive orientation. 

For regions in space, just as for regions in the plane, it is 
convenient to assign a positive or a negative sign to the volume 
according as the region is positively or negatively oriented 
(cf. p. 376), We shall again agree that an integral taken over 
an oriented region has its sign changed if the orientation of the 
region is reversed: 


Sff fe y, z)dudydz = —fff fe. y, z)dxdy dz. 


The same argument as we have already developed for two 
dimensions shows again that the transformation formula 


[ff fe y, 8) dady dz =f {fe y, 2) Tanna dududw 
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only acquires full validity when these conventions are adopted, 
O(x, ¥, 2). 
es 
O(u, υ, Ww) 
negative everywhere in the region. For, as we explained for two 
dimensions in Chap. III (p. 151), ἃ mapping of R on Μ΄ with a 
negative Jacobian reverses the orientation. 


since it now continues to hold when the Jacobian 


2. Definition of the Integral over a Surface in Space. 


Having made these preliminary remarks, we can now give a 
general definition of the concept of surface integral. We consider 
a region of xyz-space in which the three continuous functions 
a(z, y, 2), δία, y, z), οἴω, y, 2) are defined as components of a 
vector field A = A(z, y,z). We first consider a surface S which 
has a one-to-one projection on a closed region R of the vy-plane 
and is defined by an equation z= 2(x, y); we assume that this 
surface is given an orientation which is transferred by projection 
on the zy-plane to the region R. We use the letter 2’ to denote 
the unit vector in that direction normal to the surface S which 
in conjunction with the orientation of the surface forms a right- 
handed screw. We now divide the surface S into 7 portions * 
S,, S,,..., S, with areas AS,, AS,,..., AS,. The projections 
of these portions on the zy-plane form a number of sub-regions 
R, of the region R, with areas ΔΙ, AR,, ..., AR,, and these 
regions cover the region R exactly once. We take the areas 
AS, as positive, and accordingly have to assign a positive or 
negative sign to the area AR, according as the projection gives 
a, positive or a negative orientation to the corresponding regions 
R or R, in the zy-plane. The areas AS,, AS, ... , AS, and 
AR,, AR, ..., AR, are connected by an equation of the form 


AR, = gq, AS, , 


where 4, denotes a quantity which tends to the cosine of the 
angle +(x, y, z) between the positive normal direction 7’ and the 
positive z-axis as the diameter of the portion S, approaches 
zero. Now let (z,, y,, 2,) be a point in the v-th sub-region of the 
surface; i.e. z,== 2(x,, y,). Then if the greatest diameter of the 
portions S, (and with it the diameters of the sub-regions R,) 
tends to zero, the sum 


* In this connexion see Chap. IV, section 6 (p. 269). 
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Σ ο(α, Yi» z,)AR, wz, o(Z,, Yi» z,)q,A8, 
pol Ξεῖ 


v 


tends to a quantity which we denote by the symbol 
f f ο(α, y, z)dady 


or 


[ c(x, y, 25) cosy dS. 


We call this expression the surface integral taken over the oriented 
surface S. This limit does actually exist, since we may regard 
the integral as an ordinary integral over the two-dimensional 
oriented region #, namely as the integral 


f{ [edady, 
R 


where the integrand is the function c{a, y, 2(x, y)}. 

For the generalization to which we now proceed and for 
applications it 1s essential that in this integration the region R 
should be regarded as oriented. 

If the surface S also has a one-to-one projection on the 
yz-plane or the 2z-plane, that is, if it can be represented by a 
single-valued function ὦ = a(y, 2) or y = y(2, x), we can in the 
same way define the integrals 


{ I a(x, y, 2)dydz = i [ atxly,2),y,2}dydz = [ [ a(x, y, 2) cosadS 
and 


{ i δία, y, z)dzda = if [ δία, y(2,x),2$dzdx = f [ b(x, ψ,2) cos BAS, 


where &’ and &” are the oriented projections of the oriented 
surface S on the corresponding co-ordinate planes and a and B 
are the angles between the positive normal to the surface and the 
positive 2- or y-axis respectively. 

Adding these expressions, we obtain the general definition of 
the surface integral taken over the surface S, 


f fate, ν, dy de + d(x, y, 2)deda + ο(ω, y, 2)dedy} 
— f{ f {a(a, y, 2) cosa + (x, y, z) cosB + c(z, y, 2) cos γ) 8. 
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If by 0 [On’ we denote differentiation in the direction of the 
unit vector 22) in the positive — direction,* we can also write 


cos a == 


ΞΟ 608 p= cosy = ες 
θη" δ δ ye an” 


and consequently we can express the surface integral in the form 


[fiez toe τεὸς set ds. 


If a, ὃ, c are the components of a vector A, the quantity 
in brackets under the integral sign is the component of the 
vector A in the direction of the positive normal to the surface, 
which we can also write in the form Az’ or 4,.. 

Incidentally, if we think of the surface as given parametrically 
by the equations + = 2(u, v), y= y(u, v), z= 2(u, Ὁ), where the 
oriented surface S corresponds to the oriented region B in the 
uv-plane, we can write the surface integral in the form 


ψ, 2) O(z, x) θ(α, Ἢ 
[flaw nase 2} + Was ψ, 2) 92) + ole, ys 2) 7 dude 
and thus once again express it as an ordinary integral, namely, 
as ἃ double integral over B. 

It is now easy to get rid of the special assumptions about the 
position of the surface S relative to the co-ordinate planes. We 
assume that the oriented surface S can be divided by a finite 
number of smooth arcs of curves into a finite number of por- 
tions S,, S,, ...in such a way that each portion satisfies the 
assumptions made above. The exceptional case in which a 
portion of the surface S or the whole surface S is normal to 
a, co-ordinate plane, so that its projection on that plane is only 
a curve instead of a two-dimensional region, can be dealt with 
by disregarding this projection in the formation of the integral, 
since a double integral vanishes when the region of integration 
shrinks down to a curve. We can now form the surface integral 
for each of the portions S according to the above definition, and 
we can define the integral over the oriented surface S as the sum 
of the integrals thus defined. 

If, for example, the surface S is a closed surface, a sphere, 
say, we recognize that the projections of the various portions S, 


* The letter »’ is used here for the positive normal because n has been used 
for the outward-drawn normal in two dimensions. 
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lie partly above one another and have opposite orientations. If 
the parametric representation ὦ = 2x(u, Ὁ), Y= y(U, υ), 2 = 2(U, v) 
gives a one-to-one mapping of a bounded surface S on an oriented 
region B of the uv-plane, the parametric expression given above 
for the surface integral is always valid; if we make use of this 
parametric expression in defining the surface integral, there is 
no need to subdivide the surface S. 


3. Physical Interpretation of Surface Integrals. 


The concept of surface integral can also be interpreted intuitively in 
terms of the steady flow of an incompressible fluid (this time in three 
dimensions), whose density we take as unity. Let the vector A be the 
velocity vector of this flow; then at each point of a surface S the product 
An’ gives the component of the velocity of flow in the direction of the 
positive normal to the surface; the expression 


An’AS eo AS {a(z,, Yrs zy) cos αν ἘΝ δ(α,; Yvs 2,) cos β ν + C(2,, Yr» zy) cos Yv} 


is therefore approximately equal to the amount of fluid which flows in 
unit time across the element of surface S from the negative side of the 
surface to the positive side (this quantity may of course be negative). 
The surface integral 


f{ [ fadydz + bdedx + ededy} = f [ 4,,45 
5 3 


therefore represents the total amount of fluid flowing across the surface ϑ' 
from the negative side to the positive in unit time. We notice here that 
an important part is played in the mathematical description of the motion 
of fluid by the distinction between the positive and negative sides of a 
surface, i.e. by the introduction of orientation. 

In other physical applications the vector A denotes the force, due to a 
field, acting at a point (x, y, z). The direction of the vector A then gives the 
direction of the lines of force and its absolute value gives the magnitude 
of the force. In this interpretation the integral 


[ [ fadydz + ϑάκάς + edxdy} 
8 


is called the total flux of force across the surface from the negative side 
to the positive. | 


5. Gauss’s TuHrorEM AND GREEN’S THEOREM IN SPACE 


1. Gauss’s Theorem and its Physical Interpretation. 

By means of the concept of a surface integral we can extend 
Gauss’s theorem, which we proved in section 2 (p. 360) for two 
dimensions, to three dimensions. The essential point in the 
statement of Gauss’s theorem in two dimensions is that an integral 
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taken over a plane region is reduced to a line integral taken round 
the boundary of the region. We now consider a closed three- 
dimensional region R in zyz-space and assume—as always—that 
its boundary surface S can be divided into a finite number of 
portions with continuously turning tangent planes. In addition, 
we assume to begin with that each line parallel to a co-ordinate 
axis which has internal points in common with # cuts the 
boundary of R in exactly two points; this last assumption will 
be removed later. 

Let the three functions a(x, y, 2), δία, y, 2), c(x, y, 2), together 
with their first partial] derivatives, be continuous in the region & 
and on its boundary; we take them to be the components of a 
vector field A = A(z, y, τ). We now consider the integral 


Jf JPY? aedyde 


taken over the region R. We suppose that the region R is pro- 
jected on the zy-plane; we thus obtain a region B in that plane. 
If we erect the normal to the zy-plane at a point (2, y) of B and 
if we denote the z-co-ordinates of its point of entrance and point 
of exit by z= z,(z, y), 2 = 2,(2, y) respectively, we can transform 
the volume integral over R by means of the formula 


ff [ fdcdyde = ff dady f fae 


Since f = 0c/dz, the integration with respect to z can be carried 
out, giving | 

*10¢ 
f a, “ἢ = O(2, ψ, 2.) — οἷ, ψ, %) = οι — Cp, 


ze 


so that 


[ffm da dy dz =f feadedy —f fodady. 


If we think of the surface S as positively oriented with respect to 
the region R, then the portion of the surface S consisting of the 
points of entry z= 2,(xz, y) has a positive orientation when pro- 
jected on B, while the portion z = z,(z, y) consisting of the points 
of exit has a negative orientation, Hence the last two integrals 
combine to form one integral 


- [ f ο(α, ἡ, 2) dady 


14 (B 912) 
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taken over the whole surface S. We thus obtain the formula 


[ff dedyae = —f foc. y, z)dxdy. 


This formula obviously remains valid if S contains cylindrical 
portions perpendicular to the zy-plane; for these contribute 
nothing to the surface integral, as the regions obtained by pro- 
jecting them orthogonally on to the xy-plane merely consist of 
curved lines. 

If we obtain the corresponding formule for the components 
a and b and add the three formule, we obtain the general formula 


(fis L, Y, 2) 4 0b(x, ψ, 2) i Oc(z, Y¥, “ de dy de 
oy 02 


=—f [{alc, y, 2dyde + δία, y, 2)dedu + ofa, y, 2)dedy}, 


which is known as Gauss’s theorem. Using the notation of p. 382, 
we can also write this in the form 


[ff eet2.+e)dedyde=—f f (acosa+ bcos B+ ccosy)ds. 


Here the surface is to be positively oriented with respect to R; 
a, B, y are accordingly the angles which the inward-drawn normal 
32, makes with the positive co-ordinate axes. 

This formula can easily be extended to more general regions. 
We have only to require that the region R is capable of being 
subdivided by a finite number of portions of surfaces with con- 
tinuously turning tangent planes into sub-regions R,, each of 
which has the properties assumed above, in particular, is such 
that every line, parallel to an axis, having points 3 in common with 
the interior of R, cuts the boundary of R, in only two points. 
Gauss’s theorem holds for each region ἢ. On adding, we obtain 
on the left a triple integral over the whole region R; on the 
right, some of Be surface integrals combine to form the surface 
integral over S, while the others (namely, those taken over the 
surfaces by which R is subdivided) cancel one another, as we 
have already seen in the case of the plane (pp. 348, 362). Finally, 
we remark that, as before (p. 362), it is sufficient to require that 
the boundary of R consists of a finite number of portions of 
surfaces, each of which has a unique projection on ali three 
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co-ordinate planes, except that cylindrical portions whose pro- 
jections are curves are again permissible. 


As a special case of Gauss’s theorem we obtain the formula for the 
volume of a region R bounded by an oriented closed surface. If, for example, 
we put a= 0, b= 0, c= z, we immediately obtain the expression 


v= f facdyae = — f fedudy 
R 3 
for the volume. 


In the same way, we also obtain the expressions 
=a — f frdyde=— [νάπαι 
8 3 


As in the case of the corresponding formula in the plane, it 
is usual to express Gauss’s theorem in another form. In the 
first place, if a, b,c are the components of a vector field A, 
we can write the expression | 


for the volume.* 


int By T Be 
in the abbreviated form introduced in Chap. II, section 7 (p. 91), 
᾿ da , Οὗ, ὃ6 
divA = +--+. 
᾿ Ox ει oy τ Oz 


In the second place, the discussion on p. 383 enables us to express 
the surface integral as the integral of the normal component A,, 
of the vector A in the direction of the inward-drawn normal »’. 
Thus we obtain the vector form of Gauss’s theorem, 


Jf [div Adedyde = - [ An'ds = -- [{4.48. 


* It is noteworthy that cyclical interchange οὗ 2, y, z in these expressions 
brings about no change of sign, whereas in the case of the corresponding formulx 
for the area of a two-dimensional region the formula 


A =f ady = —f ydz 
+0 +0 


shows that interchanging x and y causes a change of sign in the integral expres- 
sion. This is due to the fact that in two dimensions an interchange of the positive 
x-direction with the positive y-direction reverses the sense of rotation of the 
plane, while in three dimensions a cyclical interchange of the positive co- 
ordinate directions, that is, replacement of 2 by y, of y by z, and of z by ὦ, 
does not change a right-handed system of axes into a left-handed system. 
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In Gauss’s theorem for space, as in the case of the plane, it is 
convenient to introduce the outward-drawn normal instead of 
the positive normal sz’. We denote this normal unit vector by 
22, 80 that 

u=—n', 


and on introducing 22 instead of 22 in our formule we have to 
make corresponding changes of sign. We can now express Gauss’s 
theorem in the following form: 


[J [iv A dedyde =| [4.08 =f [ Ands, 


or, if we denote the cosines of the angles which the outward- 
drawn normal 22 makes with the positive co-ordinate axes by 
Ox Oy Oz 


—, —-, —, we can write 
on On On 


[J fleet b+ eddedyde =f f(a +07 + 0%)as 


As in the case of the plane, we here obtain an intuitive interpretation 
of Gauss’s theorem by taking the vector A as the velocity field of a steady 
flow of an incompressible fluid of unit density. The total mass of fluid 
which in unit time flows across a small surface AS from the interior of R 
to the exterior is given approximately by the expression A, AS, where 
A,, is the component of the velocity vector A in the direction of the 
outward normal # at a point of the surface element. Accordingly, the 

total amount of fluid which flows across a surface S from the inside to 


the outside in unit time is given by the integral f f A,,d8 taken over the 
8 


surface. In this interpretation, therefore, the right-hand side of Gauss’s 
theorem represents the total amount of fluid leaving the region R in unit 
time. This amount of fluid is transformed into the integral of the diver- 
gence throughout the interior of the region R. From this we obtain the 
intuitive interpretation of the expression div.A. Since we have taken 
the flow as incompressible and steady, that is, independent of the time, 
the total amount of fluid flowing outwards must be continuously supplied; 
that is, in the interior of the region there must be sources producing a 
(positive or negative) quantity of fluid. The surface integral on the right 
represents the total flow out of the region 1; if we divide by the volume 
of the region, we obtain the average flow out of R. Lf we think of the 
region & as shrinking to a point, so that its diameter tends to zero, in 
other words, if we carry out a space-differentiation of the integral 


f f{ div. A dxdydz, we obtain the source-intensity at the point under con- 
sideration. On the other hand, this space-differentiation gives the integrand 
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div A at that point, and we thus see that the divergence of the vector A is 
the source-intensity of the steady incompressible flow represented by A. 

Particular interest attaches to cases of flow which are source-free, 80 
that fluid is neither created nor annihilated at any point of the region. 
A flow of this type is characterized by the fact that the equation 


da , 0b , a 
ivA=—+_—+.—=0 
ἽΝ Ox τ oy oz 
is satisfied everywhere. It then follows that for every closed surface 8 the 


integral over S of the normal component if [ A, dS has the value zero. We con- 
5 


sider two surfaces 8, and S,, both 
bounded by the same oriented 
curve C in space, which together 
enclose a simply-connected region 
of space R, and we apply Gauss’s 
theorem to the region R. For the 
positive normal direction on the 
surface 3.» however, we shall take 
the normal pointing towards the 
inside of the region καὶ (as in fig. 11) 
instead of that towards the outside, 
so that the sense of description of 
C in conjunction with the positive Fig. 11 

normal for either surface forms a 

right-handed screw. In Gauss’s theorem, then, we must insert different 
signs for the surfaces S, and S,. We thus obtain 


[ f f div.Adadydz = f f A, as — { [A,d8. 
R Sy ὃς 


Since, by hypothesis, the left-hand side is zero, we have 


f A,,d8 = [ Α,.45. 
81 8: 


In words: if a flow is source-free, the same amount of fluid flows in unit 
time across any two surfaces with the same boundary curve. This amount 
of fluid, therefore, no longer depends on the choice of the surface S with 
the closed boundary curve C. It can therefore only depend on the choice 
of C, and the problem arises how the amount of fluid can be expressed 
in terms of the curve Ο. This question is answered in the next section 
(p. 396) by means of Stokes’s theorem. 


2. Green’s Theorem. 


Just as in the case of two independent variables (p. 366), 
Gauss’s theorem leads to some important consequences, which 
are known as Green’s theorem. 
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We arrive at these formule by applying Gauss’s theorem (in 
vector form) to a vector field A which is given in the special form 
A =ugradv 


and therefore has the components wv,, wv,, uv, Then in & we 
have | 


div A = 2 (uve) + 2 + 5 (un) ἘΦ _ (uv) 


and on the boundary 


Ov 
4, a= Ua. 


Then if we use the familiar symbol 
Av = Vee + Uyy Τ' Vze 


Gauss’s theorem immediately gives us Green’s theorem: 


f f [ (μωῦῳ + Uy + U,V,) dx dy dz 


=—f f fudvdrdyde + f fu as. 


If we apply the same argument to the vector field A = v gradu, 
we obtain the formula 


[ [ J (ea Ἔ Uyy + τωρ.) dx dy dz 


=— ff fodudcdyde + f foas. 


If we subtract this last formula from the first one, we obtain the 
second form of Green’s theorem, 


ff [dv — vdu) )dardy de = ff ue — ot ds. 


3. Application of Gauss’s Theorem and Green’s Theorem in Space. 
1. Transformation of Au to Polar Co-ordinates. 


If in the second form of Green’s theorem we substitute the special 
function v = 1, we obtain 


[ff faudeayae = f f > as. 


v) THEOREMS OF GAUSS AND GREEN 391 


Just as in the plane, we can use this formula to transform Aw to polar 
co-ordinates (r, φ, θ) by choosing for the region R a cell of the polar 
co-ordinate net in space between the co-ordinate surfaces r and r+ ἢ, 
p and 9 + k, 0 and 6-++ 72. We obtain 
1 ὃ afu ὃ : 
Mp [ξυ’ in® o (+) ate sin6)\. 
“pi τ τὶ ar ' nares ee sin 0 + 39 Ὁ 

The calculations, which are analogous to those for the plane case (cf. 
p. 369), are left to the reader. 


2. Space Forces and Surface Forces, 


The forces acting in a continuum may be regarded either as space 
forces or as surface forces. The connexion between these two points of 
view is given by Gauss’s theorem. 

We content ourselves by considering a special case, namely, the force 
in a fluid of constant density, say p = 1, in which there is a pressure 
p(x, y, 2) which in general depends on the point (a, y, 2). This means that 
on every surface element through the point (x, y, 2) the fluid exerts a force 
which is perpendicular to the surface element and has the surface density 
p(x, y, 5). Lf we consider a region R bounded by the surface S and lying in 
the fluid, the volume R will be subject to a force whose total z-component 
is given by the surface integral 


Ox 
—_—_ — 4, 
Ilex 


where 0x/@n is the cosine of the angle between the x-axis and the outward- 
drawn normal to the surface. In the same way, the y- and z-components 
of the total force are given by 


oy 

Vm % as, 
J [Pan 
oz 

2-- -- [5 ds. 


Gauss’s theorem now gives 


= ~ ff fradndy dr, 
B 

Vis — ff [rravdyar, 
Rg 

Z= - ff [randy ae, 
BR 


= — ff fersdpdndy de 
R 


for F, the total force exerted on &. 


and we thus obtain 


392 LINE AND SURFACE INTEGRALS {CHap. 


We can express this result as follows. The forces in ἃ fluid due to a 
pressure p(x, y, 2) may on the une hand be regarded as surface forces 
(pressures) which act with density p(x, y, z) perpendicular to each surface 
element through the point (z, y, 2), and on the other hand as volume 
forces, that is, as forces which act on every element of volume with volume 
density — grad p. 


EXAMPLE 
1*. Let the equations 


y= X( Py, Pas Ps) (t= 1, 2, 3) 


define an arbitrary “ orthogonal ”’ co-ordinate system 7,, Po, ps3 that is, 


Ox, 


if we put a,, = 5,» then the equations 
Pr 


B41 MQ) + Ayy Mag + Ag %o5 = 0 
4143, + AygAgq + A13433 = θ 


e143; + ας. 8 + ἀπε Ags = 0 
are to hold. 


(a) Prove that 


On, Xo 43) 0. Cole 
-.-.τ ““ἴἪἝἪἝ.Ἕ.- = Cy 
ADP, Pos Ps) vi oe 


ἐς = αι + ag,* + ας β, 


where 


(ὃ) Prove that 


(c) Express Au = uz + Uz.a, + Vee, in terms of ,, Po, ps using 
Gauss’s theorem. | 


(ὦ) Express Au in the focal co-ordinates ¢,, t,, ἐς defined in Ex. 6, p. 158. 


6. Stoxss’s THEoREM IN SPACE 


1. Statement and Proof of the Theorem. 


In this section we shall give a discussion of Stokes’s theorem 
for any curved surface. We have already (p. 365) met with 
Stokes’s theorem in two dimensions. 

Let C be a closed sectionally smooth oriented curve in space, 
and let S be a surface, bounded by Οὐ, whose positive normal is 
continuous or sectionally continuous and in conjunction with the 
sense of description of the boundary curve forms a right-handed 
screw. Further, let B be a vector field defined in a neighbour- 
hood of S, with components ¢(z, y, 2), ψίω, ψ, 2), x(%, ψ, 2). 
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Stokes’s theorem then states that 


[{(οαἱ 8,48 = [Bids 


where the are s of the curve C increases in the direction in which 
C is described, and B, is the tangential component of B along C. 
Written in full, Stokes’s formula is 


SG Boe (2-B)eaw+ (S- saa 
on + pdy + xdz). 


This transforms a surface integral taken over the oriented 
surface S into a line integral taken round the correspondingly 
oriented boundary of the surface. 

The truth of Stokes’s theorem can immediately be made 
plausible by the following train of thought. The theorem has 
already been proved for a plane surface (p. 365). Then if S isa 
polyhedral surface composed of plane polygonal surfaces, so that 
the boundary curve C is a polygon, we can apply Stokes’s theorem 
to each of the plane portions and add the corresponding formule. 
In this process the line integrals along all the interior edges of the 
polyhedra cancel, and we at once obtain Stokes’s theorem for 
the polyhedral surface. In order to obtain the general statement 
of Stokes’s theorem we have only to perform a passage to the 
limit, leading from polyhedra to arbitrary surfaces S and to 
arbitrary sectionally smooth boundary curves C. 

The rigorous performance of this passage to the limit, how- 
ever, would be troublesome; having made these heuristic re- 
marks, therefore, we shall carry out the proof by means of a simple 
calculation. 

If for brevity we put 

A = curl 8, 


the components of A are given by 


ox ἘΞ, Wa, y, 2) = — ox aa 
y 


a(x, Ψ, 2) = by 52 C(x, ψ, 2) = τς op 
and (cf. p. 93) 


_ div.A == div curl B= 0. 
ι49 (Ε912) 


394 LINE AND SURFACE INTEGRALS [CHap. 


We take the oriented surface S bounded by the oriented 
curve C and consider the problem of changing the integral 


J [nds =f [(adyde+ bdzdx + cdxdy) 


taken over S into an expression depending only on the boundary 
curve C. To do this, we imagine the surface represented in the 
usual way by two parameters u, v, so that the surface corre- 
sponds to a closed region D in the we-plane. By the general 
rule, the transformation of the surface integral to the Bios D 
gives the expression 


J [Kadyae +- bdzda + cdady} 
=ff [(-- Ὁ Oy Oz ὃ 2) +(#- “x ) (ES Ox ~ 2%) 
J Jo\\ay az] \dudv  dudv dudv sudv 


ἘΞ (3. ay oy Ἦν τα] dudv. 
ὃ dy] \Oudv dudv 
We can transform the expression on the right by collecting the 
terms involving ¢, those in ψ, and those in y. For the terms 
involving ¢, for example, we obtain 
. Of (ou ey ὃν =) — Op (θα Oz ὃ: x). 


dy du dv  dudv dz\dudv dudv 


If to this we add the expression 


__ δφ (= ὃ: ὃς =), 


Ox dudv  oudv/’ 


which is identically zero, the terms involving ¢ in the integrand 
are 


Ox (Op Ox , Opdy , Opdz\ Cx (Odou | Op Oy 6 εὶ 
dv \Ox du dydu az du du\da dv dy dv dz dv 


_ 0h da 04 Oa 


—e -- _—— ---- — 


du dv dv Ow 
In the same way we obtain the two other terms 


Ob Oy dys dy a Ox Oz Ox Oz 


Ou ὃν ov ou Ou dv dv ou 
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in the integrand. The double integral is therefore split up into 
the sum of the mtegrals of the three expressions 


Op, x) A, y) (x, 2) 
O(u, v)’ (u,v) Olu, v) 


taken over the oriented region D, whose boundary curve K has 
an orientation corresponding to that of C. Now by Stokes’s 
theorem for two dimensions (cf. p. 364) we have 


δῴη 0h Ox Ν Ὁ" Oz )- dz, 
Ἔκ: — 5 5) dude = f ὁ, t bs Ὁ). as 


where the integrals are to be taken with corresponding orienta- 
tions and the length of arc s on C increases in the direction in 
which the curve is positively described. If we add this formula 
to the two other corresponding ones, we obtain on the left the 
value of the surface integral and on the right the integral 


dx dy dz 
[ξένο xe) αν 


The expression ¢ a+ ψ Ξι Ἔχ “ however, is just the tangential 


component B, of the vector B in the direction of the oriented 
boundary curve Οὐ, and we thus obtain Stokes’s theorem 


if [Ἕ (curl 8), dS = [ B,ds 


or, written out ᾿ full, 


SINGS selves (zB) aetes (Sf) aa) 
a + dy +. χά). 


This formula is true provided that the vector A= curl B is con- 
tinuous In the region under consideration and that the surface S 
consists of one or more portions each of which can be continuously 
represented as above by parametric equations += 2(u, v), 
y= y(u, v), 2 = 2(u, v) with continuous first derivatives. 
Stokes’s theorem gives the answer to the question raised at 
the end of No. 1 of the preceding section (p. 389). We have seen 
that for a vector field whose divergence is identically zero the 
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integral of the normal component over a surface bounded by a 
fixed curve C depends on the boundary curve C only and not on 
the particular nature of the surface. Since, as we shall prove 
in section 2 of the Appendix (p. 404), every vector field A whose 
divergence is identically zero has the form 


A = curl 8, 


Stokes’s theorem enables us to express the surface integral in a 
form which depends only on the boundary. 


2. Interpretation of Stokes’s Theorem. 


The physical interpretation of Stokes’s theorem in three dimensions 
is similar to that already given (p. 371) for Stokes’s theorem in two dimen- 
sions.* Once again we interpret the vector field B as the velocity field of 


a steady flow of an incompressible fluid, and we call the integral if B,de 
σ 


taken round a closed curve C the circulation of the flow along this curve. 
Stokes’s theorem states that the circulation round a curve is equal to the 
surface integral of the component of the curl in the direction of the positive 
normal to any surface bounded by the oriented curve, the orientation of 
the surface being given by that of the boundary curve. Suppose that we 
apply Stokes’s theorem to a portion of a surface S with a continuously 
turning tangent plane. If we divide this surface integral by the area of the 
portion of surface and then perform a passage to the limit by letting the 
portion of surface and its boundary curve shrink to a point while remaining 
on the large surface S, on the left this process of space-differentiation gives 
us the component of the curl in the direction of the normal at that point 
of the surface to which the boundary curve C has shrunk. We therefore 
see that the component of the curl in the direction of the positive normal 
to the surface is to be regarded as the specific circulation or circulation- 
density of the flow in the surface at the corresponding point, where the 
sense of the circulation and the positive normal together form a right- 
handed screw. 

If we interpret the vector B as the field of a mechanical or electrical 
force, the line integral on the right-hand side of Stokes’s theorem represents 
the work done by the field on a particle subject to the force when it is 
made to describe the curve C. By Stokes’s theorem the expression for 
this work is transformed into an integral over the surface § bounded by 
the curve, the integrand being the normal component of the curl of the 
field of force. 


* The student should note that in two dimensions Gauss’s theorem and 
Stokes’s theorem differ from one another formally by a sign only, while in 
three dimensions both the intuitive interpretation and the formal nature of the 
two theorems are essentially different. 

+ These considerations also show that the curl of a vector has a meaning 
independent of the co-ordinate system and therefore is itself a vector. 
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From Stokes’s theorem we obtain a new proof for the main 
theorem on line integrals in space (cf. also p. 365, footnote). 
The chief question was, what must be the nature of the vector 
field B if the integral of the tangential component of the vector 
taken round an arbitrary closed curve is to vanish? Stokes’s 
theorem yields a new proof of the fact that the vanishing * of 
this line integral is ensured if the curl of the vector field vanishes. 
The vanishing of the curl or, as we shall say, the irrotational nature 
of a vector field is therefore a sufficient condition—and, as we 
know from section 1 (p. 358), also a necessary one—that the 
line integral of the tangential component of the vector round 
any closed curve shall vanish. In this case the vector field B 
can itself, as we know from section 1 (p. 352), be represented as 
the gradient of a function f(z, y, 2): 


B= grad f. 
If the vector field B is not only irrotational but also source-free, 


that is, if its divergence vanishes, then the function / satisfies 
the equation 


div grad f = 0, 
or, in full, 
ον ΟΡ. ΟἿ, 
Δή-- Fat δὴ x= 9. 


For the scalar quantity 7, which as before we call the potential of 
the vector B, we have Laplace’s equation 


Af = 0, 
which we have already met with (p. 93). 


7. Tak CoNNEXION BETWEEN DIFFERENTIATION AND 
INTEGRATION FOR SEVERAL VARIABLES 


It is useful to reconsider, from a single point of view, the facts 
developed in this chapter. 

In the case of one independent variable we regard the reci- 
procal relation between differentiation and integration as the 


* Here, of course, we assume that a surface of the type described above and 
bounded by this curve exists. Since this may lead to difficulties or compli- 
cations—for example in the case of curves with multiple points—the proof of 
the theorem given in section 1 (p. 352) is preferable. 
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fundamental theorem of the differential and mtegral calculus 
(Vol. I, Chap. II, p. 117). For one independent variable this 
fundamental theorem is as follows: if f(z) is a continuous function 
in the closed region a = x ΞΞ ὃ and if F(z) is a primitive of f(z), 
then 


[fede = FQ) — Fa) 


conversely, for every function #(x) with a continuous derivative 
we can construct the corresponding function f(x)= F’(z) im 
the above formula. In the present connexion the essential 
point is the first part of the fundamental theorem, that is, the 
transformation of an integral over a one-dimensional region into 
the expression F(b)-—- F(a) depending only on the boundary 
points, which form, as we may say, a region of zero dimensions. 
In other words, if the integrand is given as the derivative of a 
function F(x), the one-dimensional integral can be transformed 
by means of the function F(x) into an expression depending on 
the boundary only. 

The various integral theorems for regions in several dimen- 
sions now give us something analogous to the fundamental 
theorem for one independent variable. The point in question is 
always that of transforming an integral over a certain region lying 
in the region of the independent variables, no matter whether 
this region of integration is a curve, a surface, or a portion of 
space, into an expression that depends only on the boundary of 
the region. For example, Gauss’s theorem in two dimensions is 


[{[«- -+- 6,)dady = f (ady — bdzx). 


This states that if the integrand of an integral [ [7 ν)άμᾶν 
g 


over a closed region £# is represented in the form 
f(t, y) = A,{2, y) + 5,(z, y), 


then the double integral over the two-dimensional region can be 
transformed into an expression depending only on the one- 
dimensional boundary, namely, into a line integral round the 
boundary curve. Thus Gauss’s theorem reduces the number of 
dimensions of the region of mtegration by 1. Instead of the 
boundary expression F(b) — F(a) considered above, we have a 
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line integral round the boundary of the plane region. Here, of 
course, we cannot speak of a primitive function F. The single 
primitive function is here in a sense represented by the vector 
field with components a(z, y) and δίῳ, y). On the other hand, 
the application of Gauss’s theorem does require that the integrand 
of the double integral shall be expressed by means of the dif- 
ferentiation process, in fact, as the sum of a derivative with 
respect to x and a derivative with respect to y. The requirement 
that the integrand f shall be capable of being expressed in this 
way still allows a great deal of freedom in the choice of the 
primitive vector field (a, b), whereas for ordinary integrands the 
primitive function F(z) is uniquely determined except for an 
arbitrary additive constant.* 

For the case n= 2, besides Gauss’s theorem and Stokes’s 
theorem, which are essentially equivalent to one another, there 
is yet another generalization of the fundamental theorem, namely 
the main theorem on line integrals (p. 352). Within the two- 
dimensional region we have a closed one-dimensional bounded 
manifold, that is, a portion of curve with two end-points, and 
the problem is that of the reduction of this line integral to an 
expression depending only on the boundary. The main theorem 
on line integrals in section 1 (p. 352) states that this reduction 
is possible if, and only if, the mtegrand can be represented by 
means of a primitive function U(x, y) in the form 


é grad U, 


where ¢ is the tangential unit vector and the integration is with 
respect to the length of arc s. The value of the integral is then 
given by the equation 


(é, η) 
[ ἐ grad Uds = Χ(ξ, η) — U(E, no); 
e No 


which obviously corresponds to the state of affairs for n = 1. 


* For a given integrand f(z, y) there are many ways of finding a pair of 
functions a(x, y) and b(z, y) which satisfy the above equation. For example, 
we can take δία, y) as identically zero, or as equal to an arbitrary function, and 
then determine the corresponding function a(x, y) in accordance with the 
equation a, = f — ὃν» choosing for a(z, y) any indefinite integral of the function 
f(x, y) — δνία, y) with respect to 2, y acting as parameter. Every other vector 
field which arises by the addition of an arbitrary divergence-free field to the 
vector field found as above is likewise a primitive vector field. 
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The transformation of the line integral 
[Ἐ (adu + bdy) 
0 


into a boundary expression can therefore be carried out if, and 
only if, the vector A with the components a, ὃ can be represented 
as the gradient of a potential. By comparing this with the 
ordinary fundamental theorem, we see that instead of expressing 
the integrand as the derivative we here express the integrand by 
means of a gradient and that the part played by the primitive 
function is taken by the potential of this gradient. An essential 
difference still remains between this case and the preceding one, 
however, since it is by no means true that the integrand of 
every line integral can be expressed as a gradient in this 
way; on the contrary, this depends on the condition of integra- 
bility a, = b,. 

When there are three independent variables the conditions 
are very similar. By Gauss’s theorem a triple integral over a 
bounded closed three-dimensional region is transformed into an 
integral over the closed boundary, which is a closed unbounded * 
two-dimensional region enclosed in three-dimensional space. The 
transformation is related to the expression of the integrand of 
the triple integral as the divergence of a vector field (a, b, c), and 
to a certain extent this vector field again plays the part of the 
primitive function.t 

With regard to line integrals, the case of three independent 
variables is exactly like that of two independent variables and 
requires no further discussion. 

In the case of three independent variables, the surface in- 
tegral over a two-dimensional region, that is, a surface bounded 
by ἃ space-curve, occupies a position between the line integral 
and the triple integral. Here the condition for the transformation 
of an integral taken over such a surface into an expression in- 
volving the boundary only is given by Stokes’s theorem in section 
6 (p. 393). The process of differentiation by means of which 
the integrand is constructed in Stokes’s theorem amounts to 
the construction of the curl of a vector field, which here takes 
the place of the primitive function. Here again the situation 

* That is, one having no boundary curve. 


Τ᾽ Just as in the case of two independent variables, there are many different 
ways of constructing a primitive vector field corresponding to a given integrand. 
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resembles that in the case of the line integral. In order that the 
integrand of a surface integral 


f [(edy de + bdzdz + οὐ αν) 


may be expressible as the normal component of a curl the con- 
dition a, - ὃν - c, = 0 must necessarily be fulfilled. Thus the 
transformation of the surface integral into a line integral 18 
not always possible. We may remark that the necessary condition 
stated above is in fact a sufficient condition also.* 

The situation is similar if there are more than three inde- 
pendent variables; we need not, however, discuss this here. 


EXAMPLES 


1. Evaluate the surface integral 
f f 2 48 
Pp 


8 
taken over the half of the ellipsoid a + y" | 2 = 1 for which z is posi- 
tive, where ae 


l, m, n being the direction cosines of the outward-drawn normal. 
2. Evaluate the surface integral 


{{π48 


taken over the sphere of radius unity with centre at the origin, where 
H = a,x* + agy* + ας + 8a,2%y? + 3a,y22" + 3a,xv%2?, 


3*, Prove Gauss’s theorem in n dimensions. That is, let B be a region 
in n-dimensional z,...2,-space and let its boundary S be given by an 
equation 

Gay, 22-5 mn) = 9 


such that G <0 in B. Let the functions a,(z,,...,%,), wheret=1,...,%, 
be continuously differentiable in B. Then 


fff (Get + Be) δου ας 


if α, ὅτε μος + ας 350) 45, 
8 ὃν ὃν 


* For the proof of this see section 2 of the Appendix, p. 404. 
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where dS is the element of surface defined in Chap. IV, p. 301, and os, ates 
ν 


are the derivatives of the co-ordinates with respect to the outward 
normal, that is, 


Appendix to Chapter V 


1. Remarks on Gauss’s THEOREM AND StToKEs’s THEOREM 


In Chapter V we proved Gauss’s theorem and Stokes’s theorem 
by starting with multiple integrals and transforming them by 
simple integrations into boundary integrals. We can, however, 
arrive at the formal expressions of these theorems in the reverse 
way. The corresponding transformations, which in themselves are 
instructive, will be briefly discussed here. 

For example, in order to obtain Stokes’s theorem in the plane 
we, consider two fixed points P and Q in the plane, joined by a 


a 


Xo 


Ρ 
Fig. 12 


curve C. This curve C, whose points are represented by means 
of a parameter ¢, 1s supposed to be deformed in such a way that 
during the deformation from its initial position to its final position 
it sweeps out the region & simply. We make this idea analyti- 
cally precise in the following way: let the curve C, which depends 
on the parameter a, be given by the parametric equations 


a= rt,a) y= yl(t,a); ἐρ Stsh, 


where 2(fy, a), y(ty, a) and x(t,, a), y(t,, a) are the co-ordinates of 
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the two fixed points P and Q, which are independent of a. We 
suppose that when a describes an interval ay S a S a, the curve 
describes a closed region R. We assume that the functions 2(é, a), 
y(t, a) have continuous derivatives with respect to ¢ and a and 
also continuous mixed second derivatives 


ry 


dact Tan Oaat = Yass 


and, moreover, that everywhere in the region & except at the 
oz, y) ; 
a(t » @ 
positive. Then the region R, except for the points P and Q, is 
mapped in a one-to-one way on the rectangle ag S a S a, and 
ty) St St, of the af-plane. 

We assume that in the closed region & we are given the two 
functions a(x, y) and (x, y) with continuous partial derivatives, 
and we consider the line integral 


I(a) = [ (a(x, y)dx + δ(α, y)dy) = ies 5s bade 


points P and Q the Jacobian is different from zero, say 


taken along the curve ΟἹ, corresponding to the parameter a. 
Our object is to investigate how this integral J(a) depends on 
the variable a. For this purpose we form the derivative 
4] 
Io =f Uae + ape) + ate δέψογψε + Wag + bya 


according to the rules for differentiating an integral with respect 
to a parameter. On integration by parts we obtain 


[ (day ὄψ,.) dt = [απ,-Ἐ- ,]}.--- [ (asta + διφο) at 
= —f Tart aye. t Oate+ bayedyn)at 


the last formula is obtained if we notice that the hypotheses 
assure that ὦ, and y, vanish at t=¢ and ¢=4#,. It follows 
that 


a“ = [νίψαι — yr) + δεία,ψι — ey.) at, 
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that is, 

(ay τ ας, ὃ.) θ(α, y) dt. 
d(t, a) 


If we integrate this last equation with respect to a between the 
limits ay and a,, we obtain 


Ia) — Ka) =f yi “(ay — be) 


dl(a)_ * 
da 


O(a, y) dida: 

a(t, a) 

or, if we introduce the independent variables z, y on the right 
instead of ¢, a, 


I(a9) ~ Haq) = f { (02 — αὐ) ἀνά. 


On the left-hand side, however, we have simply the line integral 
f(adax + bdy) taken round the boundary curve C,, — C,, of the 
region A, and thus, subject to the assumptions made, we have 
obtained Stokes’s theorem for the plane. 

The reader may be left to deduce Stokes’s theorem in three 
dimensions by the same method. Gauss’s theorem in three 
dimensions may likewise be obtained by starting from a surface 
integral over a bounded surface and deforming this surface in 
such a way that it describes a region R of space. 

It should, however, be pointed out that this way of deducing 
the integral theorems does not give exactly the same results as 
the proofs developed previously. In order to attain the same 
generality we must, e.g., show for Stokes’s theorem in two dimen- 
sions that every region F of the type considered in ὃ 2 (p. 362) in 
the plane can be covered by a family of curves C with the 
required properties of continuity and differentiability. Such a 
proof is possible, but it is so complicated that the previous 
method of proving Stokes’s theorem remains preferable. 


2. REPRESENTATION OF A SOURCE-FREE Vector Frevp as A Curb 


In view of the remarks at the end of Chap. V, section 6, No. 1 
(p. 396), we shall investigate whether every source-free vector 
field, that is, every vector field A for which the expression div.A 
vanishes everywhere in a closed region R of xyz-space, can be 
represented by means of a second vector B according to the 


formula 4 -- «ἢ 8. 
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We shall show that this is actually the case. If a(x, ¥, 2), 
δία, y, 2), cz, y, 2) are the components of the vector A, the 
problem is to find a vector B with components μία, Y, 2), UX, Y, 2); 
w(z, y, z) such that the three equations 
a= Wy— 5 
b= οἱ, — Wy 
C= Vy — Uy 
are satisfied in R. For the sake of simplicity we assume that 
the region R in which the vector A is defined and satisfies the 
condition ας - b,-+ ¢,=0 is a parallelepiped. We can then 
determine the vector B in many ways, e.g. in such a way that 
its third component w(x, y, 2) vanishes everywhere. If we make 
this assumption, we obtain the equations 
a= —2, 
b= u, 
C= Ue — Uy 


The first equation is satisfied if we put 
υ--- - a(x, Y; ὥάξ, 


where Φ and y act as parameters during the integration, and z, 
and subsequently y, are the z- and y-co-ordinates respectively of 
an arbitrary fixed point of R. To satisfy the second equation 
we put 


uf bw, ν, al + als, 9), 
where a(x, y) is a function of ὦ and y as yet undetermined. 
In virtue of the assumption a, -+ b, = —c, we can now satisfy 
the third equation also. We first arrive at the equation 
c= ty — thy = -- [Ἰα,ί, ψ, Ὁ -Ὁ byl, y, ζ)4ζ — μία, y), 
and thus from a, + ὃν = —c, we obtain the further relation 


ο(α, 5: 2) ΞΞΞ ᾿ σία, 9: ζ) ἀζ — a(x, y) aon o(2, Y> 2) — e(@, μ Zo) = a,(2, y), 


which we now use to determine the function a(x, y), putting 
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Cy = —o(z, Y; Zo); 
y 
a=-—]| c(x, ἡ, 2) dn. 
[ “ὦ, ἢ o) dn 
The vector B defined by the functions 


w= f B(x, y, al — ola, η, 29)dn, 


et an, Y; [4 ἀξ, 
w—0 


is a solution of our problem. We at once arrive at the most 
general solution by writing down the three functions 


py 
Ox 

οᾧ 

= 0+ ay’ 
Wan @ 
02 


where @(z, y, z) is an arbitrary twice-continuously differentiable 
function. For we see at once that the vector B’= B+ grad® 
with components (U, V, W) satisfies our condition. Conversely, 
if B’ is any vector which satisfies the condition curl B’ = A, we 
must have curl(B’ — B)= 0. Thus the vector B’ — B is iro- 
tational, and by Chap. V, section 1 (p. 352) can be represented 
as the gradient of a function (2, y, z), so that our statement is 
proved. 


EXAMPLES 


1. Let f(z, y) be ἃ continuous function with continuous first and 
second derivatives. Prove that if 


Lenape =. Soa? ΞΕ 0 
the transformation 


u=f,(t,y), v= [ν(ὦ, y), w= —24+ xf, (xy) + yfy(e y) 
has a unique inverse, which is of the form 


Ὁ -Ξ θείυ, ν), y= συίυ, v), 2= —w+ Ug,,(t, v) “Ὁ υρυίοι, Ὁ). 
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2. Represent the gravitational vector field 


x y Ζ 


---- 


—_— ——-——- You ——__|,,, 4= ———_ > S 
Vetere γιατ το Vere ey 


as a curl. 


MISCELLANEOUS EXAMPLES 


1. Let φ, a, and ὃ be continuously differentiable functions of a para- 
meter ¢, for 0 -Ξ ἐΞΞ 2π, with a(2x)—a(0), δ(2π) Ξε δ(0), φ(Ζ2π) Ξξ φί(0) - 2ηπ 
(nm a rational integer), and let x, y be constants. Interpreting the equa- 
tions 

E=xcosp—ysingo+a, n= ἃ sing+ y cosp + ὃ 


as the parametric equations (with parameter ἐ) of a closed plane curve I, 
prove that | 


4 [ (Edn — nt) = Ale + y%) + Bet Cy + D, 


where 
4=4f do, B= [ (a cosg Ὁ ὃ sing)do, 
c= | (-< sing + booag)de, D= | (aad — bda). 


2*, Let a rigid plane P describe a closed motion with respect to a 
fixed plane II with which it coincides. Every point M of P will describe 
a closed curve of IIT bounding an area of algebraic value S(1/). Denote by 
2nr (n @ rational integer) the total rotation of P with respect to II. Prove 
the following results: 

(ax) If x + 0, there is in P a point C such that for any other point M 
of P we have | 


S(M) = ππομΜὺ + SC); 


(8) If n = 0, then two cases may arise: (6,) there is in P an oriented 
line A such that for every point M of P 


S(M) = »d(M), 


where d(/) is the distance of M from A and 4 is ἃ constant positive factor; 
or else (8,) S(14) has the same value for all the points M of the plane P. 
(Steiner’s theorem.) 


3*. A rigid line-segment AB describes in a plane II one closed motion 
of a connecting-rod: B describes a closed counter-clockwise circular motion 
with centre C, while A describes a (closed) rectilinear motion on a line 
passing through C. Apply the results of the previous example to de- 
termine the area of the closed curve in II described by ἃ point M which 
is rigidly connected to the line-segment AB. 
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4, The end-points A and B of a rigid line-segment AB describe one 
full turn on a closed convex curve I. A point M on AB, where AM = a, 
MB = ὃ, describes as a result of this motion a closed curve I’. Prove 
that the area between the curves Γ and I” is equal to xab. (Holditch’s 
theorem.) 


5*, Prove that if we apply to each element ds of a twisted, closed, and 
rigid curve I’ a force of magnitude ds/p in the direction of the principal 
normal vector (Ὁ. 86), the curve [ remains in equilibrium; 1/p is the cur- 
vature of Γ at ds and is supposed to be finite and continuous at every 
point of I’. (By the principles of the statics of a rigid body we have to prove 


that 
[ 2as=0, [ 1a =0, 
rp ΓῸ ©) 


where 22 denotes the unit principal normal vector of I’ at ds, and x is the 
position vector of ds.) 


6. Prove that a closed rigid surface & remains in equilibrium under a 
uniform inward pressure on all its surface-elements. (If by ’ we denote 
the inward-drawn unit vector normal to the surface-element do and by x 
the position vector of do, the statement becomes equivalent to the vector 


equations 7 
[{{ 2:.4σ = 0, ch [χη 46 = 0.) 
= Σ 


7*, A rigid body of volume V bounded by the surface Σὶ is completely 
immersed in a fluid of specific gravity unity. Prove that the statical 
effect of the fluid pressure on the body is the same as that of a single 
force f of magnitude V, vertically upwards, applied at the centroid C of 
the volume Κ. 


8*, Let p denote the distance from the centre of the ellipsoid & 
x /a® + y?/b? + 22/c? = 1 


to the tangent plane at the point P(z, y, 2), and dS the element of 
area at this point. Prove the relations 


(i) f i 5 pdS = ἀπαδο, (ii) { i 5 Ε dS = a, (b%c? + 2a? + ab?), 


9. An ordinary plane angle is measured by the length of the arc which 
its sides intercept on a unit circle with centre at the vertex. This idea can 
be extended to a solid angle bounded by a conical surface with vertex A 
as follows. The magnitude of the solid angle is by definition equal to the 
area which it intercepts on a unit sphere with centre 4. Thus the measure 
of the solid angle of the domain ὦ ἐξ Ὁ, y20, 220 is 4n/8 = 2/2. 
Now let I be a closed curve, Σ a surface bounded by I, and A 
a, fixed point outside both Γ and Σ. An element of area dS at a point 
M of Σ defines an elementary cone with its vertex at A, and the solid 
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angle of this cone is readily found by an elementary argument to be 
oe? as, 

=" 


where r= AM and 0 is the angle between the vector MA and the normal 
to Σ at M. This elementary solid angle is positive or negative according 
as θ is acute or obtuse. Interpret the surface integral 


cos 8 
o=f 0088 9 
=z 7 


geometrically as a solid angle and show that 
Ω =ff (a — x)dydz + (ὃ — y)dzdz + (ὁ — z)dxdy 
zs [(α--αὴο.οὉ (ὁ --ῳ}"ῈἘῈ (6-- Ὁ} 6 
where (a, 6, 6) and (x, y, z) are the Cartesian co-ordinates of A and M 
respectively. 
10. Prove, first directly and then by interpretation of the integral as 
a solid angle, that 


ΓΟ τα" 


11*. Prove that the solid angle which the whole surface of the hyper- 
boloid of one sheet 
αϑίαῖ + y2/b? — 22/8? = 1 


subtends at its centre (0, 0, 0) is 
Se [; ὺ b? οοϑδφ + α sin? i 
o Ὗ ab? -+ b%c? cos? + a*c* sin* 9 
12. Show that the value of the integral 


Ω-- ff (a ~ x)dydz + (b — y)dzdx + (ὁ — z)dxdy 
2 1 ττο}} Ὁ Ὁ - y+ (6 -- 2” 
is independent of the choice of the surface 2, provided its boundary 
T is kept fixed. By integrating over the outside of the surface, 


prove from this result that if 2 is a closed surface, then Q = 4π or 0, 
according as A(a, ὃ, c) is within the volume bounded by Σ or outside this 


volume. 
13*. Let the surface & be bounded by the closed curve I’ and consider 
the integral 


Qa, ὅ, ο) -{. (a — z)dydz+ (ὃ — _ (ὁ -- 2) ἀκτάν 


(r? = (a — α) + (ὃ -- ψ)ῦ + (ὁ -- 2)), 
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as a function of a, 6, c. Prove that the components of the gradient of Q 
can be expressed as line-integrals as follows: 


δὼ _ f (2—c)dy—(y— b)dz @Q_ rf (u—c)dze— (2—c)dx 
6 TS 


γ ᾿ δῦ 7 
0Q _ ¢ (y— b)dz — (w@ — a)dy 
Oc [ γὃ ; 


(These formule, which have an important interpretation in electro- 
magnetism, can be expressed by the following vector equation 


[x . dx] 
r [x[?’ 


grad ὦ = — 


where x is the vector with components (7 — a), (y — ὃ), (z — c).) 
14*. Verify that the expression 


— 4 ἀκ + 2(“3 --- y®? — 1)dy 
(x? + y? — 1)? + 4y? 


is the total differential of the angle which the segment —1 SxS 1,y= 0, 
subtends at the point (z, y). Using this fact, prove the following result 
by ἃ geometrical argument: 

Let I be an oriented closed curve in the zy-plane, not passing through 
either of the points (—I, 0), (1, 0). Let p be the number of times Γ 
crosses the line-segment —1 <2 «1, y= Ὁ from the upper half-plane 
y > 0 to the lower half-plane y - 0, and n the number of times Γ 
crosses this line-segment from y «0 to y >0. Then 


_ f —4ayda + (535 — γῆ — 1)dy _ i 
: - ἘΣΣΙ ΧΩ 


Thus if I’ is the curve r= 2 cos26 (0 ΞΞ θ ΞΞ 2), in polar co-ordinates, 
© = 0. 
15 **, Consider the unit circle C 


a’ = coso, y’ = sing, z’= 0 (0S φ S 2πῚ 


in the zy-plane. Denote by © the solid angle which the circular disc 
22+ y*? S1, z= 0, subtends at the point P = (2, y, 5). Now let P de- 
scribe an oriented closed curve I’ which does not meet the circle C. Let 
p be the number of times I’ crosses the circular dise 22 + y? << 1, z= 0, 
from the upper half-space z > 0 to the lower half-space z <0, and n 
the number of times I crosses this disc from z << 0 toz > 0. If P starts 
from a point Py on with Q= Q,, then P, describing I (while Q varies 
continuously with P), will return to Py with a value Q= Q,. Prove by 
a geometrical argument that 


or Ως = [40 = ἀπίρ — τ 
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Using the vector equation found above, 
ve [ ΓΡΡ'’4ΡΊ 
ΣΝ" | PP’ | 
(example 13), prove that 
aw —x dx dz’ 
Sf ha lyre ἂν ἂν 
ar ν -- = 
σὺ lPP’P le i. de de’ 
[ [ (2’— x)(dy dz’—dz dy’) + (y’—y)(dz da’ —dadz’) + (2’—2)(dady’— dy dz’) 
2 [2 + (yy + @— 2)” | 
= 4n(p --- n). 
(This repeated line-integral, which is due to Gauss, gives the number of 
times I’ is wound around GC. It should be remarked that its vanishing is 


Fig. 13 


necessary if the two curves 1 and C (thought of as being two strings) are 
to be separable, but not sufficient, as is shown by the example in fig. 13, 
where p = n = 1, yet Γ and C cannot be separated.) 


CHAPTER VI 


Differential Equations 


We have already discussed special cases of differential equa- 
tions in Vol. I, Chap. XI. We cannot attempt to develop the 
general theory in detail within the scope of this book. In this 
chapter, however, starting with further examples from mechanics, 
we shall give at least a sketch of the main principles of the subject. 


1, THe ΠΙΞΕΈΒΕΝΤΙΑΙ, EQuATIONS oF THE MOTION OF A 
PARTICLE IN THREE DIMENSIONS 


1. The Equations of Motion. 


In Vol. I, Chap. V, sections 4, 5 (p. 292), and Chap. XI (p. 502), 
we have already discussed the motion of a particle; we made 
the assumption, however, that this motion takes place along a 
pre-assigned fixed curve. We now drop this restriction and consider 
a mass m which we suppose concentrated at a point with co- 
ordinates (%, y, z). The position vector from the origin to the 
particle has components 2, y, z and we denote it by x. A motion 
of the particle will then be represented mathematically if we can 
find an expression for 2, y, 2 or x as a function of the time ἔ. 
If, as before, we denote differentiation with respect to the time 
t by a dot, then the vector % with components (ὦ, 7, 2) and 
absolute value v = +/(#2 -+ y?-+ 2%) represents the velocity and 
the vector # with the components ὦ), 7, Z represents the accelera- 
tion of the particle. 

We shall not deal with the foundations of mechanics, but 
take the following definitions and facts as our starting-point: 
we call the product of the acceleration vector ἀξ and m the force 
vector f, and accordingly write 

me =f. 
412 


Cuap, VI] MOTION OF Α PARTICLE 413 


The components of this force vector, or, as we briefly say, of the 
force, will be denoted by 


méi= X, 
mij = Y, 
mz = Ζ. 


These three equations are known as Newton’s fundamental equa- 
tions of mechanics. From our preliminary point of view they 
represent nothing but a pure definition of the word force. It 
turns out, however, that in many cases this force vector can 
be determined without reference to the particular motion to 
be studied, a force field in space being previously known from 
physical assumptions. We can then regard the fundamental 
equations from quite a different point of view. They then represent 
conditions which must be satisfied by the acceleration in every 
particular motion if this motion takes place under the influence of 
the given field of force. 

One example of such a field of force is the field of gravity. If we take 
gravity as acting in the direction of the negative z-axis, we know the com- 
ponents of the force to begin with. They are 

Χ -Ξ 0, Y =9@Q, Z= —™g, 
or, in vector notation, 
S = --ῖρ gradz, 
where g is the constant acceleration due to gravity (cf. Vol. I, Chap. V, 
section 4, p. 294). 

Another example is given by the field of force produced by a mass μ 
concentrated at the origin of the co-ordinate system and attracting accord- 
ing to Newton’s law. If r= V(2? + y? + 27) =| x | is the distance of 
the particle (x, y, 2) with mass m from the origin, then in this case the field 
of force is given by the expression 


f= umy grad 
(cf. p. 91), and Newton’s fundamental equations are 
δὲ = wy grad * 
or, in components, ; ἧ 
ἃ τα —uUy > 
ὅτι --μΥξ; 


ἂΣ; 

I 

| 

Ἕ 

-2 
48 
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In general, if 7 is a given field of force, with components 
X(x,y,z), Y(z, y, 2), Z(x, y, 2) which are functions of position, 
the equations of motion 


mk =f 
or 

méi= X, 

mij =— Y, 

mz = Z 


form a system of three differential equations for the three unknown 
functions 2(t), y(t), z(¢). The fundamental problem of the me- 
chanics of a particle is that of the determination of the actual 
path of the particle from the differential equations, when at the 
beginning of the motion, say at the time ¢ = 0, the position of 
the particle (that is, the co-ordinates t= 2(0), ψ0 = y(9), 
2% = 2(0)) and the initial velocity (that is, the quantities ¢ = 2(0), 
Yo = Ψ(0), % = Ζ(0)) are given. The problem of finding three 
functions which satisfy these initial conditions and also satisfy 
the three differential equations for all values of ¢ is known as the 
problem of the solution or integration * of the system of differential 
equations. 


2. The Principle of the Conservation of Energy. 

Before we consider the integration of this system of dif- 
ferential equations in special cases, we shall state a number of 
general facts following from the equations of motion. The concept 
of the work done on the particle by the field of force during the 
motion was mentioned earlier (Chap. V, section 1, p. 350); we 
know that this work is given by the line integral 


f fed = [Δα + Ydy + Zdz) 
taken along the path described by the particle. 
If the field of force can be represented as the gradient of a 
potential, say | 
S= grad ®, 


the work done during the motion is independent of the path 


* This word is used because the solution of such differential equations may 
to a certain extent be regarded as a generalization of the process of ordinary 


integration. 
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and depends only on the initial and final points of the path (cf. 
Chap. V, section 1, p. 350). A field of force which can be repre- 
sented as the gradient of a potential is called, following Helmholtz, 
a conservative * field of force. In such a field of force the equations 
of motion may be written in the vector form 


mx = —grad U, 


where instead of the potential ®, which, it may be pointed out, 
is incompletely determined in that it contains an arbitrary 
additive constant, we introduce the potential energy U = —®. 
In terms of the components the last equation becomes 


ME = —U,, 
mij = —U,, 
méi= —U,. 


Although in general we cannot integrate this system of equations, 
we can deduce another equation from it in which the second 
derivatives do not occur and only the first derivatives of the 
functions 2(é), y(t), 2(t) appear. If we use the vector notation, 
the argument may be carried out as follows. In the equation 
mx = —grad U, we form the scalar product of both sides and 2. 
The left-hand side then becomes the derivative of the expression 
1mx2 = 1mv* with respect to ἐ; the right-hand side is the deri- 
vative of the function —U with respect to ¢ (cf. p. 71), and by 
integration we therefore obtain 


imx*? = —U + ὁ, 
where c is a constant, that is, a quantity independent of the 
time ¢. If we wish to avoid using vector analysis, then we may 
arrive at the same result by multiplying the three equations of 


motion by ὦ, y, 2 respectively and adding; on the left-hand side 
we then have the derivative of the quantity 


ym(i? + y+ 2) 
with respect to ¢. The equation | 
4m( + y+ #)+ ὕ τὸ 


* “ Conservative” in virtue of the theorem of the conservation of energy 
which we shall shortly deduce. 
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thus found is the mathematical expression of the theorem of the 
conservation of energy. We call the expression 


Τ = ξηχ(25 + 9? + 25) = Fm 


the kinetic energy (or energy of motion) of the moving particle, 
and the quantity U the potential energy (or energy of position) 
of the particle. Without going into the physical explanation of 
these concepts, we may mention that our equation has the 
following meaning: 

In the case of motion in a conservative field of force the total 
energy, that is, the sum of the potential energy and the kinetic 
energy, remains constant. 

The way in which this theorem can be used in the actual 
solution of the equations of motion will be shown in the examples 
in the next section. 


3. Equilibrium. Stability. 


The equations of motion, in conjunction with the assumption 
that f= —grad U, 1.6. that the field of force is conservative, now 
enable us to discuss the problem of equilibrium. We say that 
the particle is in equilibrium under the influence of the field of 
force if it remains at rest. In order that this may be the case 
its velocity and its acceleration must both be zero throughout the 
interval of time under consideration. The equations of motion 
therefore give the equations 

grad U = 0 
or 
U,=0, U,=0, Uz,=0 


as the necessary conditions for equilibrium. 

These same equations determine the points at which the poten- 
tial energy U has a stationary value. It is particularly interesting 
to find that α point at which the potential energy U has a proper 
minimum is a point of stable equilibrium. By stability of equili- 
brium we mean that if we slightly disturb the state of equilibrium 
the whole resulting motion will differ only slightly from the state 
of rest.* More precisely, let & and p be any positive numbers. 

* An example is given by a particle which rests under the influence of gravity 
at the lowest point of a spherical bowl which is concave upwards. On the 
other hand, a particle resting at the highest point of a spherical bowl which is 


concave downwards is in “ unstable” equilibrium; the slightest disturbance 
results in a large change of position. 
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Corresponding to R and p we can find two positive numbers ε 
and § so small that if the particle is moved a distance not more 
than ε from the position of equilibrium and started off with a 
velocity not greater than 5, then in the whole subsequent course 
of the motion the point never reaches a distance greater than ἢ 
from the point of equilibrium and never has a velocity greater 
than p. | 

It is a remarkable fact that we can prove this statement about 
stability without integrating the equations of motion. In the 
proof we need only use the assumption that at the position of 
equilibrium in question the potential energy U has a proper 
minimum. For simplicity we assume that the position of equi- 
librium, the point where U has a minimum, is the origin; if not, 
we can make this point the origin by translation of axes. By 
definition the potential energy U involves an arbitrary additive 
constant; for the function U and the function (U + const.) give 
the same field of force, the constant disappearing in the process 
of differentiation. Thus without loss of generality we may take 
the value of the minimum U/(0, 0, 0) as zero. 

About the origin we describe a sphere S, with radius 7; re- 
calling the assumption that U is a minimum, we choose r< ἢ 
so small that everywhere in the interior and on the surface 
of this sphere, except at the origin, the inequality U>0 is 
satisfied. The least value of U on the surface of the sphere we 
call a; by hypothesis, α is positive. It is therefore certain that 
the particle can never reach the surface of the sphere S, as long 
as its potential energy remains less than a. Since U is continuous, 
we can find an e, depending on a, so small that in the sphere 
S, with radius ε about the origin the value of U is at most ja. 
If we start the particle from a point of S,, and give it an initial 
velocity v, so small that for the initial kinetic energy we have 


Τὶ = ymv,2 < $a | 
(in other words, if | v7) |< +/(a/m)), then by the law of the 
conservation of energy we always have ~ 
T+U0=T7,+ Uy) <a. 
Since T is always equal to or greater than zero, we shall always 


have U less than a, and therefore the particle can never reach a 


distance greater than r from the origin. Since U remains greater 
15 (2912) 
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than or equal to zero, T remains less than a throughout the whole 
motion, and for the velocity we always have v <+/(2a/m). In 
virtue of the continuity of U, a tends to zero with r. We can 
therefore choose 7 so small that +/(2a/m) < p (that is, a << 5p*m), 
so that the velocity is always less than p. Thus if the point 
starts inside S, with velocity v,, and if Τ᾿ υρ] <~+/(a/m), it 
always remains within the sphere S, of radius r < αὶ and always 
has a velocity less than p. 


9. EXAMPLES ON THE MECHANICS OF A PARTICLE 


1. Path of a Falling Body. 


As a first example we shall consider the motion of a particle under the 
influence of gravity, taken as acting parallel to the negative z-axis. Newton's 
equations of motion take the form 


mi=0, mj=—0, mz= —mg; 

that is, 
2 Δ 2. 

Mz _o ἦν. 0, @ 

dt? di? di? 
From these equations by integration we find first the corresponding com- 
ponents of the velocity, and then the co-ordinates of the particle itself. 
We at once obtain 


dx dy dz 
— ον - - ᾽ -- = b 9 SS = > 
a wo” ἃι gr ey 


where a, ὃ.» δι are constants; a second integration gives the equations — 


X= ayl + ae, 
y = byt + ὃ.» 
ΖΦ -ΞΈΞ — gi + Cyt +. Coy 


where ας, ὃ.» ὃς also represent constants. The meaning of the six constants 
of integration is found from the initial conditions. Without restricting the 
generality of the mechanical problem, we can choose the co-ordinates in 
such a way that at the time ¢ = 0 the particle is at the origin. Accordingly, 
if we put t= 0 and at the same time x = y = z = 0 in the last equations, 
we at once obtain a, = 6, = ¢,= 0. Moreover, we can assume without 
loss of generality that the initial velocity lies in the xz-plane, so that the 
component 6, of the initial velocity has the value zero. With these assump- 
tions the equation y(é) = Ὁ will hold for all values of ὁ. The trajectory 
(that is, the path of the particle) therefore lies in a fixed plane, namely, 
the xz-plane. If we eliminate the time ¢ from the remaining equations 


z=at, 2= —$g+ ef, 
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we obtain the equation of the trajectory in the form 


9 Cy 
z= — _* gg? — ζ. 
2a,” are 


This curve is a parabola, with its axis parallel to the z-axis and its vertex 
upwards. The co-ordinates of the vertex, which correspond to the maximum 
of the function z, are found by equating the derivative of the right-hand 
side of our equation to zero. For the co-ordinates (z, 2) of the vertex we 
thus obtain the values 


9 _a,%c," Cy Ayty C4" 


2α.2 5 a 9 2g 


The time 7 at which the highest point of the path is reached is determined 
by the equation 


After twice this time, that is, ¢ = 2c,/g, the mass has reached the point 
with co-ordinates x = 2a,¢,/g and z = 0, and thus lies on the horizontal 
line y = 5 = 0 through the initial point. 


2. Small Oscillations about a Position of Equilibrium. 


In section 1, No. 3 (p. 416) we considered the question of the 
stability of equilibrium. The motion of a particle about a position 
of stable equilibrium, corresponding to a minimum of the potential 
energy, can be approximated to in a simple way. For the sake 
of brevity we restrict ourselves to a motion in the xy-plane and 
assume that there is no force acting in the direction of the 
z-axis. We imagine the potential energy in the neighbourhood 
of the origin (which we take at the minimum) expanded by 
Taylor’s theorem in the form 


U = Uy + pat qy + Yaa® + Qbay + cy4) +... 2 


Here p, q and a, 6, ὁ denote the values of the derivatives 
U,, U, and Uy, ἴδεν, Uyy respectively at the origin. In virtue 
of the assumption U, = 0, and since U,(0, 0) = 0, U,(0, 0) = 0, 
the constant term and the linear terms in this expansion dis- 
appear. We now assume that, corresponding to the fact that 
the origin is ἃ minimum, the quadratic terms | 


Uz, y) = 3 (aa? + bay + cy?) 
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form a positively definite quadratic form (p. 205), and that in a 
sufficiently small neighbourhood of the position of equilibrium the 
potential energy U can be replaced with sufficient accuracy by 
this quadratic form Y. With these assumptions the equations 
of motion take the form | 


mx = —gradQ 
or 

mi = —ax — by, 

mij = —ba — cy. 


These can easily be integrated completely if we first rotate the 
z- and y-axes through ἃ suitably chosen angle. For if we consider 
the positively definite form αὐ + 2bxy + cy? = 2Q, we know 
from elementary analytical geometry that by rotating the axes 
through a suitably chosen angle ¢, that is, by making the sub- 
stitution 

x= €cosd— ἡ sing, 

y = Esing + ἡ 0084, 


this expression can be transformed into an expression of the form 
ag? + Bn? = 20, 


where ¢ and 7 are the new rectangular co-ordinates and a and B 
are positive numbers.* In these new co-ordinates the equations 


of motion m# = —grad@ transform into 
mé ΦΩ --αξ, 
mi = — Bn, 


where ἔ, 7 are the new components of the position vector x. 
As in Vol. I, Chap. V, section 4 (pp. 296-7), both these equations 
can be integrated completely. We obtain 


g= Aysiny/* α-- ὦ) 
m 
n= A, sin] B (¢ — c,), 
m 
where ὃ,» 6., A,, Ag are constants of integration which enable us 


* For the equation Q = 1 represents an ellipse, and by suitable choice of ¢ 
the term in zy can be removed. | 
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to make the motion satisfy any arbitrarily assigned initial con- 
ditions. | 
The form of the solution shows that the motion about a 
position of stable equilibrium results from the superposition οὗ 
simple harmonic oscillations in the two “ principal directions ”, 
the £-direction and the 7-direction, the frequencies of these 
oscillations being given by +/(a/m) and «/(8/m). A general dis- 
cussion of these oscillations, which we shall not carry out here, 
shows that the resultant motion may take a great variety of 

forms. 
7) 2 


f 7 


Figs. 1~3.—-Oscillation diagrams 


To give a few examples of these compound oscillations we first consider 
the motion represented by the equations 


ξ = sin(!+ ¢), 


ἢ = sin(t —c). 
By eliminating the time ὁ we obtain the equation 
(E + 7)? sin?c + (ξ — ἡ)2 cos?c = 4 sin*¢ cos*e, 


which represents an ellipse. The two components of the oscillation have the 
same frequency 1 and the same amplitude 1, but a difference of phase 26. 
If this difference of phase successively takes all values between 0 and 7/4, 
the corresponding ellipse passes from the degenerate straight-line case 
ἕξ — ἢ = 0 to the circle &2-+ υ = 1, and the oscillation passes from the 
so-called linear oscillation to the circular (cf. figs. 1-3). 
If as a second example we consider the motion represented by the 

equations | 

ἕξ = sin, 

Ἢ = sin2(t — ο), 


where the frequencies are no longer equal, we obtain oscillation diagrams 
which are decidedly more complicated. In figs. 4, 5, and 6 these figures 
are given for the phase differences c = 0,c = 7/8, andc = 7/4 respectively. 
In the first two cases the particle moves continvously on a closed curve, 
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but in the last case it swings backwards and forwards on an arc of the 
parabola y= 2ξ5 -- 1. The curves obtained by the superposition of 


Th ah 7h 


Figs. 4--6.—Oscillation diagrams 


different simple harmonic oscillations in directions at right angles to one 
another are given the general name of Lissajous figures. 


3. Planetary Motion. 


In the examples discussed above the differential equations 
of the motion can immediately (or after a simple transformation) 
be written in such a way that each of the co-ordinates occurs 
in one differential equation only and can be determined by 
elementary integration. We shall now consider the most im- 
portant case of a motion in which the equations of motion are 
no longer separable in this simple way, so that their integration 
involves a somewhat more difficult calculation. The problem 
in question is the deduction of Kepler’s laws of planetary motion 
from Newton’s law of attraction. We suppose that at the origin 
of the co-ordinate system there is a body of mass μ (e.g. the sun) 
whose gravitational field of force per unit mass is given by the 
vector | 1 
= yw grad ° 


What is the motion of a particle (a planet) under the influence 
of this field of force? The equations of motion are 


Pits ol τ 
eae YR oy 
Y= ΓΜ os 
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In order to integrate them we first state the theorem of con- 
servation of energy for the motion in the form 


dnl? + y+ 2%) — EN — ©, 


where Οὗ is constant throughout the motion and is determined 
by the initial conditions. 

From the equations of motion we can now deduce other 
equations in which only the components of the velocity, not the 
acceleration, are present. If we multiply the first equation of 
motion by y, the second by z, and subtract, we obtain 


ty — xj— 0, or τ (ty — ψα) = 0, 


whence by integration we have 
ry — yt = ον. 
Similarly, from the remaining equations of motion we obtain * 


Y% — ZY = Co, 
χῷ — LZ = Cy. 


These equations enable us to simplify our problem very 
considerably in a way which is highly plausible from the intuitive 
point of view. Without loss of generality we can choose the 
co-ordinate system in such a way that at the beginning of the 
motion, that is, at ¢= 0, the particle lies in the zy-plane and 
its velocity vector at that time also lies in that plane. Then 


* We can also arrive at these three equations using vector notation, if we 
form the vector product of both sides of the equation of motion and the position 
vector x. Since the force vector is in the same direction as the position vector, 
we obtain zero on the right, while the expression [~X] on the left is the 
derivative of the vector [x2] with respect to the time. It therefore follows 
that this vector [xx] = c has a value which is constant in time; this is 
exactly what is stated by the co-ordinate equations above. 

As we see, this equation does not depend on our special problem, but holds 
in genera] for every motion in which the force has the same direction as the 
position vector. 

The vector [xx] is called the moment of velocity and the vector m[ xx] 
the moment of momentum of the motion. From the geometrical meaning of the 
vector product we easily obtain the following intuitive interpretation of the 
relation just given (cf. the subsequent discussions in the text). If we project 
the moving particle on to the co-ordinate planes and in each co-ordinate plane 
consider the area which the radius vector from the origin to the point of pro- 
jection sweeps over in time ἐ, this area is proportional to the time (theorem 
of areas). 
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2(0) = 0, and 2(0) = 0; and by substituting these values in the 
above equation and remembering that the right-hand sides are 
constants, we obtain 

vy — ys =o = ἢ, 

yz a zy = 0, 

ζῶ --- xz = 0. 


From these equations we conclude in the first place that the whole 
motion takes place in the plane z = 0. Since we naturally exclude 
the possibility of a collision between the sun and planet, we may 
assume that the three co-ordinates (x, y, z) do not vanish simul- 
taneously, so that at the time t= 0 at which 2(0) = 0 we have, 
say, z(0) + 0. Now from the last of the three equations above it 


follows that 
4 (2) = ne 
di \x | x 


Therefore z= az, where a is a constant. If we put t= 0 here, 
then from the equations z(0)= 0 and 2(0) + 0 it follows that 
a= 0, so that z is always zero. 

We may therefore base our problem of integration on the two 
differential equations 


4m(a? + g?) — YEN = 0, 


ry — yt = ἢ. 


We next use the equations z= rcos@, y= rsin@ to transform 
the rectangular co-ordinates (x, y) into the polar co-ordinates 
(r, θ), which are now to be determined as functions of ¢ Since 


G2 fg? -- fe 7262, 
and 
Ly — ye = 7°98, 
we have the two differential equations 
2γη(2 + 7262) — a = 0, 
6 = h 


for the polar co-ordinates r, 6. The first of these equations is the 
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theorem of the conservation of energy, while the second expresses 
Kepler’s law of areas. In fact (cf. Vol. I, Chap. V, section 2, 


pp. 273, 275) the expression 4r?6 is the derivative with respect 
to the time of the area swept out in time ¢ by the radius vector 
from the origin to the particle. This is found to be constant, 
or, as Kepler expressed it, the radius vector describes equal areas 
im equal tumes. 

Jf the “‘ area constant” h is zero, θ must vanish, that is, θ 
must remain constant, so that the motion must take place on a 
straight line through the origin. We exclude this special case 
and expressly assume that h + 0. 

In order to find the geometrical form of the orbit, we give 
up thinking of the motion as a function of the time * and consider 
the angle θ as a function of r, or r as a function of 6, and from 
our two equations we calculate the derivative dr/d@ as a function 
of γ. 

If we substitute the value 6 = h/r? from the area equation 
in the energy equation and recall the equation 


= VT Gb 
dt dO 
we at once obtain the differential equation of the orbit in the 
form 
| m [3 (dr\? ἢ ym 
ae (a Ἐπ|- ao 
or 


Ὁ) ἐν at Ht :) 
dé mh? r tf 


To simplify the later ΓΝ we make the substitution 


1 
ΥΞΞ — 
U 


* The course of the motion as a function of the time can be determined 
subsequently by means of the equation © 


"do = h(t — to), 
6. 


in which we suppose that r is known as a function of @ (cf. p. 428). 
δε (£912) 
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and introduce the following abbreviations: 


1] γμ 
p We 
2 
214 20K 
myp> 


The above differential equation then becomes 


(2) ᾿ τὰ τῷ " 5) 


and this can be integrated immediately. We have 
du 

= | S|? 

: J ν(ε"}»" — ὦ — 1/p)*) 


: | Γ 1 : 
or if for the moment we introduce ὦ --- — = v as a new variable, 
| P 


υ 
6, ΞΞΞ | ----------- τς. 
o=J /(e2/p® — 07) 
For the integral (by Vol. I, Chap. IV, section 2, p. 213) we obtain 


the value arc sin, and we thus obtain the equation of the 
€ 


orbit in the form 


= y= “ βἰη(θ -- 0). 
P 


Ἂ 
ἜἘΞ,Ὸ5 


The angle @, can be chosen arbitrarily, since it is immaterial from 
which fixed line the angle θ is measured. If we take 6, = 7/2, 
that is, if we let v = 0 correspond to the value θ = 7/2, we finally 
obtain the equation of the orbit in the form 


P 


f= 'ὃὃ'ἝΖἝὦ., 
1 — ecos@ 


We shall assume that the student already knows from analytical 
geometry that this is the equation in polar co-ordinates of a 
conic having one focus at the origin. 

Our result therefore gives Kepler’s law: the planets move in 
conics with the sun at one focus. 
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_ It is interesting to relate the constants of integration 


h? 2Ch? 
τ". ε5Ξ-:-1-Ὁ 9 


to the initial motion. The quantity » is known as the semi-latus 
rectum or parameter of the conic; in the case of the ellipse and 
the hyperbola it is connected with the semi-axes a and ὦ by the 
simple relation 


aor 


The square of the eccentricity, εἴ, determines the character of the 
conic; it is an ellipse, a parabola, or a hyperbola, according as 
e” is less than, equal to, or greater than 1. 

From the relation 
2Ch? 


my"? 
we see at once that the three different possibilities can also be 
stated in terms of the energy constant C; the orbit is an ellipse, 


a parabola, or a hyperbola, according as C is less than, equal to, 
or greater than zero. 


@=1-+ 


If we suppose that the particle is brought at time t= 0 to the 
point %q in the field of force and is oe started off with an initial velocity 
Xp», then the reiaiion 

C = 1mv,2 — YY" 
2 γι 


gives the surprising fact that the character of the orbit—ellipse, parabola, 
or hyperbola—does not depend on the direction of the initial velocity at 
all, but only on its absolute value v». 


Kepler’s third law is a simple consequence of the other two. 
It states that in elliptic orbits the square of the period bears a 
constant ratio to the cube of the major semi-axis, the ratio depending 
on the field of force only and not on the particular planet. 

If we denote the period by 7 and the major semi-axis by a, 


we should then have 

ΤῈ 
—- = const., 
a3 


where the constant on the right is independent of the particular 
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problem and depends only on the magnitude of the attracting 
mass and on the gravitational constant y. 

To prove this we use the theorem of areas in the integrated 
form 


f fe 40 = h(t — ty), 
θο 


which defines the motion as a function of the time. If we take 
the integral over the interval from 0 to 2, we obtain on the 
left-hand side twice the area of the orbital ellipse, that is, by 
previous results, ὥπαδ, while on the right-hand side the time 
difference ¢ — é, must be replaced by the period 7. Therefore 


Qnrab=hT or 4π3α305 = [3715 


We already know that 4? is connected with the elements a and ὃ 
of the orbit by the relation A?/y. = p= b?/a. Tf we replace fh? in 


2 
the above equations by τ yp, it follows at once that 
a 


which exactly expresses Kepler’s third law. 


EXAMPLES 
1. Prove that as ἐ -ὸ © the velocity «/x? of a planet tends to 0 if its 
orbit is a parabola and to a positive limit if it is a hyperbola. 


2*, A planet is moving on an ellipse, and w = w(t) denotes the angle 
PMP,, where P is the position of the planet at the time ¢, P, its position 
at the time ¢, when it is nearest to the sun S, and M the centre of the ellipse. 
Prove that ὦ and ¢ are connected by Kepler’s equation 


h(t — t,) = ab(w — ε sine). 


3. Prove that a body attracted towards a centre O by a force of mag- 
nitude mr moves on an ellipse with centre O. 


4. Prove that the orbit of a body repelled by a force of magnitude 
f(r), where f is a given function, from a centre O is given in polar co- 


ordinates (7, 8) by 
a= fs [B+ 7 ef f(r)dr — "Ἢ 
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5. Prove that the equation of the orbit of a body repelled with a 


μ : 
force 3 from a centre Ὁ is 


; fe cos(x9 + ¢) for p< i 


᾿ | Ma cosh (x8 + ¢) for p> 
x 
x= Μ ([1 - i |) and ε is a constant of integration. 


3. Furtsaer EXaAMPLes OF DIFFERENTIAL EQUATIONS 


Before discussing the foundations of the theory of differential 
equations, which we shall do in the next section, we shall here 
consider some further examples of problems involving differential 
equations, also arising in part from mechanics. 


1. The General Linear Differential Equation of the First Order. 


In Vol. I, Chap. III, section 7 (pp. 178, 182) we have already 
integrated the equation y’ + ay - b= 0 completely in the case 
where a and 6 are constants. We can, however, also completely 
integrate this “ linear differential equation of the first order ” * 


y +ay+tb=0 


for the unknown function y(x) in the general case where a and ὃ 
are any continuous functions of x. The solution is obtained by 
means of the exponential function and ordinary integration 
(which, however, cannot in general be performed in terms of 
elementary functions). 

We first suppose that b= 0. Then the differential equation 
can be put in the form 


—g=24—-25 1] 
ore ae 
provided that y + 0. From this it follows that 
log | y| = — fa(z)de, 


* The word “ linear” expresses the fact that the unknown function and 
its derivatives are only linearly involved in the differential equation. A differen- 
tia] equation is said to be “‘ of the first order’ when it contains first derivatives 
only and no higher derivatives. 
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and finally, if for brevity we denote any indefinite integral of the 
function a(x) by A(z), 


y= ce7 A) 


where Ο is an arbitrary constant of integration. This formula 
gives a solution even when c= 0, namely y = 0. 

If now 6(z) is not equal to zero, we attempt to find a solution 
of the form 


y = u(x)e- 4), 


where u(x) must be suitably determined.* 


Since A’(x) = a(x), 
y = υἱ(α)6 4M — u(a)a(a)e-@™, 
and for the unknown function u(x) we therefore have the dif- 
ferential equation 
u'(xjeA@) — - , 
from which it follows that 
u(x) = — f b(22)e4™ dar. 
The expression 
ψ() = —e 4 [B(a)e4 de, 

where 


A(x) = f a(a) das 


therefore gives a solution of the differential equation. This solution 
is formed from known functions by means of the exponential 
function and of ordinary processes of integration only. Since the 
function u(x) involves an arbitrary additive constant, we see that 
the expression 


y(2) = 4 (ce — [ (a)e4de), 


where 
A(z) = Ἐ a(x) da, 


gives a solution which still contains an arbitrary constant of 
integration c. This solution really contains only one arbitrary 
constant, although A(z) also involves an additive constant. For 
if we replace A(z) by A(x) + σι, the solution becomes one of 
similar type obtained from the original solution by replacing ὁ 
by ce, | 


* This device is known as ‘ 


‘ variation of the parameter ” (see also p. 445). 
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For example, in the case of the differential equation - 


y+ ry + z= 
we have 


A(x) = | xdx = 42%, Ἱ eA@ (x) da = {το 3 dx = eX'l2, 
and hence the solution 
y = e-*12(¢ — el?) = ce*/2 — 1, 


as we may verify by ditferentiation. 


2. Separation of the Variables. 


The idea which underlies the above solution is that of 
separation of the variables. If a differential equation is of the 
form 

,__ __ a(x) 


By’ 


where a depends on x only and β on y only, it may also be 
expressed symbolically by 


adx-+ Bdy=0 


Or 
adx = —Bdy, 


in which the variables x and y are separated. Introducing the 
two indefinite integrals 


A = fade, B= — | pdy, 


which are obtained by ordinary quadratures, we at once obtain 


d a 
ae) a PY = 0, 


that 18, 
A—-B=c, 


where c is an arbitrary constant of integration. This equation 
may now be imagined as solved for y, and the required solution 
is thus obtained by quadrature. _ 

Another example in which the same idea is applied is the 
so-called homogeneous differentia] equation 


“ἰῷ 


432 DIFFERENTIAL EQUATIONS [Cuap. 


If we take z= y/z, so that y’=az’+ 2, the differential 
equation becomes 


xz’ + 2= f(z), 


or 


“' == f em 


an equation for z in which y does not appear explicitly. Hence 


dz dx 
[π--ἰ-- tg tenet be lal, 


where Ο is an arbitrary constant of integration. Using this equa- 
tion to express z as a function of x, we obtain the required solution. 


Examples.—From ψ' = Y we at once have 
x 


ἂψ dx 
y « 
the solution of which is 
log y | = ὃ. 
x 
Again, the equation 
i nae 
| -ΞΞ χὰ 
gives 
dz z—] 
: = 1 = ] : 
ΓΞ erg at he)? 
hence 
_ ἃ 
ee 
where k is a constant. 
EXAMPLES 


1. Integrate the following equations by separation of the variables: 
(2) (1 -Ἡ y)adx + (1 + 2*)dy = 0. 
(ὃ) ye**da — (1 + 655) ἂν = 0. 
2. Solve the following homogeneous equations: 
(a) yrdx+ α(α — y)dy = 0. 
(6) τὧν ἄχ + («3 -Ὁ y*)dy = 0. 
(c) «3 --- y2 4 2ayy’ = 0. 
(4) (w+ y)da+ (y— α) ἂψ = 0. 
(6) (2? + ay)y’ = V(x — ψ) + ay + νυ 
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3. Show that a differential equation of the form 


ὯΣ jog Ss pedicel ) (a, a, . fe constant) 
a,x + by + cy 


can be reduced to a homogeneous equation as follows. If ab, — a,b + 0, 
we take a new unknown function and a new independent variable 


n=an+by+o, F= ax + dy + ον. 
Lf ab, — a,b = 0, we need only change the unknown function by putting 
y= ax + by 


to reduce the equation to a new equation in which the variables are sepa- 
rated. 
4, Apply the method of the previous example to 
(a) (2% + ἀν + 3)ν' = ὃν + 2+ 1. 
(ὃ) (ὃν — Tx + 3)y’ = 3y — 7. + 7. 
5. Integrate the following linear differential equations of the first order: 


(a) γψ' + ycosxz = cosz sinz. (ὃ) y— i ΕΡΕΒ e*(a2 + 1)", 


x+1 
(c) πίω — 1)γ' + (1 — 2.ὴν + 2? = 0. (d) yf — y= a 
᾿ ᾿ς} 
(6) (1+ a*)y Τ αν τὸ τ τ τὶ 
6. Integrate the equation 
y+y= 


my 


3. Determination of the Solution by Boundary Values. The 
Loaded Cable and the Loaded Beam. 


In the problems of mechanics and the other examples pre- 
viously discussed, we selected from the whole family of functions 
satisfying the differential equation a particular one by means of 
so-called initial conditions, that is, we chose the constants of 
integration in such a way that the solution and in certain cases 
also its derivatives up to the (ἢ --- 1)-th order assume pre- 
assigned values at a definite point. In many applications we 
are concerned neither with finding the general solution nor with 
solving definite initial-value problems, but instead with solving 
a so-called boundary-value problem. In a boundary-value problem 
we are required to find a solution which must satisfy pre-assigned 
conditions at several points and which must be considered in the 
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intervals between those points. Here we shall discuss a few 
typical examples without going into the general theory of such 
boundary-value problems. 


Ex. 1.—The Differential Equation of a Loaded Cable. 


In a vertical zy-plane—in which the y-axis is vertical—we suppose 
that a cable whose (constant) horizontal component of tension is S is 
stretched from the origin to the point 
x=a, y= 6 (cf. fig. 7). The cable 
is acted on by a load whose density per 
unit length of horizontal projection 
is given by a sectionally continuous 
function p(x). Then the sag y(z) of 
the cable, that is, the y-co-ordinate, 
is given by the differential equation 


ν΄ (4) = g(x), where g(x) = τ᾽ 


Fig. 7.—Loaded cable The shape of the cable will then be 

given by that solution y(x) of the 

differential equation which satisfies the conditions 4(0)= 0, y(a) = ὃ. 
The solution of this boundary-value problem can be written down at once, 
since the general solution of the homogeneous equation y’’ = 0 is the 
linear function cy + c,7, and the solution of the non-homogeneous equation 
which, with its first derivative, vanishes at the origin is given by the 


δ. 
integral [Ἕ σίξ)ία — ξ) ἀξ (see below, pp. 441-8). In the general solution 
0 


γ(α) = 6) + ce + f ‘(Ea — E)dE 


the condition y(0) = 0 at once gives cy = 0, and then the condition y(a) = ὃ 
gives the equation 


b= οα + f "g(E)(a — Ede 


for the determination of ¢,. 

In practice, besides this very simple form of boundary-value problem 
a more complicated case occurs, in which the cable is subject not only to 
the continuously-distributed load but also to concentrated loads, that is, 
loads which are concentrated at a definite point of the cable, say at the point 
% = ἄρ. Such concentrated loads we shall consider as ideal limiting cases 
arising as ε > 0 from a loading p(x) which acts only in the interval 2, — ¢ 
to %) -+ ε and for which 

Χο ΚΕ 

᾿ Ne—e 
that is, the total loading remains constant during the passage to the limit 
¢ »0; the number P is then called the concentrated load acting at the 
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point x5. By integrating both sides of the differential equation y” = p(x) /S 
over the interval from z— ε to x-+ « before making the passage to the 
limit ε > 0, we see that the equation y’(z) + ©) — ν΄ (39 — ε) = P/S holds. 
If we now perform the passage to the limit ες > 0, we obtain the result 
that a concentrated load P acting at the point x, corresponds to a jump 
of the derivative y’(z) by an amount P/S at the point 2. 

The following example suffices to show how the occurrence of a con- 
centrated load modifies the boundary-value problem. We suppose that 
the cable is stretched between the points x = 0, y= O0Oandz=l,y=1 
and that the only load is a concentrated load of magnitude P acting 
at the mid-point = 4. According to the above discussion, this physical 
problem corresponds to the following mathematical problem: we have to 
find a continuous function y(x) which satisfies the differential equation 
y” = 0 everywhere in the interval 0 < x < 1, except at the point x = 4, 
which takes the values y(0) = 0, y(1) = 1 on the boundary, and whose 
derivative has a jump of the amount P/S at the point χρ. In order to 
find this solution, we express it in the following way: 


y(t) = az+b for OSe254 
and | 
y(z) =cl—2)+d for 4S5e¢51. 


The condition ¥(0) = 0, y(1) = 1 gives ὃ = 0, d= I. From the condition 
that both parts of the function shall give the same value at the point 
ῳ = 4 we find that 

Za=4c+41. 


Finally, the requirement that the derivative y’ shall increase by the amount 
P/S on passing the point 4 gives the condition 


ee P 
—_ Ss. 
We therefore have the constants 
P P 
— -» — = = ..-- -- —, _ 1, 
a=1 XY τε, c 1 YG ad 


and our solution is thus determined. Moreover, it is easy to show that 
no other solution with the same properties exists. 


Ex. 2.—The Loaded Beam.* 

The situation in the case of loaded beams is very similar (cf. fig. 8). 
Let us suppose that in its position of rest the beam coincides with the 
x-axis between the abscisse x = 0 and x= a. Then it is found that the 
sag y(x) due to a force acting vertically in the y-direction is given by the 
linear differential equation of the fourth order 


γ᾽" = 9(2), 
*¥For the theory of loaded beams cf. e.g. Morley, Theory of Structures 


(Longmans, Green & Co., 1927). 
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where the right-hand side 9(x) is p(z)/EI, p(x) being the density of loading, 
# the modulus of elasticity of the material of the beam (Z is the stress 


Fig. 8.--Loaded beam 


divided by the elongation), and J the moment of inertia of the cross-section 
of the beam about a horizontal line through the centre of mass of the 
cross-section. 

The general solution of this differential equation can at once be ex- 
pressed (p. 446) in the form 

we (GP. 
ψ(α) = ος + cyt + ογαῖ + οραϑ +L [ φ(ξ) “= dé, 

where €p, δι» Cp, Cz are arbitrary constants of integration. The real problem, 
however, is not that of finding this general solution, but that of finding 
& particular solution, i.e. of determining the constants of integration in 
such a way that certain definite boundary conditions are satisfied. If 
e.g. the beam is clamped at the ends, the boundary conditions 


y(0)= 0, y(a)=0, y(0)=0, y(a)=0 


hold. It then follows at once that cy = 6. = 0, and the constants c, and cy 
are to be determined from the equations 


a _ fy 
c,a? + coa® + [ φ(ξ) ιΞ 31 ξ) 


Rowe + Seat + [ φ(Ὁ 5 Ξ 9} ae = 0. 


ἀξ = 0, 


With beams the ocourrence of concentrated loads is again of particular 
interest. As before, we shall think of the concentrated load acting at the 
point x = x, as arising from a loading p(x), distributed continuously over 

xo +e 
the interval xz, — ¢, to %) + εν for which if p(t)d— = P; we again let ¢ 
Xo e€ 
approach zero and at the same time let p(x) increase in such a way that 
the value of P remains constant during the passage to the limit ς > 0. 
P is then the value of the concentrated load at x= 2,. Just as in the 
example above, we integrate both sides of the differential equation over 
the interval from x —e to 2+ ε and then perform the passage to the 
limit ες - 0. It is found that the third derivative of the solution y(:) 
must have a jump at the point ὦ = 2, this jump amounting to 
P 


yx + 0) -- ν΄ (9 — 0) = Er 


Here y(% + 0) means the limit of (x) + h) as f tends to zero through 
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positive values, y(z)— 0) being the corresponding limit from the left. 
Thus the following mathematical problem arises: we attempt to find 
a solution of y*” = 0 which, together with its first and second derivatives, 
is continuous, for which (0) = y(1) = y(0) = y/(1) = 0, and whose third 
derivative has a jump of the amount P/HI at the point = 2» and else- 
where is continuous. 
If the beam is fixed at a point 2 = 2, (cf. fig. 9), i.e. if at this point the 


᾽ 


Fig. 9.—-Sag of beam supported in the middle 


sag has the fixed pre-assigned value y = 0, we can think of the fixation 
as being effected by means of a concentrated load acting at that point. 
By the mechanical principle that action is equal to reaction the value of 
this concentrated load will be equal to the force which the fixed beam 
exerts on its support. The magnitude P of this force is then given at once 
by the formula 

P == Elfy’"(xq + 0) — γ᾽ (20 — 9)}, 


where ψ(α) satisfies the differential equation y*” = P/HI everywhere in the 
interval 0 < ὦ < 1 except at the point x = 2, and in addition also satisfies 
the conditions y(0) = y(1) = y’(0) = y(1) = 0, (xo) = 6, and y, y’, and 
y” are also continuous at x == Xp. | 

In order to illustrate these ideas we consider a beam extending from 
the point 2 = 0 to the point α = 1, clamped at its end-points = 0 and 
x = 1, carrying a uniform load of density p(x) = 1, and supported at the 
point « = ᾧ (cf. fig. 9). For the sake of simplicity we assume that ZI = 1, 
so that the beam satisfies the differential equation 

μὴν = ] 

everywhere, except at the point ὦ = 4. 

As the formula shows, the general solution of the differential equation 
is a polynomial of the fourth degree in x, the coefficient of αὐ being 1/4!. 
The solution will be expressed by a polynomial of this type in each of 
the two half-intervals. For the first half-interval we write the polynomial 
in the form 


y = by + bu + box? + δι + am 
in the second half-interval, in the form 
y = oy + ele — 1) + ele — 1)? + σρία — 1 + Σ (ὦ τ- 1)". 
Since the beam is clamped at the ends x = 0 and a = 1, it follows that 
y(0) = y(1) = ¥(0) = ν΄(1) = 9, 
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whence we obtain 6b) = ὃ, = cg = ¢,= 0. In addition, y(z), y'(2) (x) 
must be continuous at the point x = 3; that is, the values of Ws » ¥ (5), 

ψ΄ (32) calculated from the two polynomials must be the same, ‘and the 
valae of ψ( Σ) must be zero. This gives 


141 141 1 1 
- ὃ ~b —_ = - -- - eae | 

427 gt 59g 48 gO Ὁ oy 

3 1 3 1 

b -b - = -- a --- 

aT 7% t Fe Car 7 es 28 


2b. + 3b — 26. as 903. 


From this we obtain the following values for ὃ,» bg, Cz, δε: 


besiege b= —G = — —, 


96 24 


and the force which must act on the beam at the point x = 4 in order that 
no sag may occur at that point is given by 


G+)-r(t-9)= (6D ὦν) -τὶ 


4. Linear DIFFERENTIAL EQUATIONS 


1. Principle of Superposition. General Solutions. 


Many of the examples previously discussed belong to the 
general class of linear differential equations. A differential 
equation in the unknown function (2) is said to be linear of the 
n-th order if it has the form 


u(x) - ayu"— M(x) + ...+ a,u(x) = f(z), 


where αι, dy, G3, ..., @, are given functions of the independent 
variable x, as is also the right-hand side d(x). The expression on 
the left-hand side we shall denote by the abbreviation L[u] 
(“linear differential expression of the n-th order ”’). 

If d(z) is identically zero in the interval under consideration, 
we say that the equation is homogeneous; otherwise, we say that 
it is non-homogeneous. We see at once (as in the special case of 
the linear differential equation of the second order with constant 
coefficients, discussed in Vol. I, p. 510) that the following principle 
of superposition holds: if u,, τ are any two solutions of the 
homogeneous equation, every linear combination of them, 
U= CU, + Cu, where the coefficients ¢,, c, are constants, 
is also a solution. 
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If we know a single solution v(x) of the non-homogeneous 
equation L[u] = d(x), we can obtain other such solutions by 
adding to (x) any solution of the homogeneous equation. Con- 
versely, any two solutions of the non-homogeneous equation 
differ only by a solution of the homogeneous equation. 

For ἢ = 2 and constant coefficients @,, a, we proved in Vol. I, 
Chap. XI (p. 508) that every solution of the homogeneous equation 
can be expressed in terms of two suitably chosen solutions u,, us, 
in the form ¢,u, + ¢%. An analogous theorem holds for any 
homogeneous differential equation with arbitrary continuous 
coefficients. 

To begin with, we explain what we mean by saying that a 
system of functions are linearly dependent or linearly indepen- 
dent, by means of the following definition: n functions ¢,(2), 
f(x“), ..., $,(2) are linearly dependent if n constants ¢,..., Cy 
exist, which do not all vanish and which satisfy the equation 


οχφχ(α) τὰ Οχφᾳ(α) + eee + CnPn(Z) = 0 


identically, that is, for all values of x in the interval under con- 
sideration. Then if c, ΞΕ 0, say, ¢,(~) may be expressed in 
the form 


φ,.(“) = αιφ,(α) +... + σ,-αΦ,.-χ(α), 


and ¢, is said to be linearly dependent on the other functions. 
If no linear relation of the form 


οχφι(α) + σρφχ(α) +... + Cnn(2) 
exists, the ἢ functions ¢,(x) are said to be linearly independent. 


Ex. 1.—The functions 1, 2, z,..., 2 are linearly independent. 
Otherwise, constants ¢p, ¢,,...,C,-, would have to exist such that the 
polynomial 

Cyt oe... ἀρ αι 


vanishes for all values of x in a certain interval. This, however, is im- 
possible unless all the coefficients of the polynomial are zero. 

Ex. 2.—'The functions e%* are linearly independent, provided 
αι < Age. < My, 

Proof.—We assume that this statement has been proved true for 
(x — 1) such exponential functions. Then if 


ce%* +. csets® 4+... + ¢,e%* = 0 
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is an identity in x, we divide by e%.® and, putting a, — a, = ὃ,» obtain 
cer® + cer® 4... + δ, eon-1% 4. 6, = 0. 


If we differentiate this equation with respect to x, the constant c, dis- 
appears and we have an equation which implies that the (n ~ 1) functions 
ει est, ..., ebn—i® are linearly dependent, from which it follows that 
εὐ e%:%, ..., e%n-1” are linearly dependent, contrary to our original 
assumption. Hence there cannot be a linear relation between the ἢ 
original functions either. 


Ex. 3.—The functions sinz, sin2z, sin3z,..., sinnz are linearly 
independent in the interval 0 < ᾧ Sn. We leave the reader to prove this, 


using the fact that f sin mx sinnz dx = { " is = ἧς (Cf. Vol. I, p. 217.) 
If we assume that the functions ¢,(z) have continuous 
derivatives up to the (η --- 1)-th order, we have the following 
theorem: 
The necessary and sufficient condition that the system of func- 
tions p(x) shall be linearly dependent is that the equation 


ν-. “ὦ be ... φ) |, 
PT ) AL M(a) ... φίσττ() 
shall be an identity in x. In addition the n determinants formed 
from (n— 1) of the functions must not vanish simultaneously at 
any pot. The function W is called the Wronskian of the 
system of functions.* 
That the condition is necessary follows immediately: if we 
assume that Σο,φ,(α) = 0, 


successive differentiation gives the further equations 
Leh; (x) = 0, 


Led "—-Y(a) = 0. 
These, however, form a homogeneous system of n equations, 
which are satisfied by the m coefficients ¢,,...,¢,; hence W, 
the determinant of the system of equations, must vanish. 
That the condition is sufficient, that is, that if W -. Ο the 
functions are linearly dependent, may be proved in various ways. 


*In this proof and the following one a knowledge of the elements of the 
theory of determinants is assumed. 
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One proof is as follows. From the vanishing of W we may deduce 
that the system of equations 


Cd, j+f..-+¢ndo =O 

Od ++...+¢,¢, =0 

οἰ τος ον -Ὲ Cada? = 0 
possesses a solution ¢,, c,,...,¢, Which is not trivial, where 
δι may still be a function of x. Here we may assume without loss 
of generality that c, = 1. Further, we may assume that V, the 
Wronskian of the (n — 1) functions 4), ᾧ.» - - -. Pn 18 not 
zero, for we may suppose that our theorem has already been 
proved for (n — 1) functions; then V = 0 implies the existence 
of a linear relation between ¢,, ¢., .. . » Gn—1, and hence between 


d1, bo: Φ5,. «., Φ,. By differentiating * the first equation with 
respect to x and combining the result with the second, we obtain 


αὐ φι + Coby + + + Cnt Gna = 9; 


| similarly, by differentiating the second equation and combining 
the result with the third, we obtain 


οι φι΄ + οὐ hy’ τ... Cn-1 Pn = 9, 
and so on, up to 
c,h, "-® + Co’ φ,.5 9 ΕΣ ΩΝ ἘΞ rk ie -- 0. 


Since V, the determinant of these equations, is assumed not 
to vanish, it follows that οε΄, c’,..., C,;’ are zero; that is, 
Cy, Cg, +++» Cn, are constants. Hence the equation 


Σοφία) = 0 


does actually express a linear relation, as was asserted. 
We now state the fundamental theorem on linear differential 
equations: 
Every homogeneous linear differential equation 


Llu] = a,(x)u™(x) + a,(z)u™-"Yx) +... + a,u(z) = 0 
*It is easy to see that the coefficients c, are continuously differentiable 


functions of x; for, if the determinant V is not zero, they can be expressed 
rationally in terms of the functions ¢, and their derivatives. 
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possesses systems of n linearly independent solutions u,, Us, .. . , Up: 
By superposing these fundamental solutions every other solution 
u may be expressed * as a linear expression with constant coefficients 
Opies : 
U = LCuU;. 

i=1 

In particular, a system of fundamental solutions can be 
determined by the following conditions. At a prescribed point, 
say x= €, u, 1s to have the value 1 and all the derivatives of τὴ 
up to the (nm — 1)-th order are to vanish; u,, where ὃ > 1, and all 
the derivatives of u; up to the (n — 1)-th order, except the 7-th, 
are to vanish, while the 7-th derivative is to have the value 1. 

The existence of a system of fundamental solutions follows 
from the existence theorem proved in the next section (p. 450). 
It follows from Wronski’s condition, which we have just proved, 
that a linear relation must exist between any further solution 
wu and u,..., Un; for from the equations 


n 
da urd = 
l=0 


n 
Da jusr-9 ἔξ: ἢ (ἡ Ξξ 1, ene y n) 
1-- 0 
it follows that the Wronskian of the (n+ 1) functions 
U, Uy, Ue, ..., Uy, Must vanish, so that wu, uw, Us, ..., Μη are 
linearly dependent. Since u,, ..., ῃ are independent, uw depends 
Imearly on wy, ... 5 Un: 


2. Homogeneous Differential Equations of the Second Order. 
We shall consider differential equations of the second order 
in more detail, as they have very important applications. 
Let the differential equation be 
Liu] = au” + bu’ + cu = 0. 
If u(x), u(x) are a system of fundamental solutions, 
W = ute’ — Ugu,’ is its Wronskian, and Κ΄ = wu,” — 4,u,"'. 
Since 
LiujJ=O and Llu] = 0, 


*Two different systems of fundamental solutions u,, ..., Μη; Vjy.005 ὕῃ 
can be transformed into one another by a linear transformation 


Tt 
Vg = Lez, 
k=1 


where the coefficients cz; are constants and form a matrix whose determinant 
does not vanish. 
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it follows that 
u,L{u,| — ugl[u,| = aW’ + bW = 0. 


Hence by integration 
b 
k+ log| W |= — [ -- ὦ, 
+ log] W] [: 
or 
W = ς6- [245 | 
where c is a constant. This formula is used a great deal in the 
more detailed theory of differential equations of the second 
order. 
Another property worth mentioning is that a linear homo- 
geneous differential equation of the second order can always be 


transformed into an equation of the first order, known as 
Riccati’s differential equation. Riccati’s equation is of the form 


uv  υϑ- qt+r=), 
where v is a function of x; or, in a slightly more general form, 
o -+ p+ qu+r=09, 


_ which is obtained from the first form by putting v= z/p. The 


linear equation is transformed into Riccati’s equation by putting 
u’ = uz, 80 that u” = u’z + uz’ = uz? - uz’, and we have 


az’ + az*-+bz+c=0. 


A third remark: if we know one solution v(x) of our linear 
homogeneous differential equation of the second order, the prob- 
lem is reduced to that of solving a differential equation of the 
first order, and can be carried out by quadratures. In fact, if we 
assume that L{v] = 0 and put w= ζυ, where 2x) is the new 
function which we are seeking, we obtain the differential equation 


az!’y + Qaz'v’ + be'v + 2170] = ave” + (2av’ + bv)z’ = 0 


for z. This, however, is a linear homogeneous differential equation 
for the unknown function 2’ = w; its solution is given on Ὁ. 429. 
From w we then obtain the factor z, and hence the solution u, 
by a further quadrature. 


Example.—The linear equation of the second order 


no 9¥ 4 oY 9 
y ee og 
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is equivalent to Riccati’s equation 
ee Ξοι 
2 Ἢ τῆς ἐν 33 0, 


where z= 4’/y. The original equation has y = ᾧ as a particular solution; 
hence it may be reduced to the equation of the first order 


v2 = 0, 
where v= y/x. That is, v= αα - ὃ. Hence the general integral of the 
original equation is given by 
y = ax? + ba. 


We would expressly emphasize that exactly the same method 
can be used to reduce a linear differential equation of the n-th 
order to one of the (ἢ — 1)-th order, when one solution of the 
first equation is known. 


EXAMPLES 


1. Prove that if a,,...,@, are different numbers and P,(z),..., 
P,(z) are arbitrary polynomials (not identically zero), then the functions 
φχ(“) = Py (xem, ..., φκία) = P,(xz)e%” are linearly independent. 


2. Show that the so-called Bernoulli’s equaiion 
y’ + α(τὴν = O(z)y" (m= 1) 


reduces to a linear differential equation for the new unknown function 
z=y", Use this to solve the equations 


(a) zy’ + y= y' logz. 
(8) ay*(ay’ + y) = αϑ. 
(c) (1 — 2)y’ — ay = aay’. 
3. Show that Riccati’s differential equation 
ψ' + Plx)y* + Ο(αὴν + Riz) = 0 
can be transformed into a linear differential equation if we know a particular 


integra] y, = y,(z). (Introduce the new unknown function u = 1/(y — y,). 
Use this to solve the equation 


y — vy?+24*9—-1=0 
which possesses the particular integral y, = 2. 
4. Find the integrals which are common to the two differential equations 
(α) Y= y+ 2. — αἰ, (6) Y=—y—yt w+ et a. 
5*. Integrate the differential equation 
y = y? + 25 — x 
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in terms of definite integrals, using the particular integral found in Ex. 4. 
Draw a rough graph of the integral curves of the equation throughout the 
vy-plane. 
6". Let ¥4, Yo Ye ¥, be four solutions of Riccati’s equation (cf. Ex. 3). 
Prove that the expression 
σι τ Ys . Y2— Ys 
Μιπ Ya a — 4 
is a constant. 
7. Show that if two solutions, y,(#) and y,(x), of Riccati’s equation are 
known, then the general solution is given by 


y — yy = ely — yale d POs, 


where ¢ is an arbitrary constant. 
Hence find the general solution of 


— y ἴδια = y? οοβῶ — 
y—y y 


COS @ 


which has solutions of the form a cos" z. 

8. Prove that the equations 

(2) (L— α)ν΄ + zy —y=9, 

(Ὁ) ϑυίϑα ~ Vjy” — (4a® + Ly’ + ψίδα + 1) = 0 
have ἃ common solution. Find it, and hence integrate both equations 
completely. 


3. The Non-homogeneous Differential Equation. Method of 
Variation of Parameters. 


To solve the non-homogeneous differential equation 
1] = au +... + a,u = (2) 


it is sufficient, by what we have said on p. 439, to find a single 
solution. This may be done as follows. By proper choice of 
the constants δι, ¢:, ...,¢,, we first determine a solution of 
the homogeneous equation L[u] = 0 in such a way that the 
equations 


u(f)=0, w(é)=0, ..., uw —-AEA=—0, uo“ WAH ΞΞῚ 


are satisfied. This solution, which depends on the parameter €, 
we denote by u(z, £). The function u(x, ξ) is a continuous function 
of é for fixed values of x, and so are its first n derivatives with 
respect to 2 As an example, for the differential equation 
μ΄ + k?u = 0 the solution μία, ξ) has the form sink(x — &)/k, 
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and this fulfils the conditions stated above. We now assert that 
the formula 


υ(α) = f “b(eula, ξ)ἀς 


gives a solution of Z[u] = ¢ which, together with its first ἡ ~ 1 
derivatives, vanishes at the point* z= 0. To verify this state- 
ment we differentiate the function v(x) repeatedly with respect 
to x by the rule for the differentiation of an integral with respect 
to a parameter (cf. Chap. IV, section 1, p. 220), and recall the 
relations 


u(x, 4) = 0, u(x, 2) = 0, ..., Ua, α) = 0, uta, α) = 1 


(where e.g. u(x, x) = Ou(z, €)/Ox for ἔ = =). 
We thus obtain 


(2) = (Eula, | +f bOu'@, Ode =f dO, Ode 
δ τες “Ὁ 0 
va) = φ(ξγω(, +f dua, ἐγαξ -- [φιξω ,δάε, 
g=x “0 0 
vera) = φ(ξγμη θα, 1 + [$EueMe, Bde 
=[ Hen, eg 


v2) = b(Eju"—Y(a, ὃ) i Ἔ [ ᾿φ(ξγυίθ(, ξ)αξ 


= $2) +f ‘H(E)ua, ξ) ἀξ. 


Since L[u(x, ξ)] = 0, this establishes the equation L[v] = ¢(z) 
and shows that the initial conditions 2(0) = 0, v’(0) = 0,..., 
v—(0) = 0 are satisfied. 

The same solution can also be obtained by the following 


* The physical meaning of this process is this. If x = ¢ denotes the time and 
ὦ the co-ordinate of a point moving on a straight line subject to a force (zx), 
the effect of this force may be thought of as arising from the superposition of 
the small effects of small impulses. The above solution u(z, ξ) then corresponds 
to an impulse of amount | at time ¢, and our solution gives the effect of im- 
pulses of amount ¢( £) during the time between 0 and z. We cannot go further 
into the details here. 
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apparently different method. We seek to find a solution u of the 
non-homogeneous equation in the form of a linear combination 
u = Ey,(x)u,(2), 

but now we must allow the coefficients γε to be functions of z. 
On these functions we impose the following conditions: 

γι Uy + γε τ Feet Yn Un = 0 

Ya yt Ye Ue" Ἔ... + nn τὸ 

yk a + γε Ug?) Fecet a 9 = 0. 
From these it follows that the derivatives of u are given by the 


following formule: 


Ὁ" 
U 


= Ly,u, 
ee — Lyi 

ye) —_= Ly ue Ὁ 

μὴ = Dy/ue-Y + Ly. 


Substituting these expressions in the differential equation and 
remembering that L[u] = ¢, we have 


Σγέω τ -- d(x). 


For the coefficients γι we obtain a lmear system of equations, 
whose determinant is W, the Wronskian of the system of funda- 
mental solutions u,, and therefore does not vanish. Thus the 
coefficients y,’ are determined, and hence by quadratures the 
coefficients y,. As the whole argument can be reversed, a solution 
of the equation has actually been found, and in fact all solutions, 
in virtue of the integration constants concealed in the coefficients 
ve 

We leave it to the reader to snow that the two methods are 
really identical, by expressing u(x, £), the solution of the homo- 
geneous equation defined above, in the form 


u(a, ξ) = Za,(é)u,(z). 


The latter method is known as variation of parameters, 
because here the solution appears as a linear combination of 
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functions with variable coefficients, whereas in the case of the 
homogeneous equation these coefficients were constants. 


Ezxample.—We consider the equation 
/ 
an — oe 6 9% — τοῦ, 
x x 


By p. 443, a system of fundamental solutions of the corresponding 
homogeneous equation 


a’ ub 
"_.9° +42 =0 


is given by u, = 2, τς = 2%. Hence if we seek solutions of the form 


“U= γιῖ Ὄ Yor" 9 
we have the conditions 
γε + y2'x* = 0, 
Yr + 2y2'u = χεῦ 
for y, and y,. That is, 
Y1 = — xe”, 2’ = εἷ, 
Hence the genera) solution of the original non-homogeneous equation is 


u == χοῦ + σι + ο,α3, 


4. Forced Vibrations. 


As an application we shall give a brief account of a method for 
dealing with forced vibrations, in which the right-hand side ot 
the differential equation need no longer be a periodic function, 
as in the cases considered in Vol. I, Chap. XI, section 3 (p. 510), 
but may instead be an arbitrary continuous function f(é). For 
the sake of simplicity we restrict ourselves to the case where 
there is no friction and take m= 1 (or, what amounts to the 
same thing, divide through by m). We accordingly write the 
differential equation in the form | 


H(t) + 12x(t) = (0), 


where the quantity «? is what we | previously called k, and the 
external force is denoted by ¢ instead of f. 
According to p. 446, the function 


Fa =* [ Netix Nea 
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is ἃ solution of the differential equation + «x = ¢(t), and satis- 
fies the initial conditions 


F(0)= 0, F(0)=0. 


For the general solution of the differential equation we thus. 
obtain, just as before, the function 


a(t) = : [ 'Φ(λ) sin «(é — A)dA + δι 51} κέ + δ 008 κί 


where ¢, and ¢, are arbitrary constants of integration. 

If, in particular, the function on the right-hand side of the 
differential equation is a purely periodic function of the form 
sinwt or coswt, a simple calculation shows that we again obtain 
the results of Vol, 1, Chap. XI, section 3. 


EXAMPLES 


1". Prove that the linear homogeneous equation 
Ely) = yf + ey D + + Opry’ + On = 0 
with constant coefficients c has a system of fundamental solutions of the 
form xe%k®, where the a,’s are the roots of the polynomial 
fe) = + eget... ty 

2. Integrate the following equations: 

(a) ¥”—y=0. (Ὁ) γ΄" — “ν΄ + by’ — y= 0. 

(c) κ΄" — 8y + 38¥ —~y=0. (4) γ᾽" — 3y" + y= 0. 

(6) aly” + ay’ —- y= 0. 

3. Let | 
ay + ay +...+4,y¥™ = P(x) 


be a linear non-homogeneous differential equation of the n-th order with 
constant coefficients, and let P(x) be a polynomial. Let a) + Ὁ and consider 
the formal identity 

, | | 
ee ee ae ee, a, +bt+5b i. ,ώ. e 
ἄρ t+ ati+...+4,/" , ; ε 
Prove that | 
y = boP(x) + b,P"(x) + ὃ, Ρ΄ (5) +... 
is a particular integral of the differential equation. 

If ay = 0, but a, + 0, then the expansion 


1 
ee τες τ οὐρὰ ἀκα νι. 
a,t + af? + on + a,t” + De + byt + bot + 


16 (£912) 
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is possible. Prove that now 
y= b f P(x) da + b,P(x) -+ b,P’(2) + Ὁ" (ἡ) + es 


is a particular integral of the differential equation. 
4, Apply the method of Ex. 3 to find particular integrals of 


(a) γ΄ ἰ ΚΞ 8.3 -- be, (δ) yp’ Ὁ y = (14+ α)". 
5. A particular integral of the equation 
ay tay’ +... + a,y = ek*P(z), 


where k, do, @,... are real constants and P(x) is a polynomial, can be 
found by introducing a new unknown function z = 2(x) given by 


y = zeke, 


and applying the method of Ex. 3 to the equation in z. 
Use this method to find particular integrals of 


(a) ψ΄ + 4y’ + ὃν = 8ε; (δ) ψ΄ — 2y’ + y = χεῦ. 
6. Integrate the equation 


ν΄ — By! + ὃν = εἴα" — 3) 
completely. 


5. GENERAL REMARKS ON DIFFERENTIAL EQUATIONS 


Although a complete theory of differential equations would 
extend far beyond the compass of this book, we shall here sketch 
at least the elements of a general method for their treatment. 


1. Differential Equations of the First Order and their Geometrical 
Interpretation. 


We begin by considering a differential equation of the first 
order, that is, an equation in which the first derivative of the 
function y(x), but no higher derivative, occurs in addition to x 
and y(x). The general expression for a differential equation 
of this type 1s 

P(x, y, γ) = 0, 


where we assume that the function F is a continuously differen- 
tiable function of its three arguments 2, y, y’. We now attempt 
to visualize the geometrical meaning of this equation. In the 
points of a plane region with rectangular co-ordinates (x, y), 
this equation prescribes a condition for the direction of the 
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tangent to any curve y(x) which passes through this point and 


satisfies the differential equation. We assume that in a certain 
region R of a plane, say in a rectangle, the differential equation 
F(x, y, y') = 0 can be solved uniquely for y’, and thus expressed 


in the form 
ψ' =f (2, y), 


where the function f(z, y) is a continuously differentiable function 
of z and y. Then to each point (z, y) of αὶ this differential equation 
ψ' = f(x, y) assigns a “ direction of advance”. The differential 
equation is therefore represented geometrically by a field of 
directions; and the problem of solving the differential equation 
geometrically consists in the finding of those curves which belong 
to this field of directions, that is, whose tangents at every point 
have the direction pre-assigned by the equation γ' = f(z, 4). 
We call these curves the integral curves of the differential 
equation. 7 

It is now intuitively plausible that through each point (2, y) 
of Καὶ there passes just one integral curve of the differential equa- 
tion ψ' = f(x, y). These facts are stated more precisely in the 
following fundamental existence theorem: 

If in the differential equation y’ = f(x, y) the function f vs con- 
tinuous and has a continuous derivative with respect to y in a region 
R, then through each pownt (Xo, Yo) of R there passes one, and only 
one, integral curve, that 1s, there exists one, and only one, solution 
y(x) of the differential equation for which y(Xo) = Yo. 

We shall return to the proof of this theorem in sub-section 4 
(p. 459). Here we confine ourselves to the consideration of some 
examples. | 


For the differential equation 


which we consider in the region y < 0, say, the direction of the field of 
directions is readily seen to be perpendicular to the vector from the origin 
to the point (x, y). From this we infer by geometry that the circular ares 
about the origin must be the integral curves of the differential equation. 
This result is very easily verified analytically. Yor from the equation of 


these circles, 
y= γ (οἷ — x » 
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it follows at once that 
2 


oe 


which shows that these circles satisfy the differential equation. 
At each point the field of directions of the differential equation 
14 
9 2 
obviously has the direction of the line joining that point to the origin. 
‘Thus the lines through the origin belong to this field of directions and are 
therefore integral curves. As a matter of fact, we see at once that the 
function y = cz satisfies the differential equation * for any arbitrary 
constant c. | 
In the same way we can verify analytically that the differential equations 


μη 
y= (y + 0) 


and 
a 5 
νγ--ἴ ᾳφ9 
are satisfied by the respective families of hyperbolas 
y= V(e + 2), 
eee 
Y=) 


where c is the parameter specifying the particular curve of the family. 


Our fundamental theorem shows in general that differential 
equations of the first order are satisfied by a one-parameter 
family of functions, that is, by functions of ᾧ which depend not 
only on z but also on a parameter ὁ (for example, on c= yy= y(0)); 
as we say, the solutions depend on an arbitrary constant of 
integration. The ordinary integration of a function f(z) is merely 
a, special case of the solution of this differential equation, namely, 
the special case in which f(x, y) does not involve y. All the 
directions of the field of directions are then determined by the 
x-co-ordinate alone, and we see at once that the integral curves 
are obtained from one another by translation in the direction of 
the y-axis. Analytically this corresponds to the familiar fact that 
in indefinite integration, that is, in the solution of the differential 

* At the origin the field of directions is no ionger uniquely defined; this is 


connected with the fact that an infinite number of integral curves pass through 
this “singular point ” of the differential equation. 
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equation y’ = f(z), the function y involves an arbitrary additive 
constant c. 


The geometrical interpretation of the differential equation 
now enables us to carry out an approximate graphical integration, 
that is, a graphical construction of the integral curves, in much 
the same way as in the special case of the indefinite integration of 


py 


11 


Fig. 10.—Directions of the integral curves on the isoclines in fig. 12 
Fig. 11.—Solutions of y’ = Vv (x? + y*)/x by the isoclinal method 


a function of # (Vol. I, pp. 119-21). We have only to think of the 
integral curve as replaced by a polygon in which each side has 
the direction assigned by the field of directions for its initial point 
(or for any other one of its points). Such a polygon can be con- 
structed by starting from an arbitrary point in R. The smaller 
we take the length of the sides of the polygon, the greater the 
accuracy with which the sides of the polygon will agree with the 
field of directions of the differential equation, not only at their 
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initial points but throughout their whole length. Without gomg 
into the proof, we here state the fact that by successively 
diminishing the length of side a polygon constructed in 
this way may actually be made to approach closer and closer 
to the integral curve through the initial point. For this 
process f(a, y) need not be given explicitly; it need only be 
given graphically. 

Such a graphical integration is frequently carried out in 
practice by the so-called isoclinal method. The field of directions 
is represented by joining points with the same direction by 
curves (isoclines), that is, by sketching the family of curves 
f(x, y) = e¢= const. To every value ¢ of this constant there 
then corresponds a definite direction which can, for example, 
be sketched in an auxiliary figure. An integral curve must then 
cut every isocline in the corresponding direction obtained from 
the auxiliary figure, and the construction of the integral curves 
is therefore easily carried out by drawing parallels. 


ἂν 
Fig. 11 shows the graphical integration * of y’ = very Here 


the isoclines are half-lines through the origin. The corresponding directions 


y’ agree with the correspondingly-numbered directions in the auxiliary 
fig. 10. 


2. The Differential Equation of a Family of Curves. Singular 
Solutions. Orthogonal Trajectories. 


The existence theorem shows that a family of curves corre- 
sponds to every differential equation. This suggests the question 
whether this statement is reversible. In other words, does every 
one-parameter family of curves ¢(z, y, c)=0 or y= gi, ¢) 
have a corresponding differential equation . 


F(a, ὕ: ψ) = 0 


which is satisfied by all the curves of the family, and how can we 
find this differential equation? Here the essential point is that c, 
the parameter of the family of curves, does not occur in the 
differential equation, so that the differential equation is in a 
sense a representation of the family of curves not involving a 

* This differential equation can be integrated explicitly by introducing 


polar co-ordinates, but the result of this explicit integration is by no means 
so clear and easy to discuss. 
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parameter. In fact, it is easy to find such a differential equation. 
Differentiating the equation 


P(x, y,c)=0 
with respect to z, we have 
be + dyy = 0. 


If ¢, is not identically zero, and if we eliminate the parameter 
6 between this equation and the equation d= 0, the result is 
the desired differential equation. This elimination is always pos- 
sible for a region of the plane in which the equation ¢ = 0 can be 
solved for the parameter ὁ in terms of x and y. We then have 
only to substitute the expression c= c(x, y) thus found in the 
expressions for ¢, and ¢, in order to obtain a differential equation 
for the family of curves. 


As a first example we consider the family of concentric circles 
xt ty? — c?= 0, from which, by differentiation with respect to z, we 
obtain the differential equation 

at yy’ = 0, 


in agreement with p. 451. 

Another example is the family (ὦ — c)* + y? = 1 of circles with unit 
radius and centre on the z-axis. By differentiation with respect to a we 
obtain 


(= -- ¢) + yy = 0, 
and on eliminating ὁ we obtain the differential equation 
1—y=yy? or y(l+y?)=1. 


_ The family y = (x — c)* of parabolas touching the x-axis likewise leads 
by way of the equation y’ = 2(x — c) to the required differential equation 


y? = dy. 


In the last two examples we see that the corresponding 
differential equations are satisfied not only by the curves of 
the family, but in the first case by the lines y= 1 and y= --ἰ 
also, in the second case by the x-axis y= 0 also. These facts, 
which can at once be verified analytically, follow without calcu- 
lation from the geometrical meaning of the differential equation. 
For these lines are the envelopes of the corresponding family of 
curves, and since the envelopes at each point touch a curve of 
the family, they must at that point have the direction prescribed 
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by the field of directions. Therefore every envelope of a family of 
integral curves must itself satisfy the differential equation. 
Solutions of the differential equation which are found by forming 
the envelope of a one-parameter family of integral curves are 
called singular solutions.* | 

If to each point P of a region R which is simply covered by 
ὃ one-parameter family of curves D(z, y) = c= const. we 
assign the direction of the tangent of the curve passing through 
P, we obtain a field of directions defined by the differential 


equation y’ = — τ (see above). If, on the other hand, to each 


ν 
point P we assign the direction of the normal to the curve passing 
through it, the resulting field of directions is defined by the 
differential equation 


The solutions of this differential equation are called the ortho- 
gonal trajectories of the original family of curves ®(z, y) =. 
The curves ®=c and their orthogonal trajectories intersect 
everywhere at right angles. Hence if a family of curves is given 
by the differential equation y’ = f(z, y), we can find the differential 
equation of the orthogonal trajectories without integrating the 


* It is remarkable that we can find singular solutions of a differential equation 
F(x, y, y’) = Ὁ without integrating the differential equation, that is, without 
having the one-parameter family of ordinary solutions to start from. For we 
recall that by our fundamental theorem the solution of the differential equation 
is uniquely determined in the neighbourhood of a point (x, y) when in this 
neighbourhood the differential equation can be written in the form y’ = f(z, ¥), 
where f(z, y) is a continuously differentiable function. It follows that at the 
points through which both a member of the family and also a singular solution 
pass, such an expression must be impossible. In the neighbourhood of this 
point (2, y) the differential equation F(x, y, y’) cannot have a solution in the 
above form. The theorem on implicit functions in Chap. III, section 1 (p. 117), 
however, states that such a solution is possible if Fy + 0 at the place in question. 
We thus find that a necessary (but by no means a suffictent) condition for a 
point of a singular solution is that the equation 


ὃ 
oy’ 


is satisfied. If we eliminate y’ between this equation and the given differential 
equation, we obtain an equation between x and y which the singular solution 
must satisfy (if it exists). The examples above confirm this rule. Thus from 
the differential equation ¥?(1 + y’*) = 1 we obtain the equation y*y’ = 0 by 
differentiating with respect to y’. From these two relations we have y? = j, 
or y = +1, which are the singular solutions found above. | 


Fi(z,y,y'/) = 0 
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given differential equation, for the equation of the orthogonal 
trajectories 18 
1 


ὅτ Fie, γ᾽ 


In the examples discussed above, from the differential equation satisfied 
by the circles V(2* + y?) Ξε we find that the differential equation of the 
orthogonal trajectories is y’ = y/x. The orthogonal trajectories are there- 
fore straight lines through the origin (see p. 452). 

If p > 0, the family of confocal parabolas (cf. Chap. III, p. 137) 
y* — 2p(x + p/2) = O satisfies the differential equation 


1 
= go + 4/(2* + y*)}. 
Hence the differential equation of the orthogonal trajectories of this 
family is 


=] 
y’ = 


1 
et Veta! 
The solutions of this differential equation are the parabolas 


where p < 0, which are parabolas confocal with one another and with the 
curves of the first family. 


at — 4/(x2 + y*)}, 


3. The Integrating Factor. (Euler’s Multiplier.) 
If we write the differential equation y’ = f(x, y) in the foe 


dy — f(z, y)dxz = 0, 


where dx and dy are the differentials of the independent and 
dependent variables respectively (for the idea of the differential 
see Chap. IT, p. 66), and multiply by an arbitrary non-vanishing 
factor b(a, y), we arrive at an equivalent differential equation of 
the form 


a(x, y)dx +- δία, y)dy = 0. 


The problem of the general solution of the differential equation 
consists in finding a function y(x) such that this differential equa- 
tion for the differentials dx and dy is satisfied identically in 2. 

In one case such a solution can be given immediately; namely, 
when the expression adx-+ bdy is the total differential of a 
ene HOR F(x, y), that is, if a function F(z, y) exists for which 


(8912) 
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a= OF /ox and ὃ = oF /oy. The differential equation then becomes 


dF = 0. 
This is solved if we put 
F(z, y) = ¢, 


where c is an arbitrary constant of integration c, and from this 
equation we calculate y as a function of x and of the constant 
of integration c. 

According to Chap. V (p. 354), a necessary and sufficient 
condition that adz+ bdy may be the total differential of a 
function F is that the condition of integrability δα ὃν = 0b/ex is 
satisfied. If this condition is satisfied, the line integral of the 
expression σας + bdy is independent of the path and for a fixed 
initial point P, represents a function F(z, y) of the end-point 
P with co-ordinates (x, y), and this function F gives us the 
above solution. 

In general, the coefficients a and 6 of a differential equation 
adz + bdy = 0 do not satisfy the condition of integrability. This 


is true e.g. for the differential equation dx + 9 dy= 0. Wecan 
x 


then attempt to multiply the differential equation by a factor 
μία, y) which is chosen in such a way that after the multiplication 
the coefficients do satisfy the condition of integrability, so that 
the differential equation can be solved by evaluating a line 
integral along a particular path, that is, by a simple integration. 
In our example p(x, y) = ἃ is such a factor. It leads to the 
differential equation ας -+ ydy = 0, the left-hand side of which 
is the differential of the function ξ(ω - y*). Thus in agreement 
with the previous result on p. 451 the solutions of the differential 
equation are the circles 2? + y? = 26. 

In general, such a factor p(x, y), which we call an integrating 
factor or multiplier of the differential equation, is determined by 
the condition that 


δ, (μα) = (ub) oF any τ- bite + (αν ~ bal = 0. 


The still unknown integrating factor p(x, y) is therefore itself 
determined by an equation involving derivatives, and im fact 
partial derivatives with respect to x and y. Thus the finding of 
an integrating factor is not in theory any simpler than the 
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original problem. Nevertheless, in many cases such a factor is 
easily found by trial and error, as in the above example. The 
integrating factor, however, is chiefly of theoretical interest, 
and we shall not discuss it further here. 


4. Theorem of the Existence and Uniqueness of the Solution. 


We now prove the theorem of the existence and uniqueness 
of the solution of the differential equation y’ = f(z, y) which 
we stated on p. 451. Without loss of generality we can assume 
that for the solution y(x) in question we have y(0) = 0, for other- 
wise we could introduce y— y,= ἡ and ὦ -- 0 Ξξ € as new 
variables and should then obtain a new differential equation, 
dy ἀξ = f(E + Xo, 7+ Yo), Of the same type, to which we could 
apply our argument. 

In the proof we may confine ourselves to a sufficiently small 
neighbourhood of the point z= 0. If we have proved the exis- 
tence and uniqueness of the solution for such an interval about 
the point x = 0, we can then prove the existence and uniqueness 
for a neighbourhood of one of its end-points, and so on. 

We first convince ourselves that there cannot be more than 
one solution of the differential equation satisfying the initial 
conditions. For if there were two solutions y,(z) and y,(x), for 
the difference d(x) = y, — y, we should have 


d'(x) = f(a, y(x)) — f(x, Yo(z)). 


By the mean value theorem the right-hand side of this equation 
can be put im the form (y, — y¥2)f,(z, 7) = d(x) f(x, 9), where 7 
is a value intermediate between y, and y,. In a neighbourhood 
| «| <a of the origin y, and y, are continuous functions of ὦ 
which vanish at x= 0. Let ὃ be an upper bound of the absolute 
values of the two functions m this neighbourhood, so that 
| ¥| 6 whenever {[x{ <a. Moreover, by M we shall mean a 
bound of | f,| in the region |x| <a, |y|<6. Finally, let D 
be the greatest value of | d(x)| in the interval |z|<a. We 
suppose that this value is assumed at x= €. Then 


| d(x) | = | da) f(a, 9) | S DM, 


and therefore 


D=|d£)| = | [ “d(a)de 


s|€|DMsaDM 
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We can choose ὦ so small that aM <1, for if | f,(z, y)| is 
less than M in a region | «| Sa, | y| S ὃ, it continues to be less 
than M in every region obtained by reducing a. But if aM <1, 
from D=aMD it follows that D=0. ‘That is: in such an 
interval |x| <a we have * y,(x) = y,(2). 

By a similar integral estimate we arrive at a proof of the 
existence of the solution. We construct the solution by a method 
which is also important in applications, in particular, in the 
numerical solution of differential equations. This is the process 
of iteration or successive approximation. Here we obtain the 
solution as the limit function of a sequence of approximate 
solutions y,(z), ¥,(%), yo(z),... . As a first approximation y,(z). 
we take y)(z) = 0. Using the differential equation, we take 


νι(ο) =f T(E, O)dé 


as the second approximation: from this we obtain the next 
approximation ¥,(2%), 


y(e) =f T(E ψι(ξ))άξ, 


and in general the (n +- 1)-th approximation is obtained from the 
n-th by the equation 


ψ,(α) = ἢ T(E γι «(δ)άξ. 


If in an interval | «| < a these approximating functions converge 
uniformly to a limit function y(x), we can at once perform the 
passage to the limit under the mtegral sign, and for the limit 
function we obtain the equation 


ya) =f f(é yo) dé, 


from which it follows by differentiation that y’ = f(x, y), so that 
y 1s actually the required solution. 

We carry out the proof of convergence for a sufficiently small 
interval |x| <a by means of the following estimate. We put 
Ynii(%) — ψρ(α) = d,{x) and by D, denote the maximum of 
| d,(x) | in the interval | x| <a. 

* The root idea of this proof is the fact that for bounded integrands inte- 


gration gives a quantity which vanishes to the same order as the interval of 
integration, as that interval tends to zero. 
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From the equation 
d;(X) = γένη — Yn =F (2; Yn) — 7, Yn-1) 
the mean value theorem gives 
a,,(x) = dn (x)f, y(@, Gn-1(%)), 
where ὕ,.- is a value intermediate between y, and y,-,. Let the 
inequalities | f,(x, y)| SM, | f(x, y)| SM, hold in the rect- 
angular region |x| <a, |y|< 0b. If we assume that for the 


function y, the relation | y, | S ὃ holds in the interval | z| Sa, 
then by the definition of y,;, we have 


[FG yal AE 


We shall therefore choose the bound a for «x so small that 
aM, <b. Then in the interval | z| <a we shall certainly have 
| Yn+1(v) | Sb. Since for yo(x) = 0 it is obvious that | ¥)| 3 ὁ, 
in the interval | «| Sa we have | y,(x)| 6 for every n. Hence 
im the equation 


<|a¢|M,sSaM,. 


| Ynty(L) | —_ 


An+1(Z) =f Fé. Gn €)) d,(&) ἀξ 


we may estimate the integral on the right by using [0 3 Η, 
and for the maximum D,,, of | d,4,(z) | in the interval [2 | Sa 
we thus at once obtain 


Dass Ss aM D,,. 


We now take a so small that aM < ῳ <1, where q is a fixed 
proper fraction, say g= 3. Then Dai, Sq), Sg" Do. 
Let us now consider the series 


d(x) + d(x) + do(z) 4+ ...+ ἀ,.-χ(α) +... . 


The n-th partial sum of this series is y,(x). The absolute value 
of the n-th term is not greater than the number D,.g"-! when 
|%| <a. Our series is therefore dominated by a convergent 
geometric series with constant terms. Hence (cf. Vol. I, p. 392) 
it converges uniformly in the interval | x| < a to a limit function 
y(z), and thus we see that an interval | z| <a exists in which 
the differential equation has a unique solution. 

All that now remains to be shown is that this solution can 
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be extended step by step until it reaches the boundary of the 
(closed bounded) region R in which we assume f(z, y) to be 
defined. The proof so far shows that if the solution has been 
extended to a certain point, it can be continued onward over 
an x-interval of length a, where a, however, depends on the 
co-ordinates (x, y) of the end-point of the portion already con- 
structed. It might be imagined that this advance a diminishes 
from step to step so rapidly that the solution cannot be ex- 
tended by more than a small amount, no matter how many steps 
are made. This, as we shall show, is not the case. 

Suppose that Fk’ is a closed bounded region entirely within 
R. Then we can find a ὦ so small that for every point (%, yo) 
in R’ the whole square xz,—-b Sx Sa+by—bSySyt+6 
lies in R. If by M and M, we denote the upper bounds of | f,(z, y) | 
and | f(«, y) | in the region R, then we find that in the preceding 
proof all the conditions imposed on ὦ are certainly satisfied if 
we take a to be, say, the smallest of the numbers ὁ, 1/2M, and 
b/M,. This no longer depends on (20; Yo); hence at each step 
we can advance by an amount ὦ which is a constant. Thus we 
can proceed step by step until we reach the boundary of R’. 
Since R’ can be chosen as any closed region in R, we see that the 
solution can be extended to the boundary of R. 


5. Systems of Differential Equations and Differential Equations 
of Higher Order. 


Many of the above arguments extend to systems of differentia] 
equations of the first order with as many unknown functions of 
g as there are equations. As an example of sufficient generality 
we shall here consider a system of two differential equations for 
two functions (x) and 2(2), 


γ' = f(z, Y; 2), 
Zz = σία, ψ, 2). 


We again assume that the functions f and g are continuously 
differentiable. This system of differential equations can be 
interpreted by a field of directions in zyz-space. To the point 
(x, y, 2) of space a direction is assigned whose direction cosines 
are in the ratio dx: dy:dz—1:f:g. The problem of integrating 
the differential equation again consists, geometrically speaking, 
in finding curves in space which belong to this field of directions. 
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As in the case of a single differential equation, we again have 
the fundamental theorem that through every point of a region 
R in which the above functions are continuously differentiable 
there passes one, and only one, integral curve of the system of 
differential equations. The region R is covered by a two-para- 
meter family of curves in space. These give the solutions of the 
system of differential equations as two functions y(x) and 2(z) 
which both depend on the independent variable x and also on 
two arbitrary parameters c, and c,, the constants of integration. 

Systems of differential equations of the first order are par- 
ticularly important in that equations of higher order, that is, 
differential equations in which derivatives higher than the first 
occur, can always be reduced to such systems. 


For example, the differential equation of the second order 
ν΄ = A(z, y, ν᾽ 


can be written as a system of two differential equations of the first order. 
We have only to take the first derivative of y with respect to 2 as a new 
unknown function z and then write down the system of differential equations 


y = 2, 

z= h(x, y, 2). 
This is exactly equivalent to the given differential equation of the second 
order, in the sense that every solution of the one problem is at the same 
time a solution of the other. 

The reader may use this as a starting-point for the discussion of the 

linear differential equation of the second order, and thus prove the funda- 
mental existence theorem for linear differential equations. 


Here we cannot enter into further discussion of these questions, 
and for illustrations of these general remarks we shall merely 
refer to the differential equations of the second order which we 
have dealt with above (cf. pp. 442, 448). 


6. Integration by the Method of Undetermined Coefficients. 


In conclusion, we mention yet another general device which 
can frequently be applied to the integration of differential equa- 
tions. This is the method of integration by power series. We 
assume that in the differential equation 


y’ = f (2, ψ) 


the function f(z, y) can be expanded as a power series in. the 
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variables x and y and accordingly possesses derivatives of any 
order with respect to 7 and y. We can then attempt to find the 
solutions of the differential equation in the form of a power series 


y= Cot coxe+ cox? +... 


and to determine the coefficients of this power series by means 
of the differential equation.* To do this we may e.g. proceed by 
forming the differentiated series 


y’ = ¢, + 2cor + 3egz7+4+..., 


replacing y in the power series for f(z, y) by its expression as 
ἃ power series, and then equating the coefficients of each power 
of x on the right and on the left (method of undetermined co- 
efficients). Then if cg=c is given any arbitrary value, we can 
attempt to determine the coefficients 


Ci, Cos Cys Sgn oo: 

successively. | 

The following process, however, is often simpler and more 
elegant. We assume that we are seeking to find that solution 
of the differential equation for which y(0) = 0, that is, for which 
the integral curve passes through the origin. Then co>= c= 0. 
Tf we recall that by Taylor’s theorem the coefficients of the 
power series are given by the expressions 


1 
ΡΞ yl y(0), 
vi 


we can calculate them easily. In the first place, c, = y’(0) = (0, 0). 
To obtain the second coefficient ὦ we differentiate both sides of 
the differential equation with respect to x and obtain 


ya) =f, + hy: 


If we here substitute x = 0 and the already known values y(0) = 0 
and y’(0)=/(0, 0), we obtain the value y’’(0) = 2c,. In the same 
way we can continue the process and determine the other co- 
efficients Cs, ¢,,..., one after the other. . 

It can be shown that this process always gives a solution if 


* The first few terms of the series then form a polynomial of approximation 
to the solution. To a certain extent, therefore, the method is the analytical 
counterpart of the approximate graphical integration mentioned on p. 463. 
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the power series for f(x, y) converges absolutely in the interior 
of a circle about «= 0, y= 0. We shall not give the proof here. 


EXAMPLES 


1. Verify that the left-hand sides of the following differential equations 
are total differentials, and integrate the equations: 


(a) (8.3 + 6xy?)da + (θα + 4y°)dy = 0. 
xdx + ydy ydx—ady _ 4 


O Vitetp ty 


2. Show how to solve the equation Mdx + Ndy = 0, where M and N 
are homogeneous functions of the same degree. 


3. Integrate the equation 
(xy? — y°)dx + (1 — ay*)dy = 0, 
which has an integrating factor independent of z. 
4, Integrate the equation 
2y> da + (3xy* — 1)dy = 0, 
and from its general integral state an integrating factor. 


5. Let 
f (@, y, ¢) = 0 

be a family of plane curves. By eliminating the constant δ between this 
and the equation 

δὲ. af, 

Grad yo, 

δὲ Ἔ by " 
we get the differential equation 

F(z, y, y'/) = 9 
of the family of curves (cf. p. 455). Now let 9(p) be a given function of p; 
a curve C satisfying the differential equation 


F(z, y, ofy’)) = 0 


is called a trajectory of the family of curves f(x, y, ¢) = 0. The second 
and third equations show that 

y’ = oY’) 
is the relation between the slope Y’ of C at any given point, and the slope 


y’ of the curve f(x, y, 6) = 0 passing through this point. The most impor- 
tant case is φ(}) = —1/p, leading to the equation 


F zy — 5) = 0, 
y 
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which is the differential equation of the orthogonal trajectories of the family 
of curves (cf. p. 456). 

Use this method to find the orthogonal trajectories of the following 
families of curves: 


(a) 2+ y+ cy~1=0. (6) y= ca. 


(c) Wes (a>b>0, —BP<c< ow) 
@te B+e ᾿ ᾿ 


(dq) y=cosx+e, (6) (ὦ -- ο)3 -᾿ γῆ Ξξ a’, 
In each case draw the graphs of the two orthogonal families of curves. 


6. For the family of lines y = cx find the two families of trajectories 
in which (a) the slope of the trajectory is twice as large as the slope of the 
line; (0) the slope of the trajectory is equal and of opposite sign to the 
slope of the line. 


7. Differential equations of the type 
y=«p+ Vp), p=y 


were first investigated by Clairaut. Differentiating, we get 
Hy OP _ 
[z+ v'(p)] ds ᾿ 


which gives p = 6 = const., so that 
y = xe + ψίο) 


is the general integral of the differential equation; it represents a family 
of straight lines. Another solution is 


a== —'(p), 
which together with 


y= —pl'(p) + Wp) 


gives a parametric representation of the so-called singular integral. Note 
that the curve given by the last two equations is the envelope of the family 
of lines. 

Use this method to find the singular solutions of the equations 


= sp —2 
(6) am Aa 
(Ὁ) y= ap + εν, 
8. Find the differential equation of the tangents to the catenary 


x 
y = acosh -. 
a 


9. Lagrange investigated the most general differential equation which 
is linear in both z and y, namely, 
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y = χφί(ρ) + V(p). 


Differentiating, we get 
pad 
p = 9p) + [z9'(p) + ¥(P)] τ, 


which is equivalent to the linear differential equation 
dx , 9(p) 1 ΨΩ) _o, 


dp 9(p)—p o(p) — » 
provided o(p) — p + Ο and p is not constant. Integrating and using the 
first equation, we get a parametric representation of the general integral. 
From the second equation we see that the equations 9(p)— p= 0, 
p = const. lead to a certain number of singular solutions representing 
straight lines. 

The solutions can be interpreted geometrically as follows. Consider 
the Clairaut equation 


y= xp + ψίφ X(p)], 


where »—(p) is the inverse function of 9(p), 1.6. p—*(9(p)) = ». From this we 
see that the solutions of the differential equation are a family of trajec- 
tories of the family of straight lines 


y = xe + U[p-(e)], 
or 

y= xo(c)+ $(c) (ὁ ΞΞ const.). 
Thus e.g. 


a 
y= —- + Hp) 
P 
is the differential equation of the involutes (orthogonal trajectories of the 


tangents) of the curve which represents the singular integral of the Clairaut 
equation 


1 
“σε ἢ. 
y= <p > 
Use this method to integrate the equation 
y= 2(p+a)— i(p+ ay. 


10. Express, when possible, the integrals of the following differential 
equations by elementary functions: 


0 Warn ὁ My 


(c) (γ᾽ - τ (4) (ὦν; = ἐπ 


In each case draw a graph of the family of integral curves, and detect the 
singular solutions, if any, from the figures. 
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Il. A differential equation of the form 
fy, ν΄, ΚΞ 0 


(note that x does not occur explicitly) may be reduced to an equation of 
the first order as follows. Choose y as the independent variable and p = ψ' 
as the unknown function. Then 


Ἕ » _ ap dp dy 
Y=D, y “ἀτ Ἀπ 


and the differential equation becomes f(y, p, pp’) = 

Use this method to solve the following cs a | 

At a variable point Uf of a plane curve Γ draw the normal to Γ᾿; mark 
on this normal the point N where the normal meets the z-axis and C, the 
centre of curvature of Γ᾽ at M. Find the curves such that 


MN .MC = const. = k. 


Discuss the various pone cases for k > 0 and k < 0, and draw the 
graphs. 

12*. Find the differential equation of the third order satisfied by all 
circles 


ray ny eae ee ee 
13. Integrate the homogeneous equation 


(x 1)" = (2s) (ont) 


and find the singular solutions. 
14*. Solve the differential equation 


wy, 
"τ ν ΕΞ 0, 


with ψ(0) = 1, ψ(0) = 0, by means οὗ a power series. Prove that this 
function is identical with the Bessel function J9(x) defined in Ex. 4, p. 223. 


6. Tae ῬΟΤΈΝΤΙΑΙ, or ATTRACTING CHARGES 


Differential equations for functions of a single independent 
variable, such as we have discussed above, are usually called 
ordinary differential equations, to indicate that they involve 
only the “ordinary” derivatives of functions of one in- 
dependent variable. In many branches of analysis and its 
applications, however, an important part is played by partial 
differential equations for functions of several variables, that is, 
equations between the variables and the partial derivatives of 
the unknown function. Here we shall touch upon some typical 
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cases of partial differential equations, and shall begin by con- 
sidering the theory of attractions. 

We have already considered the fields of force produced by 
masses according to Newton’s law of attraction, and we have 
represented them as the gradient of a potential ᾧ (cf. Chap. IV, 
p. 283 ef seg.). In this section we shall study the potential in 
somewhat greater detail.* 


1. Potentials of Mass Distributions. 


As an extension of the cases considered previously we now 
take p as a positive or negative mass or charge. Negative 
masses do not enter into the ordinary Newtonian law of attraction, 
but they do occur in the theory of electricity, where mass is re- 
placed by electric charge and we distinguish between positive 
and negative electricity; Coulomb’s law of attractig charges 
has the same form as the law of attraction of mechanical masses. 
If a charge p is concentrated at a single point of space with 
co-ordinates (€, ἡ, ¢), we call the expression μι, where 


r= γί -- €? + (y— + (2 — ὃ} 
the potential ¢ of this mass at the point (2, y, 2). ms ee up 
a number of such potentials for different “ sources ”’ or “ poles” — 
(€,, 7; %) we obtain as before (cf. p. 283) the potential of a 
yet of particles 

Φ-- Σ ἔ". 
i vs; 
The corresponding fields of force are given by the expression 
S= y grad®, where y is a constant independent of the masses 
and of their positions. | 
If the masses, instead of being concentrated at single points or 
“sources ”’, are distributed with density p(&, ἡ, ζ) over a definite 
portion αὶ of €yf-space, we have already taken the potential of 
this mass-distribution to be | 


® =f f fF dédnat. 


* An extensive literature is devoted to this important branch of analysis; 
see, e.g., Kellogg’s Foundations of Potential Theory (Springer, Berlin, 1929). 

t We could call this a potential of the mass. Any function obtained by adding 
an arbitrary constant to this could equally well be called a potential of the mass, 
since it would give the same field of force. 
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If the masses are distributed over a surface S with surface- 
density μ, then the surface integral 


(ω, v) 
[Ἐπ ϑὼ 


taken over the surface S with surfacc element do represents the 
potential of this surface, if the surface is given parametrically 
(p. 159 οἱ seg.) by u, v as parameters. 

For the potential of a mass distributed along a curve we 
likewise obtain an expression of the form 


[ Ht) ds, 


where 8 is the length of arc on this curve, p(s) the linear density 
of the mass, and 7 the distance of the point (2, y, 2) from the 
point S of the curve. 

For every such potential the surfaces 


Φ = const. 
represent the equtpotentral surfaces or level surfaces.* 


As an example of the potential of a line-distribution we take this 
case: a mass of constant linear density u is distributed along the segment 
—iS2S+1 of the z-axis. We consider a point P with co-ordinates 
(x, y) in the plane z= 0; if for brevity we introduce p = +/(2? + y%), 
the distance of the point P from the origin, we obtain the potential in the 
form 

dz 


+1 
Oy) =u fo Vera 


Here we have added a constant C to the integral, which does not affect 
the field of force derived from the potential. The indefinite integral on the 
right can be evaluated as in Vol. I, p. 213, and we obtain 


dz De 2- 4/(22-+ 6) 
pea Slog = Ve 6) 
Iyer Pare ap ve ρ 


“Curves which at every point have the direction of the force vector are 
called lines of force. The lines of force are therefore curves which everywhere 
intersect the level surfaces at right angles. We thus see that the families of 
lines of force corresponding to potentials generated by a single pole or by a 
finite number of poles run out from these poles as if from a source. In the 
case of a single pole, for example, the lines of force are simply the straight lines 
passing through the pole. , 
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so that the potential in the zy-plane is given by 


2 2 


To obtain the potential of a line extending to infinity in both directions 
we give the value — 2p log 21 to the constant * C and thus obtain 


I+ 4/(2 + 6? 
D(x, y) = 2p log ae — 2. log pe. 


If we now let the length 7 increase without limit, that is, if we let the 
length of the line tend to infinity, the expression {2+ +/(J? + p?)}/2i tends 
to unity, and for the limiting value of ®(z, y) we obtain the expression 


D(x, y) = —2y. log ρ. 
We thus see that apart from the factor —2u the expression 

log p = log 4/{z? + y2) 
is the potential of a straight line perpendicular to the xy-plane over which 
a mass is distributed uniformly. 


In addition to the distributions previously considered, 
potential theory also deals with so-called double layers, which 
we obtain in the following way. We suppose that at the point 
(ξ, ἡ, ζ) a charge M is concentrated and at the point (€ -+ h, η, Ὁ 
a charge —WM is concentrated. The potential of this pair of 
charges is given by 

M 
Φ ΞΞΞ -- :ΞΞΞΞ-ΞΞΞ--ΞΞΞΞΞΞΞΞΞΞΞΞΞΞ:Ξ:-:-::ΞΞΞΞΞ:Ξ:Ξ:ΞΞ:Ξ:ΞΞ-35::Ξ:-:::-::-::-:-.--::--ΞΞ 
V(a— &? + (y— n+ (-- ὃ 
= M 
Vie— €—hP + y— nh + — OF 
If we let h, the distance between the two poles, tend to zero 
and at the same time let the charge M increase without limit 


in such a way that M is always equal to —p/h, where p is a 
constant, ® in the limit tends to the expression 


50) 
PENG) 
We call this expression the potential of a dipole or doublet with 


* We make this choice in order that in the passage to the limit ἐ -- the 
potential (Ὁ shall remain finite. 2 
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its axis in the ¢-direction and with “moment” μ. Physically it 
represents the potential of a pair of equal and opposite charges 
lying very close to one another. In the same way we Can express 
the potential of a dipole in the form 


Ae) 
dv \r/’ 


where ὁ ὃν denotes differentiation in an arbitrary direction ν, 
that of the axis of the dipole. 

If we imagine dipoles distributed over a surface S with 
moment-density μ, and if we assume that at each point the 
axis of the dipole is normal to the surface, we obtain an expression 


of the form 
0 (1 
J fue Ns ζ) = (2) do 


where 0/ov denotes differentiation in the direction of the positive 
normal to the surface (we can, as before, choose either direction 
of the normal as positive), r is the distance of the point of the 
surface (€, 7, ¢) from the point (ὦ, y, 2), and the point (ξ, 7, £) 
ranges over the surface. This potential of a double layer can be 
thought of as arising in the following way. On each side of the 
surface and at a distance h we construct surfaces, and we give 
one of these surfaces a surface-density ,./2h, the other a surface- 
density —p/2h. At an external point these two layers together 
create a potential which tends to the expression above as ἢ — 0. 
We shall assume that in all our expressions the point (z, y, 2) 
considered is at a point in space at which no charge is present, 
so that the integrands and their derivatives with respect to 
Z, y, 2 are continuous. 


2. The Differential Equation of the Potential. 


In virtue of these hypotheses we can obtain a relation which 
all our potential expressions satisfy, namely, the differential 
equation 


®,. +- ®,, a ®,, ΞΞΞ 0, 


or in abbreviated form 
A® = Q, 


which is known as Laplace’s equation. As we have already 
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(Vol. I, p. 470) verified by simple calculation, this equation 
is satisfied by the expression 1/r. It therefore holds also for all 
the other expressions formed from it by summation or integration, 
since we can perform the differentiations with respect to 2, y, 2 
under the integral sign. This differential equation is also satis- 
fied by the potential of a double layer, for in virtue of the te- 
versibility of the order of differentiation * we find that for the 
potential of a single dipole the equation 
0 (1 ὃ. .1 
δρ()- 5 

holds. 

Laplace’s equation is also satisfied by the expression 
log +/(a? + y2) obtained for the potential of a vertical line, as 
we can readily verify (cf. also Chap. II, p. 76). Since this no 
longer depends on the variable z, it in fact satisfies the simpler 
Laplace’s equation in two dimensions, 


®,,-+ 0,, = 0. 


The study of these and related partial differential equations forms 
one of the most important branches of analysis. We may, how- 
ever, point out that potential theory is not by any means chiefly 
directed to the search for general solutions of the equation AD = 0, 
but rather to the question of the existence and to the investigation 
of those solutions which satisfy pre-assigned conditions. Thus 
a central problem of the theory is the “ boundary-value 
problem ”, in which we have to find a solution ᾧ of AD=0 
which together with its derivatives up to the second order is 
continuous in a region R, and which has pre-assigned continuous 
values on the boundary of R. 


3. Uniform Double Layers. 


We cannot enter here into a more detailed study of potential 
functions, that is, of functions which satisfy Laplace’s equation 
Au = 0. In this subject Gauss’s theorem and Green’s theorem 

* It must be noted that the differentiation 0/dv refers to the variables (ξ, n, Ὁ 
and the expression A to the variables (x, y, z). Moreover, the function l/r, con- 


sidered as a function of the six variables (x, y, 2; ἔξ, ἢν» ζ). is symmetrical in the 
two sets of variables, and therefore satisfies the differential equation 


A® = Dee + Oy, + OEE = O 
with respect to the variables (£, ἡ» ζ) also. 
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(Chap. V, pp. 388, 390) are among the chief tools employed. It 
will be sufficient to show by some examples how such investi- 
gations are carried out. 

We shall first consider the potential of a double layer with 
constant moment-density μι = 1, that is, an integral of the form 


v=f fz [) 6. 


This integral has a simple geometrical meaning. Let us assume 
that each poimt of the surface carrying the double layer can 
be seen from the point P with co-ordinates (x, y, z), that is, 
that it can be joined to this point P by a straight line which 
meets the surface nowhere else. The surface S, together with 
the rays joining its boundary to the point P, forms a conical 
region & of space. We now state that the potential of the uniform 
double layer, except perhaps for sign, is equal to the solid angle 
which the boundary of the surface S subtends at the point P. By this 
solid angle we mean the area of that portion of the spherical 
surtace of unit radius about the point P as centre which is cut 
out of the spherical surface by the rays going from P to the 
boundary of S. We give this solid angle the positive sign when 
the rays pass through the surface S in the same direction as the 
positive normal v, otherwise we give it the negative sign (cf. 
Kix. 9, p. 408). 

To prove this we recall that the function «= 1/r, when 
considered not only as a function of (x, y, z) but also as a function 
of (ξ, ἡ, ὦ), still satisfies the differential equation 


AU = Ugg Ug, Ug, = Vz 


We fix the point P with co-ordinates (x, y, z), and denote the 
rectangular co-ordinates in the conical region R by (ξ, », ζ), and 
by a small] sphere of radius p about the point P we cut off the 
vertex from #; the residual region we call R,. To the function 
u = 1/r, considered as a function of (ἕξ, ἡ, ¢) in the region ΓΝ 
we now apply Green’s theorem (Chap. V, p. 390) in the form 


ff fAudganat =f f ao, 


where S’ is the boundary surface of R, and @/dn denotes differen- 
tiation in the direction of the outward normal. Since Au = 0, 
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the value of the left-hand side is zero.* If we have chosen the 
positive normal direction v on S so as to coincide with the outward 
normal n, the surface integral on the right-hand side consists of 
three parts: (1) the surface integral 


[2()ω-[δ()ὼ 


over the surface S, which is the expression V considered above 
(p. 474); (2) an integral over the lateral surface formed by the 
linear rays; (3) an integral over a portion I’, of the surface 
of the small sphere of radius p. The second part is zero, since 
there the normal direction n is perpendicular to the radius, and 
therefore is tangential to the sphere r= const. For the inner 
sphere with radius p the symbol 0/0n is equivalent to —0/dp, 
since the outward direction of the normal points in the direction 
of diminishing values of r. We thus obtain the equation 


ὃ (1 
ΟΝ 
γε τα {{π5 


where on the right we have to integrate over the portion I’, 
of the small spherical surface which belongs to the boundary of 
R,. If we now write the surface element on the sphere with 
radius p in the form do = p?dw, where dw is the surface element 
on the unit sphere, we at once obtain 


V=—f [do 


The integral on the right is to be taken over the portion of the 
spherical surface of unit radius lying in the cone of rays, and 
we see at once that the right-hand side has the geometrical 
meaning stated above; it is the apparent magnitude, except 
for sign, if the normal direction on S is chosen so that it points 


or 


* From this form of Green’s theorem it follows in general that the surface 
integral edo taken over a closed surface must always vanish when the 


function u satisfies Laplace’s equation Au = 0 everywhere in the interior of 
the surface. 


476 DIFFERENTIAL EQUATIONS [Crap. 


outwards * from the conical region R. Otherwise the positive 
sign is to be taken. 

If the surface S is not in the simple position relative to 
P described above, but instead is intersected several times by 
some of the rays through P, we have only to divide the surface 
into ἃ number of portions of the simpler kind in order to 
see that the statement still holds good. The potential of 
the uniform double layer (of moment 1) on a bounded surface 
is therefore, except perhaps for sign, equal to the “ apparent” 
magnitude which the boundary has when looked at from the point 
(x, y, 2). 

For a closed surface we see by subdividing it into two bounded 
portions that our expression is equal to zero if the point P is 
outside, and equal to —4zr if it is inside. 

A similar argument shows in the case of two independent 
variables that the integral | 


i. ὃ ([ορ 7) ds 
σ ον 


along the curve C, except possibly for sign, is equal to the angle 
which this curve subtends at the point P with the co-ordinates 
(x, y). 

This result, like the corresponding result in space, can also 
be explained geometrically as follows. Let the point Q with the 
co-ordinates (ξ, 7) lie on the curve C. Then the derivative of 
logr at the point Q in the direction of the normal to the curve 
is given by the equation 


0 0 1 
= (logr) = = (logr) cos(v, 7) = Ξ cos(v, 7), 


where the symbol (v, 7) denotes the angle between this normal 
and the direction of the radius vector r. On the other hand, 
when written in polar co-ordinates (r, 6) the element of arc ds 
of the curve has the form 

r dé 


τ cos(v, 7) 


* The negative sign is explained by the fact that with this choice of the 
normal direction the negative charge lies “ next ” the point P. 
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(cf. Vol. I, pp. 266 and 280), so that the integral is transformed 
as follows: | 
0 1 rd0 
— (logr)ds = | - a 0 
iE (log?) iF Sealy") cos(v, 7) [ 
The integral on the right, however, is the analytical expression 
of our statement. 


4. The Theorem of Mean Value. 


As a second application of Green’s transformation we 
prove the followimg theorem: every potential function, that 
is, every function « which in a certain region FR satisfies 
the differential equation Au = 0, has the following mean value 
property: 

The value of the potential function at the centre P of an arbitrary 
sphere of radius τ lying completely in the region R is equal to the 
mean value of the function u on the surface 8, of the sphere; that 18, 


u(x, Yy, 2) = zal faa, 


where u(x, y, 2) is the value at the centre P and Ὁ the value on the 
surface S, of the sphere of radvus τ. 7 | 

To prove this we proceed as follows: let S, be a concentric 
sphere inside S, with radius 0<pSr. Since Au= Ὁ every- 
where in the interior of S,, by the footnote on p. 475 we have 


0 
ae 


where 0u/dn is the derivative of u in the direction of the outward 
normal to S,. If (ξ, ἡ, ἢ) are current co-ordinates and if with 
the point (ὦ, y, 2) a8 pole we introduce polar co-ordinates by the 
equations 


é—2xz=pcosdsind, n—y=psingsin#, C—2= p cos 8, 
the above equation becomes | 


dup, 8, | 
ff ee? do = 0. 


Since the surface element do of the sphere S, is equal to p*do, 
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where do is the element of surface of the sphere S of unit radius 
(cf. Chap. IV, p. 274), we find that if p > 0 


OU .. 
[fz d= 0 


where the region of integration no longer depends on p. Con- 


sequently 
r 0 ee 
[ dp f [ 5 dé = 0, 


and on interchanging the order of integration and performing 
the integration with respect to p we have 


Ἠ [ {u(r, θ,, 6) — u(0, θ, φ)} δ = 0. 
Since u(0, 6, φ) = u(x, y, 2) is independent of θ and 4, 
" f u(r, 0, 6)da = u(a, y, 2) [ [ da = 4ru(z, y, 2). 


ff. 6, φ) ἀσ = aS fue 0, 4) do, 


where the integral on the right is to be taken over the surface of 
S,, the mean value property of u is proved. 

In exactly the same way, for functions u of two variables 
which satisfy Laplace’s equation uz, + Uy,—= 0 we have the 
corresponding mean value property of the circle expressed by 
the formula 


As 


2rru(x, y) = [ uds, 


where % denotes the value of the potential function on a circle S, 
with radius r about the point (ὦ, y) and ds is the element of are of 
this circle. 


5. Boundary-value Problem for the Circle. Poisson’s Integral. 


As an example of a boundary-value problem we shall now 
discuss Laplace’s equation in two independent variables x, y 
for the case of a circular boundary. Within the circular region 
a2 + y2 <= R? we introduce polar co-ordinates (r, 6). We wish 
to find a function u(x, y) which is continuous within the circle 
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and on the boundary, possesses continuous derivatives of the 
first and second order within the region, satisfies Laplace’s 
equation Au = 0, and has prescribed values u(R, θ) = f(@) on 
the boundary. Here we assume that f(6) 1s a continuous periodic 
function of @ with sectionally continuous first derivatives. 

The solution of this problem, in terms of polar co-ordinates, 
is given by the so-called Poisson’s integral | 


R2 — 72 οὅ F(a) 
= ET ieee ee a, 
7 Qar i) R? — 2Rrcos(@— a) + 7? ὼ 


To prove this, we begin by constructing as many solutions 
of Laplace’s equations as we please in the following way. We 
transform Laplace’s equation to polar co-ordinates, obtaining 


Au =} (ru,),+ 5 to = 0, 
r rT 


and seek to find solutions which can be expressed in the form 
u= φ(υ)ψ(θ), that is, as a product of a function of 7 and a func- 
tion of 9. If we substitute this expression for w in Laplace’s 
equation, the equation becomes 


σφ), #8), 
wr) ὀ  Ψψίθ) 


As the left-hand side does not involve θ and the right-hand side 
does not involve r, the two sides must each be mdependent of 
both variables, that is, must be equal to the same constant hk. 
For (0) we accordingly have the differential equation f+ kys = 0. 

Since the function u and hence also (9) must be periodic with 
period 27, it follows that the constant k is equal to n?, where ἡ 
is an integer. Hence 


(0) = a cosnO + bsinnd, 


where a and 6 are arbitrary constants. 
The differential equation for ¢(r), 


r2h"'(r) + rp'(r) — n?6(r) = 9, 


is a linear differential equation and, as we can immediately verify, 
the functions 7™ and r-" are independent solutions. Since the 
second solution becomes infinite at the origin, while u is to be 
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continuous there, we are left with the first solution ¢ =r", and 
the solutions of Laplace’s equation are 


γα cosné + bsinné), 


We now use the fact that by linear combination of such 
solutions according to the principle of superposition (cf. section 4, 
p. 458) we can obtain other solutions 


5% + Lr"(a, cosné + ὃ, sinné). 


Even an infinite series of this form will be a solution, provided 
that the series converges uniformly and can be differentiated 
term by term twice in the interior of the circle. 

If we now imagine the prescribed boundary function f(6) 
expanded in a Fourier series 


F (8) = 4a, ἘΣ (a, cosné + 5, sinn®@), 


this series, regarded as a series in 0, certainly converges absolutely 
and uniformly (cf. Vol. I, Chap. IX, p. 451). Hence the series 


u(r, 6) = Σαὰρ + Σ᾿ ἧς (α,, cosné +- b,, sinné) 


a fortiort converges uniformly and absolutely in the interior of 
the circle. This series, however, can be differentiated term by 
term, provided r < R, because the resulting series again converge 
uniformly (cf. the account of power series in Vol. I, Chap. VI, 
p. 399). This function is accordingly a potential function; it has 
the prescribed value on the boundary, and hence is a solution of 
our boundary-value problem. | 

We can reduce this solution to the integral form given above 
by introducing the integrals for the Fourier coefficients, 


Qa Zr 
a, = 2 f f(a) cosnada, 6, = ᾿ Ἰ f(a) sinnada. 
1 50 “ "ὁ 


Since the convergence is uniform, we can interchange integration 
and summation, and obtain 


u(r, 0) = : [ F(a) {3 ἘΣ ἧς οΟΒη(θ --- a)| da. 
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Poisson’s integral formula is therefore proved, provided that 
we can “ὩΣ the relation 


1 rr 
ὦ R2 — 2Rr cost + 7? 


But this can be ou by the method used in Vol. I, Chap. IX, 
p. 436; we leave the proof to the reader. 


Ξ- ἜΝ Σ ὅς ~ cost = 


EXAMPLES 


1. By applying inversion to Poisson’s formula, find a potential function 
u(x, y) which is bounded in the region outside the unit circle and assumes 
given values f(8) on its boundary (the so-called outer boundary-value prob- 
lem). 

2*, Find (a) the equipotential surfaces and (δ) the lines of force for the 
potential of the segment z= y= 0, --ἰἶ Sz S +1, of constant linear den- 
Bity μ. 

3*. Prove that if the values of a harmonic u(x, y, z) and of its normal 
derivative du/@n are given on a closed surface S, then the value of u at any 
interior point is given by the expression 


U(x, Y, 2) = — xf hes cai ul 4, 


where r is the distance from the point (x, y, z) to the variable point of 
integration. (Apply Green’s theorem to the functions uw and 1/r.) 


7. FurRTHER EXAMPLES OF PARTIAL DIFFERENTIAL EQUATIONS 


We shall now briefly discuss a few partial differential equa- 
tions which are of frequent occurrence. 


1, The Wave Equation in One Dimension. . 


The phenomena of wave propagation, e.g. of light or sound, 
are governed by the so-called wave equation. We begin by con- 
sidering the simple idealized case of a so-called “ one-dimensional 
wave ἡ. Such a wave depends on some property wu, for example, 
the pressure, the change of position of a particle, or the intensity 
of an electric field; and τὸ depends not only on the co-ordinate 
of position z (we take the direction of propagation as the z-axis) 
but also on the time ¢. 

The function u(z, é) then satisfies a partial differential equation 
of the form 

Use == a Utes 


17 (E912) 
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where ὦ is a constant depending on the physical nature of the 
medium. We can express solutions of this equation in the form 


u = [ὦ — at), 


where f(€) is an arbitrary function of €, about which we 
assume only that it has continuous derivatives of the first and 
second order. If we put =x — at, we see at once that our 
differential equation is actually satisfied, for 


Uge = [ (ἢ), be = α΄ ( ). 


In the same way, using another arbitrary function g(£), we 
obtain a solution of the form 


u= g(x-+ at). 


Both these solutions represent wave motions which are 
propagated with the velocity a along the z-axis; the first 
represents a wave travelling in the positive x-direction, the 
second a wave travelling in the negative z-direction. For 
let w have the value u(z,, t,) at any point «, at time 4; then u 
has the same value at time ¢ at the pomt x= a, -+ a(t — ἢ). 
For then ὦ --- at=2,—at,, so that f(x — at) = f(x, — at,). 
In the same way, we can see that the function g(x - at) repre- 
sents a wave travelling in the negative x-direction with velocity a. 

We shall now solve the following initial-value problem for 
this wave equation. From all possible solutions of the differential 
equation we wish to select those for which the initial state (at 
t = 0) is given by two prescribed functions u(z, 0) = d(x) and 
μία, 0) = (x). To solve this problem, we have merely to write 


u== f(x — at) + g(x + at) 
and determine the functions f and g from the two equations 
| $2) =S(e) + gla) 
* Ya) = —f'@) + 9). 


The second equation gives 


e+ 8 [Wade = — [( + 92) 
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where 6 is an arbitrary constant of integration. From this we 
readily obtain the required solution in the form 


μία, τ) = ee Ἢ οὐ en “ἢ Ee f dG) ΙΝ 


1 
20 J x—at 


The reader should prove for himself, by introducing new 
variables € = x — at, n= 2-+ at instead of 2 and ¢, that no 
solutions of the differential equation exist other than those given. 


2. The Wave Equation in Three-dimensional Space. 


In the wave equation for space of three dimensions the func- 
tion u depends on four independent variables, namely, the three 
space co-ordinates z, y, z and the time ¢. The wave equation is 
then 


1 
Une + Uyy + Ugg = τῷ Vets 
a 
or, more briefly, 
1 
Here again we can easily find solutions which represent the 
propagation of a plane wave in the physical sense. 
In fact, any function f(€), provided we assume that it is twice 


continuously differentiable, gives us a solution of the differential 
equation, if we make ἕ a linear expression of the form 


f= ax + By + γέ + at, 
whose coefficients satisfy the relation 
a+ P24 γε: 1. 
Au= (a+ P+ γ Γ΄ (ὃ τ ΄ (ὦ 


Ug = α΄ (ξ), 


we see that u == f(ax-+ By + yz -:1- af) 18 really a solution of the 
equation 


For since 


and 


1 
Au = = Usp 
a 


If ¢g is the distance of the point (2, y, 2) from the plane 
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az + By + yz = 0, we know by analytical geometry (cf. Chap. I, 
p. 9) that 

q= an + By + v2. 
Hence, in the first place, we see from the expression 

u=f(q + a) 

that at all points of a plane at a distance q from the plane 
az - By + yz = Ὁ and parallel to it the property which is being 
propagated (represented by u) has the same value at a given 
moment. The property is propagated in space in such a way 
that planes parallel to az-+ By + yz=0 are always surfaces 
on which the property is constant; the velocity of propagation 
is α in the direction perpendicular to the planes. 

In theoretical physics a propagated phenomenon of this kind 
is referred to as a plane wave. 

A case of particular importance is that in which the property 
varies periodically with the time. If the frequency of the vibra- 
tion is w, ἃ phenomenon of this kind may be represented by 

u= efkloxt byt y2)giut 
where k, as usual, denotes the reciprocal of the wave-length: 
a 

In the case of the wave equation with four mdependent 
variables we can find other solutions, which represent a spherical 
wave spreading out from a given point, say the origin. A spherical 
wave is defined by the statement that the property is the same 
at a given instant at every point of a sphere with its centre at 
the origin, that is, that u has the same value at every point of 
the sphere. To find solutions which satisfy this condition, we 
transform Au to polar co-ordinates (r, 0, ¢), and then we have 
merely to assume that u depends on r and ¢ only and not on @ 
and ¢. If we accordingly equate the derivatives of ὦ with 


respect to 6 and ¢ to zero (cf. p. 391), the differential equation 
becomes 


.--1.--ὦ 


2 1 
Ure + -- τ, = τῷ Mee 
r a 
or 


1 
(TU) ey — a (ret) a4. 
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If for the moment we replace ru by w, w is a solution of the 
equation 
1 


Or, = ΞΔ Wets 
a 


which we have already discussed, and hence must be expressible 
m the form 


w= f(r — at) + g(r + a). 
Then 


w=" {f(r — at) + g(r + ad}. 


The reader should now verify for himself directly that a function 
of this type is actually a solution of the differential equation 


1 
Au _ τᾷ ΟΕ 
a 


Physically the function vu = : J(r — at) represents a wave 


which is propagated outwards into space from a centre with 
velocity a. 


3. Maxwell’s Equations in Free Space. 


As a concluding example we shall discuss the system of equa- 
tions, known as Maawell’s equations, which form the foundations 
of electrodynamics. We shall not, however, attempt to approach 
the equations from the physical point of view, but shall merely 
consider them as illustrating the various mathematical concepts 
developed above. 

The electromagnetic condition in free space is determined by 
two vectors, an electric vector & with components £,, E,, Es, 
and a magnetic vector 4 with components H,, H,, H,. These 
vectors satisfy Maxwell’s equations: 


curl & + ! ΟἿ: 0, 
c ot 

curl H — a 0, 
6 ot 
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where c is the velocity of light in free space. Expressed in 

terms of the components of the vectors, the equations are: 
OH; 08, 4} 1 0H, 
oy Oz α δὲ 
Δ ΕἾ, OS 
Oz Or ὁ Οἱ ᾿ 
OH, Of, 108. 
ΓΗ Oye «Ot : 


1, 


and 
OH, OH, 10H, _ 
γῶν oe 
OH, OH, 10H, _ 
ὃ ὃ. ὁ ὃὶ ; 


oH, OH, 108, 

—-~—- —-— _ = 0. 

ox Oy. c Ot 
For the components as functions of position and time we thus 
have a system of six partial differential equations of the first 
order, that is, of equations involving the first partial derivatives 
of the components with respect to the space co-ordinates and to 
the time. 

We shall now deduce some distinctive consequences of Max- 
well’s equations. If we form the “ divergence ”’ of both equations, 
and remember that div curl. 4 = 0 and that the order of differen- 
tiation with respect to the time and formation of the divergence 
is interchangeable, we obtain 


div & = const., 
div H = const.; 
that is, the two “ divergences ” are independent of the time. 
If we assume that the constants are initially zero, then they 
remain zero for all time. 


We now consider any closed surface S lying in the field and 
take the volume integrals 


if f [Ἕ div Bdr 
f{ i [ div Hdr 


and 
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throughout the volume enclosed by it. If we apply Gauss’s 
theorem (Chap. V, p. 388) to these integrals, they become integrals 
of the normal components ΚΕ,» H, over the surface S. That is, 
the equations 


div E = 0, 
div H = 0 
give 
[ [Ende = 0, 
[ jHndo = 0 


In electrical theory surface integrals 


f [Endo or f H,,do 


are called the electric or magnetic flux across the surface S, and 
our result may accordingly be stated as follows: 

The electric flux and the magnetic flux across a closed surface, 
subject to the assumptions we have made above, are zero. 

We obtain a further deduction from Maxwell’s equations if 
we consider a portion of surface S bounded by the curve I" and 
lying in the surface. 

If we denote the components of a vector normal to the sur- 
face A by the suffix n, it immediately follows from Maxwell’s 
equations that 


10H 
LZ), =—-_ - 5 
(cur iP CG at 9 
(curl #7), = ee ΠῚ 
c Οἱ 


If we integrate these equations over the surface with surface 
element do, we can transform the left-hand sides into line in- 
tegrals taken round the boundary I’ by Stokes’s theorem (cf. 
Chap. V, p. 395). If we do this, and carry out the differentiation 
with respect to ¢ outside the integral sign, we obtain the equations 


[B.as— -i¢ [Bode 


[ R= εἰς [ E, do, 
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where the symbols #, and H, under the integral signs on the left 
are the tangential components of the electric and magnetic 
vectors in the direction of increasing arc, and the sense of de- 
scription of the curve I’ in conjunction with the direction of the 
normal Ὁ) forms a right-handed screw. 

The facts expressed by these equations may be expressed in 
words as follows: The line integral of the electric or the mag- 
netic force round an element of surface is proportional to the rate 
of change of the electric or magnetic flux across the element of 
surface, the constant of proportionality being —1/c or +1/e. 

Finally, we shall establish the connexion between Maxwell’s 
equations and the wave equation. We find, in fact, that each of 
the vectors & and #, that is, each component of the vectors, 
satisfies the wave equation 


1 
Au — a Usp 
For we can eliminate the vector #, say, from the two equations, 


by differentiating the second equation with respect to the time 


and substituting for eas from the first equation. 


It then follows that 


1928 
leur] Ε- - —— = 0. 
6 curl cur t+ Ἐπ 0 


If we now use the vector relation * 
curl curl A = —AA + grad div A, 


and remember that 


div £& = 0, 
we at once have 
1 9252 
Pee 2 
c* ot? 


In the same way we can show that the vector 7 satisfies the 
same equation: 

let 

a OR” 


AH 


* This vector relation follows immediately from the expressions in terms 
of co-ordinates. 
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EXAMPLES 

1. Integrate the following partial differential equations: 
(a) τῶν = 0; 
(Ὁ) tp, = 0; 

| (Cc) Uy, = a(x, y). 
2*. Solve the equation 
Une + Stgy + 6u,, = ert 
by reducing it to one of the form of Ex. I(c). 


3. Find the partial differential equation satisfied by the two-parameter 
family of spheres 
23 -- ] — (ὦ — a)? --- (y — Bb). 


4*, Let u(z, 1) denote a solution of the wave equation 


1 
Mee = Gin (a > 0) 


which is twice continuously differentiable. Let o(x) be a given function 
which is twice continuously differentiable and such that 


(9) = 9°(0) = φ 0) = 0. 


Find the solution u for 2 0 and t = 0 which is determined by the boun- 
dary conditions 
u(x, 0) = u,(z, 0) = 0 for x = 0, 


u(O, δ) = φ(ξ) for t = 0. 


5. Find a solution of the equation 
Uny = Uy 
for which u(z, 0) = u(0, y) = 1, in the form of a power series. 
6. (a) Find particular solutions of the equation 
| ὠς πω τ} 
of the form u = f(z) + g(y). 
(6) Find particular solutions of the equation 
U,u, = 1 
of the forms u = f(x) + g(y) and τ = f(x) g(y). 
7*. Prove that if 


z= μία, y, a, δ) 


179 (Ε912) 
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is a solution, depending on two parameters a, b, of the partial differential 
equation of the first order, 


F(a, ¥, 2, 2,» 2y) = 0, 


then the envelope of every one-parameter family of solutions chosen 
from z = u(x, y, a, δ) is again a solution. 


8. Use this result to obtain other solutions of equation 6(b) by putting 


b= ka in u= ax + -y +b (where & is a constant). 


CHAPTER VII 
Calculus of Variations 


1. IntRODUCTION 


1. Statement of the Problem. 


In the theory of ordinary maxima and minima of a differenti- 
able function f(x,, ... , Z,) of nm independent variables, the necessary 
condition (p. 184) for the occurrence of an extreme value in a 
certain region of the independent variables is 


df=0 or gradf=0 or f,=0 (#=1,...,7n). 


These equations express the stationary character of the function 
f at the point in question. The question whether these stationary 
points are actually maximum or minimum points can only be 
decided after further investigation. In contrast to the equations 
given above, the corresponding sufficient conditions take the 
form of inequalities. 

The calculus of variations is likewise concerned with the 
problem of extreme values (stationary values). Here, however, 
we have to deal with a completely new situation. For now the 
functions which are to have an extreme value no longer depend 
on one independent variable or a finite number of independent 
variables within a certain region, but are so-called functions of 
functions. That is, to determine them we require a knowledge of 
the behaviour of one or more functions or curves (or surfaces, 
as the case may be), the so-called ‘‘ argument functions ”. 

General attention was first drawn to problems of this type 
in 1696 by John Bernoulli’s statement of the brachistochrone 
problem. 

In a vertical xy-plane a point A(x, y,) is to be joined to a 
point B(x,, y,), such that z, > 2, y, > yp, by a smooth curve 


y = u(x) in such a way that the time taken by a particle sliding 
491 
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without friction from A to B along the curve under gravity 
(which is taken as acting in the direction of the positive y-axis) 
is as short as possible. 

The mathematical expression of the problem is based on the 
physical assumption that in such a curve y = ¢(x) the velocity 
ds/dt (s being the length of arc of the curve) is proportional to 
V 2g(y — Yo), the square root of the height of fall. The time 
taken in the fall of the particle is therefore given by 


Tf ES a =f Veta 
ds dx /2g te a/(Y — Yo) 


(cf. Vol. I, pp. 299-301). If we drop the unimportant factor 
a/2g and take y, = 0 (which we can do without loss of generality), 
we have the following problem: 

Among all continuously differentiable functions y= ¢(2), 
y 2 0, for which ¢(x) = 0, ¢(2,) = ψι, to find that for which 


the integral 
1{φ) ie VES *) da 


has the least possible value. 

On p. 505 we shall obtain the result, which was very sur- 
prising to Bernoulli’s contemporaries, that the curve y= ¢(z) 
must be a cycloid. Here we wish to emphasize that Bernoulli’s 
problem and the elementary problems of maxima and minima 
are absolutely different. The expression I{¢} depends on the 
whole behaviour of the function ¢. It cannot be determined by 
stating the values of a finite number of independent variables, 
that is, it cannot be regarded as a function in the ordinary sense. 
We indicate its character of “function of a function ¢(z) ” by 
means of curly brackets. 

The following is another problem of a similar nature: 

Two pots A(z, yy) and Bixz,, y,), where 2, > 2%, Yo > 9, 
Y, > 0, are to be joined by a curve y= u(x) lying above the 
@-axis, in such a way that the area of the surface of revolution 
formed when the curve is rotated about the x-axis is as small 
as possible. 

Using the expression given on p. 274 for the area of a surface 
of revolution and dropping the unimportant factor 27, we have 
the followmg mathematical statement of the problem: 
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Among all continuously differentiable functions y= d(x) 
for which 4(2)) = Yo, $(2) = Yr, φ(α) > 0, to find that for which 
the integral 


1{§}—[yvaty%de y= $2) 


has the least possible value. It will be found that the solution 
is a catenary. 

The elementary geometrical problem of finding the shortest 
curve joining two points A and B in the plane belongs in theory 
to the same category. Analytically, in fact, the problem is that 
of finding two functions z(t), y(t) of a parameter ¢ in an interval 
ἐν ΞΟ ἐΞΞ ἢ, for which the values x(f)=%, w(t) — 54, and 
y(t) = Yo y(t,) = ψι are prescribed, and for which the integral 


ae : . da, dy 
2 2) dit —_ = 
" ec  ὰ ( ae ae 


has the least possible value. The solution is of course a straight 
line. 

On the other hand, the corresponding problem of finding the 
geodesics on a given surface G(x, y, 2) = 0, that is, of joming two 
points on the surface with co-ordinates (Zp, Yo, 20) and (%, Ψ.» 21) 
by the shortest possible line lying in the surface, unlike the 
problem of the shortest distance between two points in a plane, is 
not a trivial one. In analytical language this problem 1s as follows: 

Among all triads of functions z(t), y(t), 2(t) of the parameter ὁ 
which make the equation 


G(x, y, 2) = 0, 


an identity in ¢, and for which x(t)) = 20» y(to) = Yo, 2(to) = 2; 
a(t,) = %, y(t) = ψι» 2(t,) = %, to find that for which the integral 


[v@+e+ aa 


has the least possible value. 

The isoperimetric problem of finding a closed curve of given 
length enclosing the largest possible area, already discussed on 
p. 214, also belongs to the same category. We have proved 
above that the solution is a circle.* 


*The proof given there applied only to convex curves; the following 
remark, however, enables us to extend the result immediately to any curve: 
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The general statement of the simplest type of problems of the 
kind dealt with here is as follows: 

We are given a function F(z, φ, ¢’) of three arguments, which 
in the region of the arguments considered is continuous and has 
continuous derivatives of the first and second orders. If in this 
function F we replace ¢ by a function y= ¢(z) and ¢’ by the 
derivative y’ = ¢'(z), F becomes a function of 7, and an integral 
of the form 


1{4}-- [Τῶν ν, ¥)de 


becomes ἃ definite number depending on the behaviour of the 
function y= ¢(2), i.e. it is a “function of the function ¢(z) ”. 
The fundamental problem of the calculus of variations is now 
as follows: 

Among all the functions which are defined and continuous 
and possess continuous first and second derivatives in the interval 
% x= αι, and for which the boundary values y= $(%p) 
and y, = ¢(2,) are prescribed, to find that for which the integral 
I{d} has the least possible value (or the greatest possible 
value). 

In discussing this problem the absolutely essential point is 
the nature of the “conditions of admission’ imposed on the 
functions ¢(x). The problem merely requires that when ¢(z) is 
substituted F shall be a sectionally continuous function of 2, 
and this is assured if the derivative φ' (“) is sectionally continuous. 
But we have made the conditions of admission more stringent by 
requiring that the first derivatives, and even the second deri- 
vatives, of the functions ¢(z) shall be continuous. The field 
in which the maximum or minimum is to be sought is of course 
thereby restricted. It will, however, be found that this restriction 
does not, in fact, affect the solution, i.e. that the function which 
is most favourable when the wider field is available will always 


We consider the “‘ convex envelope” K of a curve C (cf. Ex. 2, Ὁ. 100), i.e. the con- 
vex curve of least area enclosing the interior of C. This curve K consists of convex 
arcs of C and rectilinear portions of tangents to C, which touch C at two points 
and bridge over concave parts of C by straight lines. It is evident that the area 
of K exceeds that of C, provided C is not convex, and, on the other hand, that 
the perimeter of K is less than that of C. If we now make K expand uniformly, 
so that it always retains the same shape, until the resulting curve K’ has the 
prescribed perimeter, K’ will be acurve of the same perimeter as C, but en- 
closing a greater area. Hence in the isoperimetric problem we may from the 
outset confine ourselves to convex curves, in order to obtain the maximum area. 
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be found in the more restricted field of functions with con- 
tinuous first and second derivatives. 

Problems of this type occur very frequently in geometry and 
physics. Here we mention only one example. The fundamental 
principle of geometrical optics can be formulated as a variation 
problem of this type. If we consider a ray of light in the xy-plane 
and assume that the velocity of light is a given function o(2, y, y’) 
of the point (a, y) and of the direction ψ' (y= ¢(x) being the 
equation of the light-path and y’ = ¢'(x) the corresponding 
derivative), then Fermat’s principle of least tume is as follows: 

The path of a ray of light between two given points A, Bis 
such that the time taken by the light in traversing it is less than 
the time which light would take to traverse any other path from 
A to B. 

In other words, if ὁ is the time and s the length of arc of any 
curve y= ¢(z) joining the points A and B, the time which 
light would take to traverse the portion of curve between 4 and 
B is given by the integral 


γα ἄς,  p@Yty”) 
ἀφ} ἀπ ew yy 


To determine the actual path of the light we accordingly require 
to solve the problem of finding a function y= φ(3) for which 
this integral has the least possible value. 

We see that the optical problem in this form is actually 
equivalent to the general problem stated above if we relate the 

9 
two functions F and v to one another by putting # = vary) 
υ 

In most optical cases the velocity of light » is independent οἱ 
the direction and is merely a function of position, v(z, y). 


2. Necessary Conditions for Extreme Values. 


Our object is to find necessary conditions that a function 
u = d(«) may give a maximum or minimum, or, to use a general 
term, an extreme value, of the above integral I{}. Here we 
proceed by a method quite analogous to that used in the ele- 
mentary problem of finding the extreme values of a function of 
one or more variables. We assume that y= φ- u(x) is the 
solution. Then we have to express the fact that (for a minimum) 
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7 must increase when wu is replaced by another admissible function 
φ. Here, moreover, as we are merely concerned with obtaining 
necessary conditions, we may confine ourselves to the considera- 
tion of functions ¢ which approximate to 4, i.e. functions for 
which the absolute value of the difference 6 — u remains between 
prescribed bounds. 

We think of the function u as a member of a one-parameter 
family with parameter ε, constructed as follows. We take any 
function (x) which vanishes on the boundary of the interval, 
i.e. for which η(αρ) = 0, 7(z,) = 0, and which has continuous 
first and second derivatives everywhere in the closed interval. 
We then form the family of functions 


f(z, εἰ = u(x) + €7(Z). 


The expression €7(x) = δὲν is called the variation of the function 
u. (Since 7(x) = 0¢/de, the symbol ὃ denotes the differential 
obtained when ε is regarded as the independent variable and x 
as a parameter.) Then, if we regard the function wu as well as the 


function 7 as fixed, 
If{u+ eq}= D(e) =" Fe, ω - en, τ + en’) dz 


is a function of ε; and the postulate that wu shall give a mmimum 
of I{¢} implies that the function above shall possess a minimum 
for « = 0, so that as necessary conditions we have the equation 


Φ΄ (0) = 0 
and further the inequality 
(0) = 0. 


In the same way, if we were seeking a maximum, we should 
have the same equation ®’(0) = 0 and the inequality Φ' Ὁ) = 0 
as necessary conditions. The condition Φ΄ (0) = 0 must be satis- 
fied for every function ἡ which satisfies the above conditions 
but is otherwise arbitrary. 

Putting aside the question of discrimination between maxima 
and minima, we say that if a function wu satisfies the equation 
Φ΄ (0) = 0, for all functions ἡ, the integral I is stationary for 
φ = u. If, as before, we use the symbol ὃ to denote differentiation 
with respect to «, we may also say that the equation 


SI = εΦ΄0) = 0, 
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when satisfied by a function ¢ = u and an arbitrary ἡ, expresses 
the stationary character of 1. The expression 
c= ) 


*1 
εΦ΄ (0) = {of F(a, u+ en, wu’ + εη dex 
de 
is called the variation, or more accurately the first variation,* 
of the integral. Stationary character of an integral and vanishing 
of the first variation, therefore, mean exactly the same thing. 

Stationary character is necessary for the occurrence of maxima 
or minima, but, as in the case of ordinary maxima or minima, 
it is not a sufficient condition for the occurrence of either of 
_ these possibilities. Here we cannot go into the problem of suffi- 

cient conditions in more detail, and in what follows we confine 
ourselves to the problem of stationary character. 

Our main object is to transform the condition ©’(0) = 0 for 
the stationary character of the integral in such a way that it 
becomes a condition for u only and no longer contains the arbi- 
trary function ἡ. 


EXAMPLES 


1. In connexion with the brachistochrone problem (see pp. 491, 492), 
calculate the time of fall when the points A and B are joined by 8 
straight line. 

2. Let the velocity of a particle with polar co-ordinates (r, 8, 9) moving 
in three-dimensional space be v = 1/f(r). What time does the particle 
take to describe the portion of a curve given by a parameter o (the co- 
ordinates of a point on the curve being γ(σ), θ(σ), φί(σ)) between the points 
A and B? 


2. EuLER’s DIFFERENTIAL EQUATION IN THE SIMPLEST CASE 


1. Deduction of Euler’s Differential Equation. 


The fundamental criterion of the calculus of variations is as 
follows: 
The necessary and sufficient condition that the integral 


1{g}=[" Fl, 4, φγ ἀν 


* From this comes the use of the term calculus of variations, which is meant 
to indicate that in this subject we are concerned with the behaviour of functions 
of a function when this independent function or ‘‘ argument function ” is made 
to vary by altering a parameter e¢. . 
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shall be stationary when ᾧ = u 18 that 6 = ἃ shall be an admissible 
function satisfying Euler’s differential equation* 


d 
L — F - --- F ᾽ ΞΞΞ 0 
[ew] u dx u ᾽ 
or, in full, 
Fw + Bal + Py ~ B= 0. 


To prove this we note that we can differentiate the expression 
D(e) =["Fe, u-- en, u’ + en’) da 


with respect to ε under the integral sign (cf. Chap. IV, ὃ 1, 
p. 218), provided that the differentiation gives rise to a con- 
tinuous function, or at least a sectionally continuous function of 
x, under the integral sign. In this case, on putting u+ en= y 
and differentiating, we obtain under the integral sign the 
expression 7/’, +- 7’F,, which, owing to the assumptions made 
about f, u, and ἡ, satisfies the conditions just stated. Hence 
we immediately obtain 


®'(0) = [ “(nF + 7'F,)de=0 (F(x, u, v’)). 


For subsequent purposes (see the next page), we note that in 
the formation of this equation we have used nothing beyond the 
continuity of the functions wu and ἡ and the sectional continuity 
of their first derivatives. In this equation the arbitrary function 
appears under the integral sign in a twofold form, namely, as 
η and η΄. Wecan, however, immediately get rid of η΄ by integra- 
tion by parts; we have 


[ “nF ye de = nF, f Ἴ (ζ Fy) dx = — f Ἴη (ζ Fe) da, 


for by hypothesis 7(z,) and 7(x,) vanish. In this integration by 


parts we have to assume that the expression cf F, can be formed, 


but this assumption certainly holds good, for we began by assum- 
ing continuity of the second derivatives. Hence, if we write 


0 ee ee 
daz 


* The terms principal equation, characteristic equation are also used. 
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for brevity, we have the equation 
Ἵ Lu] dx = 0. 


Now this equation must be satisfied for every function which 
satisfies our conditions but is otherwise arbitrary. We thus 
conclude that 
L[w] = 9, 
in virtue of the following 
Lemma 1.---ἰ a function C(x) which is continuous in the 
interval under consideration satisfies the relation 


[[Ἰωσω ἃ = 0, 


where (x) is any function such that 7(%>) = η(α!) = 0 and 
7’'(a) is continuous, then C(x) = Ὁ for every value of x in the 
interval. The proof of this lemma will be postponed to the next 
sub-section (p. 501). 


We could, however, obtain our condition in a different way,* by 
getting rid of the term in ἡ in the equation 


Χι 
(nF, + Ἡ Τω)άς = 0 
Xe 
by integration by parts. For if we write Fy=A, F,=b= B for 
brevity and remember the boundary condition for 7, on integrating by 
parts we obtain 


my δ. x 
f nF, ἄς τὸ [ἰ yB’dx=—]|] Bde. 
x 


Ὁ Xe Xo 


If we put ζ = η΄, we have the condition 


ἴω -- B)dz = 0. 


Xo 


In this method we need not make any further assumptions about 
the second derivatives of ἡ and vu. On the contrary, it is sufficient to 
assume that φ (or u) and ἡ are continuous and have sectionally continuous 
first. derivatives. Now our equation must hold, not, it is true, for any 
arbitrary (sectionally continuous) function t, but only for those functions ¢ 
which are derivatives of a function (x) satisfying our conditions. If, 


* The first method is due to Lagrange, the second to P. Du Bois Reymond. 
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however, ¢(x) is any given sectionally continuous function satisfying the 
relation | 
my 
C(x)da = 0 


Xo 


and otherwise arbitrary, we can put 
x 
n=] Gddi; 
Xo 


we have then constructed an admissible ἡ, for ἡ = € and (2) = 7n{2,) = 0. 
We thus obtain the following result: 
‘A necessary condition that the integral should be stationary is 


3 | 
ζίΑ — B)dx = 0, 
Xo 
where ¢ is an arbitrary sectionally continuous function merely satisfying 
the condition 
κι 
Cdz = 0. 
κω} 

We now require the help of | 

Lemma II.—If a sectionally continuous function S(z) satisfies the 
condition 


Χι | 
f (Sda = 0, 
δρ 


for all functions ζ(“) which are sectionally continuous in the interval and 
for which 


Xy 
Cdxz = 0, 
Xo 
then §(x) is a constant c. 
This lemma will also be proved in the next sub-section (p. 501). If 
meanwhile we assume its truth, it follows, if we substitute the above 
expreasions for A and B, that 


* 
f Fijdz#+e= Fy. 
Xe 


The left-hand side regarded as an indefinite integral may be differentiated 
with respect to 2 and has δ᾽, as its derivative; the same is therefore true 


d 
of the right-hand side. Hence the expression . Fy for the supposed 
solution u exists, and the equation 3 
d 
F “ ΞΞ de F “ 

holds. 

Thus Euler’s equation still remains the necessary condition for an 
extreme value, or the condition that the integral should be stationary, 
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when the class of admissible functions 9(z) is extended from the outset by 
requiring only sectional continuity of the first derivative of φία). 


Buler’s equation is an ordinary differential equation of the 
second order. Its solutions are called the eatremals of the minimum 
problem. To solve the minimum problem we have, among all 
the extremals, to find one which satisfies the prescribed boundary 
conditions. If “ Legendre’s condition ” 


is satisfied for ¢ = u(x), the differential equation can be brought 


into the “regular” form wu” = f(z, u, wv’), where the right-hand 
side is a known expression involving 2, ὦ, w’. 


2. Proofs of the Lemmas. 

We have now to prove the two lemmas used above. 

To prove Lemma I, we assume that at some point, say ὦ ΞΞ &, 
C(x) is not zero, say positive. Then in virtue of the continuity 
of C(x) we can certainly mark off a sub-interval 


§—asetSt+a 


within the complete interval in such a way that C(z) remains 
positive everywhere in the sub-interval. We now define ἢ a8 
given in this sub-interval by 


n(x) = (ew — E+ a)'(z— &— αὐλ τϑ { -- ὃ -- a?}4 


and elsewhere as zero. This function 7 certainly fulfils all the 
prescribed conditions; 7(x)C(a) is positive inside the sub-interval, 


and zero outside it. The integral f “nC da therefore cannot be 


2) 
zero.* Since this contradicts our hypothesis, C(é) cannot be 
positive. For the same reasons, C(¢) cannot be negative. Hence 
O(é) must vanish for all values of € within the interval, as was 
stated in the lemma. 


To prove Lemma II, we note that our assumption about (x) im- 
mediately leads to the relations 


ἴω dz = 0 and f “Τα S(@) — ογ ἄα = 0, 


Xo x 
* The integral of a continuous non-negative function ia positive, except 


when the integrand vanishes everywhere; this follows immediately from the 
definition of integral. : 
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where c is an arbitrary constant. We now choose c in such a way that 
S(z) -— c is an admissible function C(x), that is, we determine c by the 
equation 


0-- [Ἕ tae if "“{8(2) — οὐ ἀκ = [ "'G(«) ἴα — νι 


Substituting this value οὗ c in the above equation and taking ζ = A(z) — ο, 
we at once have 


[ "(8 (a) — ,κὰς = 0. 


Since by hypothesis the integrand is continuous, or at least sectionally 
continuous, it follows that 
ϑ(α) -- c= 0 


is an identity in z, as was stated in the lemma. 


3. Solution of Euler’s Differential Equation. Examples. 


To find the solutions wu of the minimum problem we have 
(p. 497) to find a particular solution of Euler’s differential equation 
for the interval 2722, which assumes the prescribed 
boundary values y, and y, at the end-points. As the complete 
integral of Euler’s differential equation of the second order 
contains two constants of integration, it is generally possible to 
make these two constants fit the boundary conditions, the latter 
giving two equations which the constants of integration must 
satisfy. 

In general it is not possible to solve Euler’s differential 
equation explicitly in terms of elementary functions or quadra- 
tures. In the general case we have to be content to establish 
the fact that the variation problem does reduce to a problem in 
differential equations. On the other hand, in important special 
cases and, in fact, in most of the classical examples, the equation 
can be solved by means of quadratures. 

The first case is that in which F does not contain the deri- 
vative y’ = φ' explicitly: F = Ζιφ, x). Here Euler’s differential 
equation is simply F,(u, z)=0; that is, it is no longer a 
differential equation at all but forms an implicit definition of 
the solution y= u(x). Here of course there is no question of 
integration constants or the possibility of satisfying boundary 
conditions. 

The second important special case is that in which F does 
not contain the function y = ¢(z) explicitly: F = F(y’, x). Here 
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Euler’s differential equation is a (F,,) = 0, which at once gives 
ων 


 ΞΞ 0, 


where c is an arbitrary constant of integration. We may use 
this equation to express μ΄ as ὃ function, f(z, c), of x and c, and 
we then have the equation 


ul = f(a, ὁ), 


from which by a simple integration (quadrature) we obtain 
u=| f(é, c)d& + a, 
0 


that is, u is expressed as a function of x and 6, together with an 
additional arbitrary constant of integration a. In this case, 
therefore, Euler’s differential equation can be completely solved 
by quadrature. 

The third case, which is the most important in examples and 
applications, is that in which F’ does not contain the independent 
variable z explicitly: F = Fy, y’). In this case we have the 
following important theorem: 

If the independent variable x does not occur explicitly un the 
variation problem, then 


E= Flu, wv)—wvF Au, ἡ ΞΞ ὁ 


is an integral of Euler’s differential equation. That 1s, if we sub- 
stitute in this expression a solution u(x) of Euler’s differential 
equation for F, the expression becomes a constant independent of x. 

The truth of this statement follows at once if we form the 
derivative dE/dx. We have 


ΟΝ Fy + Pye"! — τὰ — ἀξ, — wu Py, 
dz 
or 
ἀξ _ Πιῆ--ῦ; 
dx 


hence for every solution ὦ of Euler’s differential equation we have 
E = ᾿ς, where ὁ is a constant. 
If we think of uw’ as calculated from the equation # =e, 
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say ὧ΄ = f(u, c), a simple quadrature applied to the equation 


dx 1 

ἀμ f (u, ¢) 
gives x = 9(u, c) +- a (where a is another constant of integration), 
1.6, & is expressed as a function of u, 6, and a, and by solving for u 
we obtain the function u(#, c, a). Hence the general solution 
of Kuler’s differential equation, depending on two arbitrary 
constants of integration, is obtained by a quadrature. 


We shall now use these methods to discuss a number of 
examples. 


1. General Note.—There is a general class of examples in which F is 
of the form F = g(y)V(1 + y’*), where g(y) is a function depending 
explicitly on y only. For the extremals y == u our last rule at once gives 


g(v) ν᾿ + «Ὁ — g(uyu’?/V(1 + wu’) = ὁ 


or 
AY) ie 
νὴ ” 


U7? = or 1, 


ἀν 1 
du WV ig(u)}/e2 — 1 


and on integrating we have the equation 


eee ee... 
ag Vigu)}2/c8 — 1 


where 6 is another constant of integration. By evaluating the integral on 
the right and imagining the equation solved for u, we obtain u as a function 
of x and of the two constants of integration c and ὃ. 


2. The Surface of Revolution of Least Area.—In this case g = y. The 
integral given above becomes 


du τ 
z—b= [πο ἘΣ = car cosh ὅς 
/u2/c ~ 1 c 


hence the result is 


ἡ εὐ πα δ 


That is, the solution of the problem of finding a curve which on rotation 
gives a surface of revolution with stationary area is a catenary. | 
A necessary condition for the occurrence of such a stationary curve is 


Vit) | EULER'S DIFFERENTIAL EQUATION 505 


that the two given points A and B can be joined by a catenary for which 
y > 0. The question whether the catenary really represents ἃ minimum 
cannot be discussed here. 


8. The Brachistochrone-—Another example is obtained by taking 
g=1/Vy. This is the problem of the brachistochrone. By means of the 
substitutions 1/c? = k, w= kt, τ = sin®6/2 the integral 


du 
/ Fiat 


is immediately transformed into 


ᾳ -- ὃ -- bf |(t.)e= uf -- cos6)d9, 
- τ 


2 — b= 180 — sin®), 


whence 


= u= 4k(1 — cos). 


The brachistochrone is accordingly (cf. Vol. I, p. 261) a common cycloid 
with its cusps on the z-axis. 


EXAMPLES 
Find the extremals for the following integrands: 


1.F=Vylty®) 2% F=V1+ yy. 8. F=yV1— y?. 


4. Find the extremals for the integrand F = a”y’2, and prove that if 
n = 1 two points lying on opposite sides of the y-axis cannot be joined by 
an extremal. 

5. Find the extremals for the integrand y"y, where 2 and ™ are even 
integers. 

6. Find the extremals for the integrand F = ay”? + 2byy’ + cy’, 
where a, ὃ, ¢ are given continuously differentiable functions of z. Prove 
that Euler’s differential equation is a linear differential equation of the 
second order. Why is it that when 6 is constant this constant does not 
enter into the differential equation at all? 

7. Show that the extremals for the integrand F= eV/1+ ν΄ are 
given by the equations sin (y — δ) = e—@—-@ and y= ὃ, where a, b are 
constants. Discuss the form of these curves, and investigate how the 
two points A and B must be situated if they can be joined by an extremal 
are of the form y = f(z). 

8. For the case where F does not contain the derivative y’, deduce 
Euler’s condition F, = 0 by an elementary method. 


9. Find a function giving the absolute minimum of 


Iy)= fo y%ae 
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with the boundary conditions 
(2) γί) = y(1) = 0; 
(6) ¥9)=90, ψ(!) Ξξ 1. 


4, Identica] Vanishing of Euler’s Expression. 


Kuler’s differential equation for F(x, y, y’) may degenerate 
into an identity which tells us nothing, i.e. into a relation which 
is satisfied by every admissible function y = ¢(z). In other words, 
the corresponding integral may be stationary for any admissible 
function y = ¢(z). If this degenerate case is to occur, Euler’s 
expression F', — Fy, — Fyyy’ — Fy,y” must vanish at every 
point x of the interval, no matter what function y= φ() is 
substituted in it. We can, however, always find a curve for 
which y= ¢, γ΄ = φ', and γ΄ = ς΄ have arbitrary prescribed 
values at a definite point. Euler’s expression must therefore 
vanish for every quartet of numbers ὦ, y, y’, y’’. We conclude that 
the coefficient of y’’, ie. ἔμεν», must vanish identically. F must 
therefore be a linear function of y’, say F = ay’ + 6, where a and 
6 are functions of x and y only. If we substitute this in the 
remaining part of the differential equation, 


Py y! Ἔ Lg fy = 0, 
it follows at once that 


fa ἤ 
AayY + α, -- ayy — by, 
or 
hy — by; 


must vanish identically in x and y. In other words, Euler’s ex- 
pression vanishes identically if, and only if, the integral is of the 
form 


l= if {α(α, yy’ + B(a, y)} da = f ady + bdz, 


where a and 6 satisfy the condition of integrability which we 
have already met with in Chap. V, § 1 (p. 353), that is, where 
ady + bdz is a perfect differential. 
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3. GENERALIZATIONS 


1. Integrals with More than one Argument Function. 


The problem of finding the extreme values (stationary values) 
of an integral can be extended to the case where this integral 
depends not on a single argument function but on a number 
of argument functions ¢,(x), ¢o(x), ..., φ,μ(α). The typical problem 
of this type may be formulated as follows: 

Let F(a, dy, .--> dn $1, --+» On) be a function of the 
(2n - 1) arguments 2, ¢,,..., dn, which is continuous and has 
continuous derivatives up to and including the second order in the 
interval under consideration. If we replace y, = ¢; by a function 
of x with continuous first and second derivatives, and ¢,’ by its 
derivative, F becomes a function of the single variable x, and the 
integral 


If dy, platy 4.}- [Τα brs sea Φ,» φχ,, ves Gy) Ox 


over a given interval x S 5 SX @, has a definite value determined 
by the choice of these functions. 

In the comparison we regard all functions ¢,(7) as admissible 
which satisfy the above continuity conditions and for which the 
boundary values ¢,(z,) and ¢,(z,) have prescribed fixed values. 
In other words, we consider the curves y; = ¢,{x) joining two 
given points A and B in (ἢ +- 1)-dimensional space in which the 
co-ordinates are ¥,, Yo, .- +» Yn, % The variation problem now 
requires us to find, among all these systems of functions 
d(x), one (y;= φ,(2) = u,(x)) for which the above integral 
I{¢,, .. +; dn} has an extreme value (a maximum or a 
minimum). 

Here again we cannot discuss the actual nature of the 
extreme value, but shall confine ourselves to inquirmg for 
what systems of argument functions ¢,(x) = u,(x) the integral is 
stationary. 

We define the concept of stationary value in exactly the same 
way as we did in ὃ 1 (p. 496). We include the system of functions 
u(x) in a one-parameter family of functions depending on the 
parameter ε, in the following way. Let 7,(Z), ..., n(x) be  arbi- 
trarily chosen functions which vanish for «= a and «= a, are 
continuous in the interval, and possess continuous first and 
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second derivatives there. Then we consider the family of functions 
yi = φι(α) = uz) + en,(2). 

The term en,(x) = Su; is called the variation of the function 
u; If we substitute the expressions for ¢, in I{,,..., da}, this 
integral is transformed into 


D(e) --[ F(z, Uy EN, «00, Unt En, Uy’ + EN’, «249 Un’ + €n,') da, 


which is a function of the parameter «. A necessary condition 
that there may be an extreme value for ¢, = u,, i.e. for ε = 0, 
18 

©'(0) = 0. 


Just as in § 1, p. 496, we say that if the equation Φ'΄ (0) = 0 
holds, or, ag we may also say, if the equation 


δ] = «®’(0) = 0 


holds, no matter how the functions 7, are chosen subject to the 
conditions stated above, the integral J has a stationary value for 
Φι =u, In other words, stationary character of the integral for 
a fixed system of functions u,(z) and vanishing of the first varia- 
tion δ] mean the same thing. 

We have still the problem of setting up conditions for the 
stationary character of the integral which no longer contain the 
arbitrary variations 7, To do this we do not require any new 
ideas, but proceed as follows. If we take ἢ, 73, ..., %_ a8 identi- 
cally zero, i.e. if we do not let the functions wy, ..., U, vary, 
and thus consider the first function ¢,(z) as alone variable, the 
condition ©’(0) = 0, by ὃ 2, p. 498, is equivalent to Euler’s 
differential equation 

ὦ 
F,, Ι, F,- = 0. 
As we can pick out any one of the functions u,(x) in the same way, 
we obtain the following result: 

A necessary and sufficient condition that the integral 
I{u,, Ug, ..., u,} may be stationary is that the n functions u,(x) 
shall satisfy the system of Euler’s equations 

ὦ 


τὼ — 7 Fue = 0 (c= 1,2,..., ἢ). 
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This is a system of differential equations of the second order, 
n in number, for the n functions u,(z). All solutions of this 
system of differential equations are said to be eatremals of the 
variation problem. Thus the problem of finding stationary values 
of the integral reduces to the problem of solving these differential 
equations and adapting the general solution to the given boundary 
conditions.* 


2. Examples. 


The possibility of giving a general solution of the system of 
Euler’s differential equations is even more remote than in the 
case in § 2. It is only in very special cases that we can find all the 
extremals explicitly. Here the following theorem, analogous to 
the particular case on p. 503, is often useful: 

If the function F does not contain the independent vartable 
x explicitly, F = F(¢,, ..-; bn: drs --+> bn), then the expression 

Ε -- F(u, eee y Un, Uy’, ere Un) — Σ εἰς Puy 
ἐπεὶ 
is an integral of Euler’s system of differential equations. That 
is, if we consider a system of solutions u,(z) of Euler’s system 
of differential equations, we have for this solution 


E = F soe Lu, Γ᾽ ΓΝ == const. =— Ο, 


where, of course, the value of this constant depends upon the 
system of solutions which is substituted. 

The proof follows the same lines as in § 2 (p. 503); we differen- 
tiate the left-hand side of our expression with respect to x and, 
using Euler’s differential equations, verify that the result is 
zero. 


A trivial example is the problem of finding the shortest distance between 


* Using Lemma II (§ 2, p. 500), we can prove that these differential equations 
must hold, under the general assumption that the admissible functions need 
only have sectionally continuous first derivatives. For the beginner who wishes 
to concentrate on the essential mechanism of the subject, however, it is more 
convenient to include continuity of the second derivatives in the conditions of 
admissibility of the functions ¢,(z). We can then work out the expressions 


i F,,/ and write them in the more explicit form 


n Tt 
2 Pane” ἘΣ Papas “+ Fou, 
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two points in three-dimensional space. Here we have to determine two 
functions y = y(x), z= z(x) such that the integral 


f Vat νην 20 


has the least possible value, the values of y(x) and 2(x) at the end-points 
of the interval being prescribed. Euler’s differential equations give 


whence it follows at once that the derivatives ψ (2) and z’(x) are constant; 
hence the extremals must be straight lines. 

Somewhat less trivial is the problem of the brachistochrone in three 
dimensions. (Gravity is again taken as acting along the positive y-axis.) 
Here we have to determine y = y(x), z= 2(z) in such a way that the 


integral 
x 72 4 xy 
i (5:3 Jaz = ii Fi, of, de 
Xe ᾽ν Xo 


is stationary. Euler’s differential equations give 
2! 1 


Vi Vara 


P—yFy — 27k y= 


= ὦ, 


1 1. 
Vi Vat yt τῇ 
where ὦ and 6 are constants. By division it follows that z’=a/b=k 


is likewise constant. The curve for which the integral is stationary must 
therefore lie in a plane z= kx +h. From the further equation 


1 1 
Vy Vit B+ y) 
there follows the fact, obvious from § 2 (p. 505), that this curve must again 
be a cycloid. 


’ 


EXAMPLE 


Write down the differential equations for the path of a ray of light 
in three dimensions in the case where (polar co-ordinates r, 0, φ being 
used) the velocity of light is a function of r (cf. § 1, Ex. 2, p. 497). Show 
that the rays are plane curves. 


3. Hamilton’s Principle. Lagrange’s Equations. 


Kuler’s system of differential equations has a very impor- 
tant bearing on many branches of applied mathematics, especially 
dynamics. For the motion of a mechanical system consisting 
of a finite number of heavy particles can be expressed by the 
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condition that a certain expression, the so-called Hamilton's 
integral, is stationary. Here weshall briefly explain this connexion. 

A mechanical system has n degrees of freedom if its position 
is determined by m independent co-ordinates 4), 42» - - - » Qn 
If, for example, the system consists of a single particle, n = 3, 
since for 4)», 4» 3 We can take the three rectangular co-ordinates 
or the three polar co-ordinates. Again, if the system consists of 
two particles which are held at unit distance apart by a rigid 
connexion——assumed to have no mass—then = 5, since for 
the co-ordinates q, we can take the three rectangular co-ordinates 
of one particle and two other co-ordinates determining the 
direction of the line joining the two particles. 

A dynamical system can be described with sufficient generality 
by means of two functions, the kinetic energy and the potential 
energy. If we think of the system as moving in any way, the 
co-ordinates 4, will be functions q,(¢) of the time ¢, the ** com- 
ponents of velocity ” being 4; = dq,/dé. Then associated with 
the dynamical system there is a function which we call the 
kinetic energy and which is of the form | 


T (9; ~+29 Qn» 61: . ὦ ὦ 5 Gn) = 2 Fendi (Aix = Ay). 


The kinetic energy, therefore, is a homogeneous quadratic ex- 
pression in the components of velocity, the coefficients ας; being 
taken as known functions, not depending explicitly on the time, 
of the co-ordinates 4,» ..- » 44 themselves.* 

In addition to the kinetic energy, the dynamical system 
is supposed to be characterized by another function, the poten- 
tial energy U(q,, . . - » Yn)» Which depends on the co-ordinates of 
position g; only and not on the velocities or the time. 

Now Hamilton’s principle is as follows: the actual motion of 


* We obtain this expression for the kinetic energy T by thinking of the 
individual rectangular co-ordinates of the particles of the system as expressed 
as functions of the co-ordinates q,,.--» 4η0.- Then the rectangular velocity 
components of the individual particles can be expressed as linear homogeneous 
functions of the g,’s, and finally the elementary expression for the kinetic 
energy is formed, namely, half the sum of the products of the individual masses 
and the squares of the corresponding velocities. 

+ As is shown in dynamical textbooks, this potential energy determines the 
external forces acting on the system. In bringing the system from one position 
into another mechanical work is done; this is equal to the difference between 
the corresponding values of U and does not depend on the path by which the 
transference from one position to another takes place. 
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ἃ dynamical system in the interval of time t,<¢<#, from a 
given initial position to a given final position is such that for this 
motion the integral 


Aft, «--»4.}-- [Ὁ — U)de 


is stationary, if in the comparison we include all continuous 
functions 9,(t) which have continuous derivatives up to and includ- 
ing the second order and which for ὁ = ἐρ and t= #t, have the 
prescribed boundary values. 

This principle of Hamilton’s is a fundamental principle of 
dynamics. The advantage of it is that it forms a brief summary 
of the laws of dynamics. When applied to Hamilton’s principle, 
the general theory of this chapter gives Lagrange’s equations, 


4 of of οὔ 
di 0g, 09; 04; 
which are the fundamental equations of higher dynamics. 

Here we shall merely make one noteworthy deduction, namely, 
the law of the conservation of energy. 

Since the integrand in Hamilton’s integral does not depend 
explicitly on the independent variable ¢, the solution q,(¢) of the 
differential equations of dynamics must be such as to make the 
expression 


; (1 Ξ-Ξ 1, 2,...,%) 


o(f — U) 

Og; 
constant. Since U does not depend on the g,’s and T is a homo- 
geneous quadratic function in them (cf. p. 109), 


. A(T — U) , of 
29 ¢————_— = Σύ, — = 37, 
τ Og; Og: 


E=T—U— Σῴ, 


Hence 
T + U = const.; 


that is, during the motion the sum of the kinetic energy and the 
potential energy does not vary with the time. 


4. Integrals Involving Higher Derivatives. 

Methods analogous to those used in the examples discussed 
previously can be used to attack the problem of the extreme 
values of integrals in which the integrand F not only contains 
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the required function y= ¢ and its derivative ¢’, but also in- 
volves higher derivatives, e.g. the second. For example, suppose 
we wish to find the extreme values of an integral of the form 


I {op} = [ “Fee, φ, φ', φ' γά:, 


where in the comparison those functions y = φ(“) are admissible 
which, together with their first derivatives, have prescribed 
values at the end-points of the interval, and which also have 
continuous derivatives up to and including the fourth order. 

To find necessary conditions for an extreme value we again 
assume that y = u(x) is the desired function. We then include 
it in a family of functions y= φ(α) = u(x) + en(x), where ε is 
an arbitrary parameter and 7(x) an arbitrarily-chosen function 
with continuous derivatives up to and including the fourth order, 
which together with its derivatives vanishes at the end-points. 
The integral then takes the form ®(e), and the necessary condition 


Φ' (0) = 0 


must be satisfied for all these functions 7(z). Proceeding in a 
way analogous to that in § 2 (p. 498), we differentiate under the 
integral sign and thus obtain the above condition in the form 


[GPa t Fe t 1Fu)de= 0, 
Xe 


which must be satisfied if u is substituted for 4(x). Integrating 
once by parts we reduce the term in 7’(x) to one in ἡ, and integrat- 
ing twice by parts we reduce the term in η΄ (2) to one in ἡ; taking 
the boundary conditions into account, we easily obtain 


d 2 
[τ0.- 5, Fe + Fy) de = 0. 


"Hence the necessary condition for an extreme value, i.e. that the 
integral may be stationary, is Kuler’s differential equation 


Lu] = F,— ὧν», + Fe = 0. 
U dz - dx2 u 


The reader can verify for himself that this is a differential equa- 


tion of the fourth order. 
18 (E912) 
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EXAMPLE 
Consider 


“1 
ik (9? — 2fo)dx, 
Xo 


where f(x) is a given function. Here Euler's differential equation is 
ui? — f(x) = 0. 


5. Several Independent Variables. 


The general method for finding necessary conditions for an 
extreme value can equally well be applied when the integral 
is no longer a simple integral but a multiple integral. Let 
D be a given region bounded by a sectionally smooth curve [ 
in the zy-plane. Let F(x, y, $, $x, $y) be a function which is 
continuous and twice continuously differentiable with respect to 
all five of its arguments. Ifin Κ΄ we substitute for ¢ a function 
φ(α, y), which has continuous derivatives up to and imcluding 
the second order in the region D and has prescribed boundary 
values on Γ΄, and if we replace ¢, and ¢, by the partial deriva- 
tives of ¢, F becomes a function of # and y, and the integral 


1{4}-- [ [ Fe, ψ, φ, Puy dy) dxdy 


has a value depending on the choice of ¢. The problem is that 
of finding a function d= u(x, y) for which this value is an 
extreme value. 

To find necessary conditions we again use the old method. 
We choose a function 7(z, y) which vanishes on the boundary I’, 
has continuous derivatives up to and including the second order, 
and is otherwise arbitrary; we assume that u is the required 
function and then substitute ᾧ = w+ ey in the integral, where 
eis an arbitrary parameter. The integral again becomes a function 
(ce) and a necessary condition for an extreme value is 


Φ΄ (0) = 0. 
As before, this condition takes the form 
f feuPe + nePs, + Fs, dandy = 0. 


To get rid of the terms in y, and ἣν under the integral sign we 
regard the double integral as a repeated integral, and integrate 
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one term by parts with respect to ὦ and the other with respect 
to y. Since 7 vanishes on I’, the boundary values on I fall out, 
and we have 


[fo [ν, - τ = P,,|dedy 0. 


Lemma I of § 2 (p. 499) can be extended at once to more 
dimensions than one, and we immediately obtain Huler’s partial 
differential equation of the second order, 


ὃ 0 
—~_ Ff, ——F, ΞΞ 0. 


EXAMPLES 


1, F= 9,7+ 9,7. If we omit the factor 2, Euler's differential equation 
becomes 
AU = Uge + Uyy = 0. 


That is, Laplace’s equation has been obtained from a variation problem. 


2. Minimal Surfaces. Plateaw’s Problem.—To find a surface z = f(z, y) 
over the region D, which passes through a prescribed curve in space whose 
projection is I‘, and whose area 


{{νὰ + φ," + oy?) σαν 


is a minimum. 
Here Euler’s differential equation is 


02 4/(1 + ug? + uy*) dy ΜᾺ + u,? + u,?) : 


or, in expanded form, 
Ung + Uy?) — Quy jUgtty + Uyy(l + u,*) = 0. 


This is the celebrated differential equation of minimal surfaces, which we 
cannot discuss further here. 


6. Problems Involving Subsidiary Conditions. Euler’s Multiplier. 


In discussing the theory of ordinary extreme values of func- 
tions of several variables in Chapter ΠῚ, ὃ 6 (p. 191) we con- 
sidered the case where these variables are subject to certain 
subsidiary conditions. In this case the method of undeter- 
mined multipliers led to a particularly clear expression for the 
conditions that the function may have a stationary value. An 
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analogous method is of even greater importance in the calculus of 
variations. Here we shall briefly discuss the simplest cases only. 

(a) Ordinary Subsidiary Conditions.—As a typical case we 
consider that of finding a curve z= z(t), y= y(t), z= 2) 
(ὦ S¢S4) in three-dimensional space, expressed in terms of 
the parameter ἔ, subject to the subsidiary condition that the 
curve shall lie on a given surface G(x, y, 2) = 0 and shall pass 
through two given points A and B on that surface. What we 
have to do, then, is to make an integral of the form 


ty 
f Fay, τ, ἐ, 9, aa 
bo 


stationary by suitable choice of the functions x(t), y(é), 2(2), 
subject to the subsidiary condition G(x, y, 2) = 0 and the usual 
boundary conditions and ccntinuity conditions. 

This problem can be immediately reduced to the cases dis- 
cussed in sub-section 1 (p. 507). We assume that 2(t), y(t), z(t) 
are the required functions. We assume further that on the 
portion of surface on which the required curve is to lie z can be 
expressed in the form z= g(x, y). This is certainly the case if 
G, differs from zero on this portion of the surface. If we assume 
*hat on the surface in question the three equations G, = 0, 
G, = 0, «7, Ξξ 0 are not simultaneously true and confine our- 
selves to a sufficiently small portion of surface, we can suppose 
without loss of generality that G,=+-0. If we then substitute 
z= g(z, y) and ¢=g9,%-+ 9,y under the integral sign, the 
problem becomes one in which x(é) and y(t) are functions inde- 
pendent of one another. Thus we can immediately apply the 
result of sub-section 1 (p. 508) and write down the conditions 
that the integral J may be stationary, by applying the aforesaid 
result to the integrand 


F(a, Y; g(x, y), L,Y, Te + Yu) = H(z, ψ, ὦ, 4). 


We then have the two equations 


d ἄ ad ΟΣ 
aye Hem he Pot Gigs) — Peg δα 
ad d ὦ ΟΣ 
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ao oe 4," By 
as we see at once on differentiation. Hence we have 


4 F,— Fetg.(4 Fi Fe) =0 


dt dt 
d d 
a fa Fy +9,(5 Fe ,) = 0. 
If for brevity we write 
d 
—_F,—F,= AG, οι τ (A 
dt 3 Ζ ( ) 
that is, if we introduce a multiplier A(¢), and use the facts that 
Ja = —Gz/Gp συ = —G@,/G,, we obtain the two further equations 
d 


— F.—F,=)Gy, τ... (A 
fe Fa λθ (A) 


CF, Fy= My oe νον 


We thus have the following condition that the integral may 
be stationary: 

If we assume that G,, G,, @, do not all vanish simultaneously 
on the surface G = 0, the necessary condition for an extreme 
value is the existence of a multiplier A(f) such that the three 
equations (A) given above are simultaneously satisfied in addition 
to the subsidiary condition G(x, y, z)=0. That is, we have 
four symmetrical equations determining the functions <(¢), ψ(), 
z(t) and the multiplier Δ. 

The most important special case of this is the problem of 
finding the shortest line joining two points A and B on a given 
surface G = 0, on which it is assumed that the gradient gradG 
does not vanish. Here 


Fatt p+), 
and Euler’s differential equations are 
d ῷ 
Ἔρος, «Σ΄ ς΄ ἘΞ AGS. 
ἄν γῶδ ἢ  * 
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d gj 
ἄν γ ΩΣ + y+ 2) 
d ὦ 
---ς-- ἀὴρ 
dt (δ + P+ #) 


These equations are invariant with respect to the introduction 
of a new parameter ¢. That is, as the reader may easily verify 
for himself, they retain the same form if ¢ is replaced by any other 
parameter r= τί), provided that the transformation is one-to- 
one, reversible, and continuously differentiable. If we take the 
arc as the new parameter, in other words, if we assume that after 
the introduction of the new parameter ὦ -ἰ- 97+ 2= 1, our 
differential equations take the form 


dx | dz 
=, =, τες. 
The geometrical meaning of these differential equations is 
that the osculating planes * of the extremals of our problem 
are orthogonal to the surface G=0. We call these curves 
geodesics of the surface. The shortest distance between two 
points on a surface, then, is necessarily given by an arc of a 
geodesic. 


=0: 


λα, 


EXAMPLE 


Show that the same geodesics are also obtained as the paths of a particle 
which is constrained to move on the given surface G = 0, subject to no 
external forces. (In this case the potential energy U vanishes and the 
reader may apply Hamilton’s principle (p. 512).) 


(Ὁ) Other Types of Subsidiary Conditions——In the problem 
discussed above we were able to eliminate the subsidiary con- 
dition by solving the equation determining the subsidiary 
condition and thus reducing the problem directly to the type 
discussed previously. With other kinds of subsidiary conditions 
which frequently occur, however, it is not possible to do this. 
The most important case of this type is the case of “ isoperi- 
metric’ subsidiary conditions. The following is a typical 
example. 

With the previous boundary conditions and continuity con- 
ditions, the integral 


ἜΤ. the planes containing the vectors (x, y, 2) and (2, ¥, 2) (cf. Ex. 1, 2, 4, 
pp. 93-4). 
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I(g}= "Fe, Φ, ¢’)de 


is to be made stationary, the argument function ¢(z) being 
subject to the further subsidiary condition 


H{$}= f “Gla, ¢, ¢’)dx = a given constant 6. 


A particular case of this (F = φ, G = +/(1 + $”)) is the classical 
isoperimetric problem. 

This type of problem cannot be attacked by our previous 
method of forming the “ varied ” function ᾧ = ὦ + en by means 
of an arbitrary function 7(x%) vanishing on the boundary only. 
For in general these functions do not satisfy the subsidiary 
condition in a neighbourhood of ε = 0, except at «= 0. We can 
attain the desired result, however, by a method similar to that 
used in the original problem, by introducing, mstead of one 
function 7 and one parameter ε, two functions 7,(z) and 7,(z), 
which vanish on the boundary, and two parameters εἰ and ες. 
Assuming that ᾧ τὸ wu is the required function, we then form 
the varied function 


P= Ut Em + aM» 


If we introduce this function into the two integrals, we obtain 
the following as a necessary condition for an extreme value or 
stationary character of the integral 


[= [Ἕ F(x, u+ em + ερὴ.. Μ΄ + ey’ + ea) da = Φ(ε, ε), 
subject to the subsidiary condition 
H = Ἢ G(x, Ut ey + ἐςῆ.» Μ΄ + εἰῆι + ἐη2) ὦ = ‘P(e, ε2) = c: 


the function ®(e,, €,) is to be stationary for εἰ = 0, ¢, = 0, where 
ει» ἐς Satisfy the subsidiary condition 


F(a, Eg) = 6. 


A simple discussion, based on the previous results for ordinary 
extreme values with subsidiary conditions, and in other respects 
following the same lines as the account given in § 2 (p. 498), 
then leads to this result: 
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Stationary character of the integral 18 equivalent to the existence 
of a constant multiplier Δ such that the equation H = ὁ and Euler’s 
differential equation 


Ὁ (Fie + AG) — (Fu + AG,) = 0 
dx 


are satisfied. An exception to this can only occur of the function 
Ὁ satisfies the equation 
d 


w — G, = 9. 
dx 


The details of the proof may be left to the reader, who may 
consult the literature on this subject.* 


EXAMPLES 
1. Use the method of Euler’s multiplier to prove that the solution 
of the classical isoperimetric problem is a circle. 


2. A thread of uniform density and given length is stretched between 
two points A and B. If gravity acts in the direction of the negative y-axis, 
the equilibrium position of the thread is that in which the centre of gravity 
has the lowest possible position. It is accordingly a question of making 


x4 
an integral of the form} yV(1-+ ν΄») ἀκ a minimum, subject to the sub- 


o 
sidiary condition that is V(1-+ y’)dz has a given constant value. Show 
that the thread will hang i in a catenary. 


MiscELLANEOUS ExampLeEs VII 


1. Show that the geodesics on a cylinder are helices. 
2. Find Euler’s equations in the following cases: 


(a2) F= V(1+ y%) + y9(x), 
" _y¥® 

(Ὁ) F= T+ ye + ψΨθ(5), 

(c) F=y?—y?+¥%, 

(d) F= y/(1+ y’) 


3. If there are two independent variables, find Euler’s equations in the 
following cases: 


* E.g. O. Bolza, Lectures on the Calculus of Variations (University of Chicago 
Press, 1904); G. A. Bliss, The Calculus of Variations (Open Court Publishing 
Company, Chicago, 1925). 
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(2) F = ἀφ," + 2be,py + σφ," + 9d, 
(8) F= (Pre + Pyy)? == (Ao), 
(0) F = (Ag? + (φωαφυν — Pay) 
4. Find Euler’s equations for the isoperimetric problem in which 
δ. 
(au'2 + Qbuw’ - οὐδ) da 
Xo 


is to be stationary subject to the condition 


χι 
[ δα = 1, 
Xe 


5. Let f(z) be a given function. The integral 
Xe)= [ Flado(a)de 
is to be made a maximum subject to the integral condition 
Ho) = fi gtde = κ' 


(where K is a given constant). 

(a2) Find the solution u(x) from Euler’s equation; 

(6) Prove by applying Schwarz’s inequality that the solution found 
in (a) gives the absolute maximum for 1. 


185 (Ε912) 


CHAPTER VIII 


Functions of a Complex Variable 


In Chap. VIII, § 7 (p. 410) of Vol. I we touched on the theory 
of functions of a complex variable and saw that this theory 
throws new light on the structure of functions of a real variable. 
Here we shall give a brief but more systematic account of the 
elements of that theory. 


1. INTRODUCTION 


1. Limits and Infinite Series with Complex Terms. 


We start from the elementary concept of a complex num- 
ber z= @-+ ty (cf. Vol. I, p. 73) formed from the imaginary 
unit ¢ and any two real numbers z, y. We operate with these 
complex numbers just as we do with ordinary numbers, with the 
additional rule that 72 may always be replaced by —1. We re- 
present x, the real part, and y, the imaginary part of z, by rect- 
angular co-ordinates in an zy-plane or a “complex z-plane ”’. 
The number 7 = ὦ — ty 15 called the complex number conjugate to 
z. If we introduce polar co-ordinates (r, 8) by means of the rela- 
tions z= 1rcos0, y= 1 sin θ, 6 is called the argument (or ampli- 
tude) of the complex number and r = 4/(2? + ¥°) = Vzz=|2| 
its absolute value (or modulus). 

We can immediately establish the so-called “triangle in- 
equality ” satisfied by the complex numbers z,, 25, and 2, + 2; 


lal Slal+ 129]; 
and the further inequality 
| 14} — | ue] S| ὦ — we], 


which follows immediately from it, if we put 2, = τ΄ — Ug, 2 = Up. 
B22 
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The “ triangle inequality ” may be interpreted geometrically as follows: 
we can represent the complex numbers 2,, 2, by vectors in the zxy-plane 
with components ἃ» y, and 2, y, respectively. The vector which repre- 
sents the sum z, + z, is then simply obtained by vector addition of the 
two first vectors. The lengths of the sides of the triangle so formed are 
| 2, |, |2.|, [25 - 2.|. Thus the “ triangle inequality ” merely expresses 
the fact that any one side of a triangle is less than the sum of the 
other two. | 


The essentially new concept which we now have to con- 
sider is that of the limit of a sequence of complex numbers. We 
state the following definition: a sequence of complex numbers 
z, tends to a limit z provided | z,— | tends to zero. This 
of course means that the real part and the imaginary part of 
z, — z both tend to zero. Cauchy’s test applies: the necessary 
and sufficient condition for the existence of a limit z of a sequence 
2, 18 lim | 2, — 2, | = 0. 


u— @ 
ni —> © 


A particularly important class of limits arises from infinite 
series with complex terms. We say that the infinite series with 
complex terms, 

οὐ 
Σ Cys 


νΞεΌ 


converges and has the sum S, if the sequence of partial sums 


n 
S, = Ze, 


νξξθ 


tends to the limit S. If the real series with non-negative terms, 
Σ| Calls 
v=0 


converges, it follows, just as in Chap. VIII of Vol. I (p. 369), 
that the original series with complex terms also converges. The 
latter series is then said to be absolutely convergent. 

If the terms c, of the series, instead of being constants, 
depend on (2, y), the co-ordinates of a point varying in a region 
R, the concept of uniform convergence acquires a meaning. The 
series is said to be uniformly convergent in F# if for an arbitra- 
rily small prescribed positive ε a fixed bound N can be found, 
depending on ¢ only, such that for every n = N the relation 
| S,— S|<e holds, no matter where the point z= z + ty lies 
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in the region R. Uniform convergence of a sequence of complex 
functions S,(z) depending on the point z of R may of course 
be defined in exactly the same way. All these relations and 
definitions and the associated proofs correspond exactly to those 
with which we are already familiar from the theory of real 
variables. | 
The simplest example of a convergent series is the geometric 
series 


liz~et+t2+et+.... 


Just as in the case of the real variable, we have 


we see that the geometric series converges absolutely provided 
|z|<1, and also that the convergence is uniform pro- 
vided |2| <q, where q is any fixed positive number between 
0 and 1. In other words, the geometric series converges absolutely 
for all values of z within the unit circle and converges uniformly 
in every closed circle concentric with the unit circle and with a 
radius less than unity. 

For the investigation of convergence the principle of comparison 
is again available: if | c,| < p,, where p, is real and non-negative, 


and if the infinite series & p, converges, then the complex series 
=0 


xc, converges absolutely. 

If the p,’s are constants, while the c,’s depend on a point z 
varying in R, the series Zc, converges uniformly in the region in 
question. The proofs are word for word the same as the corre- 
sponding proofs for the real variable (Vol. I, Chap. VIII, p. 392) 
and therefore need not be repeated here. 

If M is an arbitrary positive constant and q a positive number 
between 0 and 1, the infinite series with the positive terms p, = Mq’ 


or vMq’-" or 4 qg’*2 also converge, as we know from Vol. I, 
Vv 


Chap. VIII, p. 401. We shall immediately make use of these 
expressions for purposes of comparison. | : 


VIII _ INTRODUCTION 525 


2. Power Series. 


The most important infinite series with complex terms are 
power series, in which ὁ, is of the form ὁ, Ξε 4,2’; that is, a 
power series may be expressed in the form 


P(z) = Xa, 
y= @ 
or, somewhat more generally, in the form 


Σ a,(% — 29)". 

yn 0 
where 2, is ἃ fixed point. As this form can, however, always be 
reduced to the preceding one by the substitution 2’ = z— %, 
we need only consider the case where z= 0. 

The main theorem on power series is word for word the same 
as the corresponding theorem for real power series in Chap. VIIT 
of Vol. I (p. 399). If the power series converges for z= &, w con- 
verges absolutely for every value of z such that|z|<|& |. Further, 
uf q is α positive number less than 1, the series converges uniformly 
within the circle |z| Sq| ξ [. 

We can at once proceed to the following further theorem: 

The two serves 


D(z) = Σ va,z"-1 
να] 


1(2) = Σ Pe ae gvtt 
vag V+] 


also converge absolutely and uniformly if | z| <q | é|. 

The proof follows exactly as before. Since the series P(z) 
converges for z= &, it follows that the n-th term, a,¢", tends to 
zero as ἢ increases. Hence a positive constant VM certainly exists 
such that the inequality | a,é*| < M holds for all values of n. 
If now | z|=q| é|, where ain we have 


M|é\ git. 
nti? 


a,2"|< M na, 23 cot ng”, 2Π|1} .«-- 15! 
ᾳ", 


[21 Ὁ ἜΣ 


We thus obtain comparison series which, as we have seen already 
(p. 524), converge absolutely. Our theorem is thus proved. 
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In the case of a power series there are two possibilities: either 
it converges for all values of z, or there are values z = ἢ for which 
it diverges. Then by the theorem above the series must diverge 
for all values of z for which | z| > ἡ (cf. Vol. I, p. 400), and, just 
as in the case of real power series, there is a radius of convergence 
p such that the series converges when | z| < p and diverges when 
|z| > p. The same applies to the two series D(z) and J(z), the 
value of p being the same as for the original series. The circle 
| z| = p is called the circle of convergence of the power series. 
No general statements can be made about the convergence or 
divergence of the series on the circumference of the circle itself, 
ie. for | z|] = p. 


3. Differentiation and Integration of Power Series. 
It is natural to call an expression of the form 


SF (2) == ἀρ + αι + ας + 2. + 0,2" 


with fixed (complex) coefficients a, a function of z, and more 
particularly a polynomial of the n-th degree in ἃ. In the same 
way, a convergent power series 
P(z) = La,” 
v=0 
is regarded as a function of the complex variable z in the interior 
of its circle of convergence. In that region it is the limit to 
which the polynomial 
P,(2) = Σ a,2” 
v=0 
tends as » tends to infinity. 

A polynomial f(z) may be differentiated with respect to the 
independent variable z in exactly the same way as for the real 
variable. In the first place we notice that the algebraic identity 

2." ew -- » nl n—2 π-- 
“ΞΕ wr ft am see... 2 
holds. If we now let z, tend to z*, we immediately have 
d 2 = lim ay" — 2 


== ngr-t, 
dz ξι- κα ὦ — % 


* The concept of a limit for a continuous complex variable (z, > z) can be 
introduced in exactly the same way as for the real variable. 
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In the same way we immediately have 


P,,' (2) ΞΞΞΞ Ὁ Ρ (ὦ) — lim Ῥι(ῳ — Pal?) ΞΞΞ > va,z"-1 ΞΞΕΞ D,,(2). 


2, >2 ma —%@ y= l 


We naturally call the expression P,,'(z) the derivative of the com- 
plex polynomial P,,(z). 

We now have the following theorem, which is fundamental 
in the theory of power series: | 

A convergent power serves 


P(z) = 4,2” 
νῷ 


may be differentiated term by term in the wtervor of its circle of 
convergence. That rs, the limit 


Ρ' (2) — lim P(%) i P(z) 
z)—>s a4 — % 
exists, and 


P'(z) = Σ va,z-) = lim Ρ, (2) = lm D, (2) = D(2). 
v=1 "- ® n—> © 


From this theorem it is at once clear that the power series 


I(z) = δ ἦν ppt 
yv=0V +. 1 


may be regarded as the indefinite integral of the first power series, 
i.e. that I’(z) = P(z). | 
The term-by-term differentiability of the power series is 
proved in the following way: 
From p. 526 we know that the relation D(z) = lim D,,(z) 


n—> 
holds within the circle of convergence. We have to prove that 
P(e) — PQ) aistore 
2) --- 2 
from D(z) by less than a prescribed positive number ε, if only we 
take z, sufficiently close to z within the circle of convergence, 
For this purpose we form the difference quotient 


the absolute value of the difference quotient 


D(a, 2) = a = es = τὸ Ξ ᾿ (Ὁ) Ὁ = an, 
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where for brevity we write 


A BE = μα ee ee πὶ 


- @ 


If we keep to the notation used on p. 525, and if |z|{<q| é| 
and also | z%|<q|{ |, then it is certain that 


[A [Ξ vet | € pr. 


Hence 


| Ry a x a,A, 
von+1 


ie) οΌ 
<= Σ [α|ν6΄| ἐξα Ξ ΠΣ υ- 
νη 1 [ἐ] ξ | vn 
Owing to the convergence of the series of positive terms Xvq’-}, 
the expression | #, | can therefore be made as small as we please, 
provided we make ἢ sufficiently large. We choose n so large that 


this expression is less than ¢/3, and also so large—increasing ἢ 
further if necessary—that | D(z) — D,(z)|< εἴ. We now 


choose 2, so close to z that the absolute value of Palts) — Pal2) — Pal?) 
also differs from D,(z) by less than ¢/3. Then “χω: 


| Dey 2) — De)| = |= — Dye 
+ | Dj(e) — De) | + B, 
ὩΣ “δὲ 


and this inequality expresses the fact asserted. 

Since the derivative of the function is again a power series 
with the same radius of convergence, we can differentiate again 
and repeat the process as often as we like. That is, a power 
series can be differentiated as often as we please in the interior of its 
circle of convergence. 

Power series are the Taylor series of the functions P(z) which 
they represent: that is, the coefficients a, may be expressed by the 
formula 


= ὁ pm). 
vl 


The proof is word for word the same as for the real variable 
(cf. Vol. I, p. 404). 
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4. Examples of Power Series. 


As we mentioned in Chap. VIII, § 7 (p. 413) of Vol. I, the power series 
for the elementary functions can immediately be extended to the complex 
variable; in other words, we can regard the power series for the elementary 
functions as complex power series and extend the definitions of these 
functions to the complex realm in this way. For example, the series 


O gy 2v oa) (--- 1)» κῶν ἘΔ © gy oO g2av+1 
Σ τς Σ(- 1) --- “--πτ-πςπ--τ row ee εὐ το τῷ 
να VE ναὸ ἘΣ v=o (ὦν Ὁ 1} ,20(2v)! ,=0(2v+ 1)! 
converge for all values of z. (This follows at once from comparison tests.) 
The functions represented by these power series are again denoted re- 
spectively by the symbols e”, cosz, sinz, coshz, sinhz, just as in the real 
case. The relations 
cosz + +sinz = εἷξ, 
coshz == cosiz, isinhz = siniz 
now follow immediately from the power series. Again, by differentiating 
term by term we obtain the relation 
d 


—_— εξ = e*, 
dz 


As examples of power series with a finite radius of convergence, 
other than the geometric series, we consider the series 


log(1 + 2) = Σ( τιν ες 
v=1 


are tanz = = (-- ji 5, log (1 + + iz) — log(1 — 1z)}, 


y=i0 2v 1 


whose sums we again denote by the symbols log, arc tan. Here the radius 
of convergence is again 1. Differentiating term by term, we have 


ὦ log(1 + z) I d 1 
cA eer ine’ Ez (arc tanz) = i+ ina 
EXAMPLES 


1. For which points z= z+ ty is 
z—l 
z+l 
2. Prove that if Σα, 2 is absolutely convergent for z= ζ, then it is 
uniformly convergent for every z such that |z| S| |. 
3. Using the power series for cosz and sinz, show that 


=s1? 


cos*z + sin?z = 1. 
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4*, For what values of z is 
.Ό gv 
pool 1— 2” 
convergent? 


2. FOUNDATIONS OF THE THEORY OF FUNCTIONS OF 
A CoMPpLEX VARIABLE 


1, The Postulate of Differentiability. 


As we have seen above, all functions which are represented 
by power series possess ἃ derivative and an indefinite integral. 
This fact may be made the starting-point for the general theory 
of functions of a complex variable. The object of such a theory 
is to extend the differential and integral calculus to functions of 
a complex variable. In particular, it is important that the con- 
cept of function should be generalized for complex independent 
variables in such a way that the function is differentiable in the 
complex region. 

We could, of course, confine ourselves from the very beginning 
to the consideration of functions which are represented by power 
series and thus satisfy the postulate of differentiability. There 
are, however, two objections to this procedure. In the first place, 
we cannot tell ὦ priort whether the postulate of the differen- 
tiability of a complex function does necessarily imply that the 
function can be expanded in a power series. (In the case of the 
real variable we saw that functions even exist which possess 
derivatives of any order and yet cannot be expanded in a power 
series (cf. Vol. I, p. 335).) In the second place, we learn even from 
the case of the simple function 1/(1 — 2), whose power series, 
the geometric series, converges in the unit circle only, that even 
for simple functional expressions the power series does not 
represent the whole behaviour of the function, which in this 
particular case we already know in other ways. 

These difficulties can, it is true, be avoided by a method due 
to Weierstrass, and the theory of functions of a complex variable 
can actually be developed on the basis of the theory of power 
series. It is desirable, however, to emphasize another point of 
view, which is due to Cauchy and Riemann. In their method, 
functions are characterized not by explicit expressions but by 
simple properties. More precisely, the postulate that a function 
shall be differentiable, and not that it shall be capable of being 
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represented by a power series, is to be used to mark out the region 
in which a function is defined. 

We could start a priori from the following general concept 
of a complex function ¢ = f(z) of the complex variable z. Ti καὶ 
is a region of the z-plane and if with every point z= x-+ ἵν in 
R we associate a complex number ζ = u-+ w by means of any 
relation, £ is said to be a complex function of z in R. This 
definition, therefore, would merely express the fact that every pair 
of real numbers 2, y, such that the point (ὦ, y) lies in R, has a 
corresponding pair of real numbers 4u, Ὁ; 1.6. that ὦ and v are any 
two real functions u(x, y) and v(x, y), defined m R, of the two 
real variables x and y. 

This concept of function, however, would be much too wide. 
We limit it in the first place by the condition that u(x, y) and 
v(x, y) must be continuous functions in # with continuous first 
derivatives U,, Uy, Vz, Vy. Further, we insist that our expression 
utiw= ζ =f(z)=f(e+ ty) shall be differentiable in R with 
respect to the complex independent variable 2; that is, the limit 


tim Fla) =$0) _ my LET M=SO _ pre 


oz 4&4 % h—>0 


shall exist for all values of z in R. This limit is then called the 
derivative of f(z). 

In order that the function may be differentiable it is by no 
means sufficient that ὦ and v should possess continuous deriva- 
tives with respect to ὦ and y. Our postulate of differentiability 
implies far more than differentiability in the real region, for 
h=—=r-+ is can tend to zero through both real values (s = 0) 
and purely imaginary values (r = 0) or in any other way, and 
the same limit f’(z) must result in all cases, if the function is to 
be differentiable. 

If, for example, we put w= ὦ, v= 0, that is, f(z) = f(x + ty) = 2, 
we should have a correspondence in which u(x, y) and v(x, y) are con- 
tinuously differentiable. For the derivative, however, by putting A= fr 
we obtain 

eed θυ τ 7 τ. 1 


r—> 0 r γ-» Ὁ r 


whereas if we put ἢ = ts we have 


πω A iii) Beer 62 lim bi -- 0, 
s—>0 +3 :-. 0 8 
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that is, we obtain two entirely different limits, For ζ = ὦ + iy = 2+ Qiy 


we similarly obtain different limits for the difference quotient as h tends ἡ 


to zero in different ways. 


_ Thus in order to ensure the differentiability of f(z) we have 
to impose yet another restriction. This fundamental fact in the 
theory of functions of a complex variable is expressed by the 
following theorem: 

If f= u(x, y) + iv(x, y) = f(z) = f(x + iy), where u(x, y) 
and v(x, y) are continuously differentiable, the necessary and suffi- 
cient conditions that the function f(z) shall be differentiable in the 
complex region are 

Ug = Vy, Uy = --οῦ,; 


the so-called Cauchy-Riemann differential equations. 

In every region R where u and v satisfy these conditions {(z) 
1s sard to be an analytic * function of the complex variable z, and 
the derivative of {2} 1s given by 


FR = Ug Wy = Vy — Wy ee : (Uy -Ἐ ty). 


We shall first show that the Cauchy-Riemann differential 
equations form a necessary condition. If we accordingly assume 
that f’(z) exists, we must obtain the limit f’(z) by taking ἃ equal 
to a real quantity r. That is, 


f'@) = lim “ELS: Y= "Ὁ 3). Met 9) — U2, y) 
ay r 


= Up + Wye 


In the same way, we must obtain f’(z) if we take h to be ἃ pure 
imaginary 18, that is, we must have 


f'(e) = lim lim “(Ὁ y+ 8) - ule y) , Oa, yt 8) — v2, y) 
—>0 1S 4s 


1 
el ὶ (Uy + Wy). 
Hence 


‘ ] : 
Uy + Wy = F] (ων, + Wy). 


* The term regular is also used. 
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By equating real and imaginary parts we at once obtain the 
Cauchy-Riemann equations. | 

These equations, however, also form a sufficient condition 
for the differentiability of the function f(z). To prove this, we 
form the difference quotient 


{{(6-Ὁ }ὴ -- [(2) 
h 


_ue+r,y+s)— ux, y) + ifo(a +r, y+ 8) — υ(α, y)} 
r+ 18 
Τρ + Sty -b iv, + isvy + ει} + | Al 
r + is , 
where ες, and ες are two real quantities which tend to zero 
with | h| = +/(r? + 83). If now the Cauchy-Riemann equations 
hold, the above expression immediately becomes 
| 4 [ἃ] 
r+ 15 εν γ᾽ 
We see at once that as ἢ - 0 this expression tends to the limit 


ως + ἴυς, and that independently of the way in which the passage 
to the limit 4— 0 is carried out. 

We now use the Cauchy-Riemann equations, or the property 
of differentiability which is equivalent to them, as the definition 
of an analytic function, on which we shall base our deduction of 
all the properties of such functions. 


Uy + Wet & 


2. The Simplest Operations of the Differential Calculus. 


All polynomials, and all power series in the interior of their 
circle of convergence, are analytic functions, by § 1 (p. 527). 
We see at once that the operations which lead to the elementary 
rules of the differential calculus can be carried out in exactly the 
same way as for the real variable. In particular, the following 
rules hold: the sum, the difference, the product, and (provided 
the denominator does not vanish) the quotient of analytic func- 
tions can be differentiated according to the elementary rules of 
the calculus, and hence are again analytic functions. Further, 
an analytic function of an analytic function can be differentiated 
according to the chain rule and therefore is itself an analytic 
_ function. . : 
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We also note the following theorem: 7 the derivative of an 
analytic function ¢ = f(z) vanishes everywhere in a region R, 
the function is a constant. 

Proof.—We have εἰς — tu,=0 everywhere in R. Hence 
U, = 0, uw, = 0, and in virtue of the Cauchy-Riemann equations 
V_ = 0, v, = 0; that is, wu and v are constants; hence ζὕ is a 
constant. 

Application to the Exponential Function.—We use this theo- 
rem to define the exponential function, which we have already 


οΌ 
defined by means of the power series e* = & 2’/v!, by means of 
μεθ 


its differential property, in the complex region also: 
If a complex function f(z) satisfies the differential equation 


f'(2) -- [(ὦ, 


then {(z) = ce”, where ὁ 1s a constant. 

Proof.—As we see at once by differentiating the power series 
(which converges everywhere) term by term, the exponential 
function certainly satisfies the condition. If g(z) is another 
function for which g’(z)= g(z), it wmmediately follows that 
FT (2)9' (2) — 9(z) f(z) = 0 everywhere in AR. We are entitled to 
assume that g(z) is not zero at any point, as otherwise our relation 
would be satisfied at that point by f(z) = 0, or c= 0, which 
gives f(z) = 0 everywhere. Then the equation (fg’ — f’g)/g? = 0 
means that the derivative of the quotient f/g vanishes, 1.6. that 
f/g is constant, which is what we asserted. 

From this follows the functional equation of the exponential 
function, 

ere Ξ ὅτι, 


(On the basis of the power series definition this functional equa- 
tion is by no means ἃ trivial assertion.) We obtain it by con- 
sidering the function g(z) = e***, where z, is fixed. By the chain 
rule, 9(z) satisfies the differential equation σ΄ (2) = g(z). Hence 
by the above theorem g(z) = ce*. To determine ¢ we put z= 0 
and bear in mind that according to the power series definition 
e°— 1. Thus we at once have g(0) = οἴ = ο, and the functional 
equation follows. 

In ὃ 3 (p. 542) we shall develop a more satisfactory method 
for discussing the exponential function independently of the 
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power series. Here we merely mention that in particular for 


= ©, yy = 
ertiv — eteiv — e*(cosy + sing). 


It follows further that the exponential function can never vanish, 
for if e* vanished, then e* = e*e*~** would vanish for all values 
of z, which is certainly not the case. 
Making use of the facts that cos27 = 1 and sin2a7 = 0, we 
immediately have 
en — 1. 


The exponential function therefore satisfies the equation 
ea tte 


that is, it is periodic with period 271. 


EXAMPLE 


Prove that the product and the quotient of analytic functions and the 
function of an analytic function are again analytic, using not the property 
of differentiability but the Cauchy-Riemann differential equations. 


8 Conformal Representation. Inverse Functions. 


By means of the functions u(z, y) and o(2, y) the points of the 
z-plane or azy-plane are made to correspond to points of the 
¢-plane or uv-plane. Thus we have a transformation or mapping 
(Chap. III, ὃ 3, p. 133) of regions of the xy-plane on to regions 
of the uv-plane. The Jacobian of the transformation is 


= O(u, v) 
O(a, γ) 


The Jacobian is therefore different from zero, and is in fact posi- 
tive, wherever f(z) 0. If we assume that f"(z)=- 0, our previous 
results (Chap. III, § 3, p. 152) show that a neighbourhood of the 
point z, in the z-plane, if sufficiently small, is mapped uniquely, 
reversibly, and continuously on a region of the ¢-plane in the 
neighbourhood of the point Cy = f (29). This mapping is conformal, 
i.e. angles are unchanged by it. For, as we have seen in Chap. ITI, 
p. 166, the Cauchy-Riemann equations are the necessary and 
sufficient conditions that the transformation may be conformal, 
not only the magnitude but also the sign of angles being pre- 
served. We thus have the following result: 


= Udy — UyVe = Ue + 0,7 = | f’(z) |?. 
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Conformality of the transformation given by u(x, y) and v(x, y) 
and analytic character of the function {(z) = u-+ iv mean exactly 
the same thing, provided we avoid points τρ for which ξ (20) = 0. 

The reader should study the examples of conformal representation 


discussed in Chap. III, ὃ 3, p. 136, and prove that all these transformations 
can be expressed by analytic functions of simple form. 


Since in the case of a unique reversible conformal represen- 
tation of a neighbourhood of z, on a neighbourhood of @, the 
reverse transformation is also conformal, it follows that z= x + wy 
may also be regarded as an analytic function φ(ζ) of £ = u+ w. 
This function is called the inverse of ζ = f(z). 

Instead of using our geometrical argument, we can at once 
establish the analytic character of this inverse by calculating the 
derivatives of x(u, v), y(u, v) as on p. 148. We have 


υ u v u 
m= 7 y= τ ἘΠ Yu τ- — δ᾽ Yo= Ὁ)» 
and we see that the Cauchy-Riemann equations ~,,== y,, %»= —Yy 


are satisfied by the inverse function. As we can at once verify, 
the derivative of the inverse z= φ(ζ) of the function { = f(z) 
is given by the formula 


de ἀξ 1 
didz — 
EXAMPLES 


1. Find where the following functions are continuous: 


a ᾿ ἘΞ 25 + 58 
(α) 2; (6) [τ]; (ο) T+ {er (d) Ter 


2. Which of the functions in Ex. 1 are also differentiable? 
3*. Prove that a substitution of the form 


ζὦ 5 Ὲ Β 
Bz + ra 
where ἃ and 8 are any complex numbers satisfying the relation 
aa — BB = 1, 


transforms the circumference of the unit circle into itself and the interior 
of the circle into itself. Prove also that if 


BB — ax = 1, 


the interior is transformed into the exterior. 
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4. Prove that in the transformation ζ = (z+ 1/z) the circles with 
centres at the origin and the straight lines through the origin of the z-plane 
are respectively transformed mto confocal ellipses and hyperbolas in the 
¢-plane (cf. Ex. 5, p. 158). 


5. Prove that a substitution ζ = = + E leaves the cross ratio 
ye rm / *1 74 of four points Z;, 2», 23, %, unaltered. 
Za — Myf ὅς — & 

6*. Prove that any circle may be transformed by a substitution of the 


= Ξ ᾿ into the upper half-plane bounded by the real axis. (Use 
Ζ 


form ¢ = 


Ex. 1, p. 529.) 
7. Prove the following property of the general linear transformation 


where a, b, 6, d are constants and ad — be == 0: 

All circles and straight lines in the z-plane are transformed by this 
relation into all straight lines and circles in the ¢-plane. 

If the z-plane and the ¢-plane are imagined to coincide, the points z 
for which C = z are called fixed points. In general there are two different 
fixed points. Show that in this case the family of circles through the two 
fixed points and the family of circles orthogonal to them transform into 
themselves. ' 


8. The inverse of the power function { == 2” is unique in the neighbour- 
hood of every point z, provided z= 0, for then the derivative nz”~ 
does not vanish. The point z = 0, where the derivative vanishes, however, 
forms an exception; hence the many-valuedness of the function 471. 
We shall discuss these relations more closely in § 6, p. 563. 


3. Tue INTEGRATION oF ANALYTIC FUNCTIONS 


1. Definition of the Integral. 


The central fact of the differential and integral calculus of 
functions of a real variable is expressed in the theorem that 
the integral of a function (the upper limit being undetermined) 
may be regarded as the primitive function or “ indefinite integral ”’ 
of the original function (Vol. I, p. 109). A corresponding relation 
forms the nucleus of the theory of analytic functions of a com- 
plex variable. 

We begin by extending the definition of the definite integral 
of a given function f(z). Here it is convenient to use ¢ = 7 -> as 
instead of the independent variahle z, as we shall use ¢ to denote 
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the variable of integration. Let the function f(¢) be analytic in 

a region Κ᾿, and jet t= ἐρ and ¢ = z be two points in this region, 

joined by an oriented curve C which is piecewise smooth and lies 

wholly within RF (fig. 1). We then subdivide the curve C into ἢ 
portions by means of the succes- 
sive points ft, 4, ..., ἔμ = 2 and 
form the sum 


δι τὶ "7 (t,’)(é, = t,4), 


where ¢,’ denotes any point lying 

on C between ¢,_, and 4. If 

we now make the subdivision 

finer and finer by letting the 

Fig. 1 number of points increase with- 

out limit in such a way that the 

greatest of the intervals | ἐ, — t,_,] tends to zero, S,, tends to 

a limit which is independent of the choice of the particular inter- 
mediate point ¢,’ and of the points ¢,. 

This can be proved directly by a method analogous to that 
used to prove the corresponding theorem of the existence of the 
definite integral for real variables. For our purpose, however, 
it is more convenient to reduce the theorem to what we already 
know about real curvilinear integrals (cf. Chap. V, § 1, p. 344), 
as follows. We put f(t)= u(r, s)+iv(r, 5), f=7,+ is, 
t,’ = 1,’ + t8,’, At, = t, —t,_, = Ar, +7As,. Then we have 


nm 
S, = Σ u(r,’, s,)Ar, — v(7,’, 3,’)As, 
v=1 


+4 Σ υ(γ,,, s,)Ar, + u(r’, s)As,}. 
y=] 


As ἡ increases the sums on the right-hand side tend to the real 
curvilinear integrals [Ἕ (udz — vdy) and + [ (vdx +- udy) respec- 
a a 


tively, and hence, as we asserted, S, tends to a limit. We call 
this limit the definite integral of the function f(¢) along the curve 
C from ᾧ to z, and write it 


[ fat or i f(t)dt. 
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Thus [7 ἀ-- (uda—vdy) +if (ode + udy). 


The definition of this definite integral (cf. Chap. V, § 1, p. 349) 
at once gives the following important estimate: # | f(t)| <M 
on the path of integration, where M 1s @ constant and L is the 
length of the path of integration, then 


| fod | < ML. 


In addition we may point out that operations with complex 
integrals (in particular, combination of different paths of in- 
tegration) satisfy all the rules stated in this connexion for curvi- 
linear integrals in Chap. V, § 1, p. 347-9. 


9. Cauchy’s Theorem. 


The essential fact of the theory of functions of a complex 
variable is that the integral between ἐρ and z is largely indepen- 
dent of the choice of the path of integration C. In fact, we have 
Cauchy’s theorem: 

If the function f(t) is analytic in a simply-connected region R, 
the integral 


[roa=froa 


is independent of the particular choice of the path of integration 
C joining ty and z in R; the integral is an analytic function F(z) 


such that 
d d/ 7 
τῆτες ( f ΧΟ it) = f (2). 


F(z) is accordingly a primitwe function or indefinite integral 
of {(z). 

Cauchy’s theorem may also be expressed. as follows: 

If subject to the above assumptions we take the integral of {(t) 
round a closed curve lying in a simply-connected region, the integral 
has the value zero. 

The proof that the integral is independent of the path follows 
immediately from the main theorem on curvilinear integrals 
(cf. Chap. V, § 1, p. 353); for both μᾶς — vdy, the integrand in 
the real part, and vdx -ἰ udy, the integrand in the imaginary 
part, satisfy the condition of integrability, in virtue of the Cauchy- 
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Riemann equations (p. 532). Thus the integral is a function of 
ὦ, y or + w=z, F(z)= ὕ(α, y)+1V (a, y), and from our 
previous results for curvilinear integrals we have the relations 


U,=u, τε τοῦ, Vz=4, Κι, τε αι, 
that is, 
U,= Vy, U,= τὰ Vx U.+ Δ, ΞΞ u+ w, 


which shows that F(z) is actually an analytic function in R with 
the derivative F’(z) = f(z). 

The assumption that the region is stmply-connected is essential 
for the validity of Cauchy’s theorem. 


For example, we may consider the function 1/t, which is analytic every- 
where in the ¢-plane except at the origin. We are, however, not entitled 
to conclude from Cauchy’s theorem that the integral of 1/f, taken round 
a closed curve enclosing the origin, vanishes. For this curve cannot be 
enclosed in a simply-connected region in which the function is analytic. 
The simple connectivity of the region is destroyed by the exceptional 
point ¢ == 0. If we take the integral e.g. round a circle K given by |¢| =r 
or ¢ = re? in the positive sense, and make @ the variable of integration 
(dt = γἱοἶθ 40), we have 


dt 2a γὶρῖθ , 
ῃ -- = f 5 4ὧθ = “τοῦ; 
kt 0 «re 


that is, the value of the integral is not zero but 277. 


We can, however, extend Cauchy’s theorem to multiply- 
connected regions as follows: 

Lf a multiply-connected region 

R ts bounded by a finite number 

of sectionally smooth closed curves 

C,,C,,..., and if f(z) ἐδ analytic 

wn the interior of this region and 

also on tts boundary,* then the 

sum of the integrals of the function 

aoa! Fa ade along all the boundary curves is 

zero, provided that all the boundaries 

are described wm the same sense relative to the interior of the region R, 

1.6. that the region R is always on the same side, say the left-hand 

side, of the curve as tt 18 described. 
The proof follows at once, on the model of the corresponding 


* A function is said to be analytic on a curve if it is analytic throughout 
a neighbourhood, no matter how small, of this curve. 
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proofs for curvilinear integrals; we cut up the region R into a 
finite number of simply-connected regions (figs. 2, 3), apply 
Cauchy’s theorem to these regions separately, and add the results. 


Fig. 3.—A multiply-connected region R subdivided by Q1, Og --+ into 
simply-connected regions 


We can express this theorem in a somewhat different way: 

If the region R is formed from the interior of a closed curve C 
by cutting out of this interior the interiors of further curves Οἱ, 
Cy, ..., then 


[ious [fod 


where the integrals round the external boundary C and the internal 
boundaries are to be taken in the same sense. 


3. Applications. The Logarithm, the Exponential Function, and 
the General Power Function. 


We can now use Cauchy’s theorem as the basis for a satis- 
factory theory of the logarithm, the exponential function, and 
hence of the other elementary functions, following a procedure 
similar to that adopted for the real variable (Vol. I, Chap. ΠῚ, 
§ 6, p. 167). : 

We begin by defining the logarithm as the integral of the 
function 1/t. At first we limit the path of integration by making 
it lie in a simply-connected region, making a cut along the nega- 
tive real x-axis, that is, permitting no path of integration which 
crosses the negative real axis. More precisely: if we put 
t= |t| (cos6 + isin θ), we limit 6 by the inequality --π Ξ03:π. 
In the ¢-plane, after the cut has been made, we join the point 
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t= 1 to an arbitrary point z by any curve C, and we can then 
use Cauchy’s theorem to integrate the function 1/t between these 
two points, independently of the path. The result is an analytic 
function, which we call logz: 


* dt 
— | ΞΞΞ — =< : 
b= loge=f =f) 
The logarithm has the property that 
S (logz) = 


As this derivative does not vanish anywhere, we can form the 


Fig. 4.—- log z = log | z{ + 16 


inverse function of the logarithm, z= σίζ). We have 9(0) = 1, 
and by the formula for the derivative of the inverse 


9'(C) = 1/f'(2) = z= 9($). 


By § 2, p. 536, the inverse is thus determined uniquely and is 
identical with the exponential function defined previously: 
9(f) = δὲ. 

The function f(z) = logz is uniquely determined, except for 
an additive constant, by its differentiation property f’(z) = 1/z. 
For if there were another function g(z) with this property, their 
difference would have the derivative zero and would therefore be 
constant. Since the function g(z) = f(az) = log (az) satisfies the 
condition g’(z) = af’(az) = a/az = 1/z, by the chain rule, we have 
log (az) = g(z) = ὁ -ἰ- logz, where ὁ is a constant independent of 
z. Its value is determined by putting z= 1, ie. logz= 0, and 
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we thus have log(a) =. This gives the additvon theorem for the 
logarithm, 
log (az) = loga + logz. 


loge =f 


is easily evaluated explicitly by taking the straight line joining 
the points t= 1 and ¢=|2z| together with the circular arc 
|¢|=|2|as the path of integration. We have 


The integral 


logz = log [ z|-+ 28, 


where θ is the argument of the complex number z (fig. 4). 
The value obtained in this way for the logarithm of any com- 
plex number z, whose argument lies in the interval --- π <. θΞ33π, 


Ζ 


Fig. 5.— log z = log|z| + ἐθ + 2 πὲ 


is often called the principal value of the logarithm. This termino- 
logy is justified by the fact that other values of the logarithm 
can be obtained by removing the condition that the negative 
real axis must not be crossed. We can then join the pomt 1 to 
the point z by a point which encloses the origin ¢ — 0. On this 
curve the argument of ¢ will increase up to a value which 18 
greater or less than the argument previously assigned to z by 
2a. We then have the value 


logz = log | z|-+ 18+ 2a 


for the integral (fig. 5). In the same way, by making 
the curve travel round the origin in one direction or the 
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other any integral number of times n, we obtain the value 
loge = log | 2 | + 76 +- 2ηπί. 


This expresses the many-valuedness of the logarithm. 

In the case of the exponential function this many-valuedness 
is exhibited in the equation e?* — 1. For the same value of z 
corresponds to all the different values € = logz, which differ 
only by multiples of 2777. In the inverse of the logarithm, i.e. the 
exponential function, the addition or subtraction of 27 to or 
from the argument must not alter the value of the function: 
φί(ζ + 2πὸ = d(C), or &t**=e. If €=0, we have the 
equation e?" = ]. 

If we now introduce the trigonometric functions sin z and cosz 
by means of the equation 


ef = cosz+- 4 sing, 


which we now may take as their definition, we see at once that 
these functions have the period 27. Thus we have deduced 
the periodic character of the trigonometric functions without 
reference to their elementary geometrical definitions. 

Now that we have introduced the logarithm and the expo- 
nential function it is easy to introduce the general power functions 
a* and 2*, where a and ὦ are constants (cf. the corresponding 
discussion for the real variable in Vol. I (Chap. ΠῚ, ὃ 6, p. 173) ). 
We define a* by the relation 


a?— οἷ loge | 


where the principal value of loga is to be taken. In the same way 
we define 2* by the relation 


“χα = ρα logs | 


While the function a* is defined uniquely if we use the princi- 
pal value of loga in the definition, the many-valuedness of the 
function 2* goes deeper. Taking the many-valuedness of logz 
into account, we see that along with any one value of 2* we also 
have all the other values which are obtained by multiplying one 
value by ¢*""", where » is any positive or negative integer. If 
a is rational, say a = p/g, where Ὁ and q are integers prime to 
one another, among these multipliers there are only a finite 
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number of different values (whose g-th power must be unity). 
If, however, a is irrational, we obtain an infinite number of 
different multipliers. The many-valuedness of the function 2* 
will be discussed in greater detail in § 6 (p. 563). 

As we see from the chain rule, these functions satisfy the 
differentiation formule 


= a* loga, “ =az. 
EXAMPLES 


1. (The gamma function.) Prove that the integral 
tes] 
T(z) = [Ὠ t2—le-t dt 
0 


(where the principal value of ἐξ 1 is taken), extended over all real values 
of the variable of integration ¢, is an analytic function of the parameter 
z=- 2+ ἦν, if x >0. (Show directly that the expression ΓΖ) can be 
differentiated with respect to z.) Prove that the gamma function thus 
defined for the complex variable satisfies the functional equation 
T(z + 1) = ζΓ (z). 

2m. (Riemann’ s zeta function.) Taking the principal value of n*, aoe 
the infinite series 


Σ as (a); 


1 n* 


Prove that this series converges if x > 1 and represents a differentiable 
function (¢(z) is called Riemann’s zeta function). The proof can be carried 
out directly by a method like that for power series (cf. Vol. I, p. 382). 


4. CaucHy’s FoRMULA AND ITS APPLICATIONS 


1. Cauchy’s Formula. 


Cauchy’s theorem for multiply-connected regions leads to a 
fundamental formula, again due to Cauchy, which expresses the 
value of an analytic function f(z) at any pomt z= a in the 
interior of a closed region R, throughout which the function 18 
analytic, by means of the values which the function takes on the 
boundary C. 

We assume that the function f(z) is analytic in the simply- 
connected region # and on its boundary C. Then the function 
gio) = £0) 

— @ 
13 (#912) 
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is analytic everywhere in the region R, the boundary C included, 
except at the point z= a. Out of the region R we cut a circle 
of small radius p about the pomt z = a, lying entirely within & 
(fig. 6), and then apply Cauchy’s theorem (p. 541) to the function 
g(z). If K denotes the circum- 
ference of the circle described 
in the positive sense and C the 
boundary of R described in the 
positive sense, Cauchy’s theorem 
states that 


[ g(z) dz = [ g(z) dz. 


On the circle K we have 
z= a-+ pe’, where the angle 6 determines the position of the 
point on the circumference. On the circle, therefore, dz = pie’ ἀθ, 
and hence 


Fig. 6 


an . 
fe dz = if Slat pe”) dé. 


Since f(z) is continuous at the point a, we have, provided p is 
sufficiently small, 


f(a + pe*) = f(a) + 7, 


where | 7 | is less than an arbitrary prescribed positive quantity e. 
Hence 


2r : 2a Qn 

[αν veyd9—f froyaa| — | [a0 | < 206 

0 0 0 
and therefore 

2r 
[ fa + pe) dd = 2afla) + «, 

where | «|< πε. Thus if p is sufficiently small 
[ode = 2nif(a) + x, 


where | «i | < e. 
If we make ε tend to zero (by making p tend to zero), 
the right-hand side of the equation tends to 27t/f(a), while 


the value of the left-hand side, namely, [ g(z) dz, is unaltered. 
σ 
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We thus obtain Cauchy’s fundamental integral formula 


tins [.- 


σΖ--Φοὧἀξ 


If we now revert to the use of ¢ as variable of integration and 
then replace a by z, the formula takes the form 


_ 1 ¢ f® 
fle) = 5 f AS de 


This formula expresses the values of a function in the interior 
of a closed region in which the function is analytic by means 
of the values which the function takes on the boundary of the 
region. 

If in particular C is a circle t = z-+ re? with centre z, that is, if 
di == tired, then 


20 
7) τ = [te + reas 


In words: the value of a function at the centre of a circle is equal to the mean 
of tts values on the circumference, provided that the closed area of the circle 
ἐδ ὦ region in which the function is analytic. 


2. Expansion of Analytic Functions in Power Series. 


Cauchy’s formula has a number of important theoretical 
applications, the chief of which is the proof of the fact that 
every analytic function can be expanded in a power series, which 
thus connects the present theory with that given in § 1 (p. 527). 
More precisely, we have the following theorem: if the function 
f(z) as analytic in the intervor and on the boundary of a circle 
|z—2,|<R, can be expanded as a power series in 2 — Ζῃ 
which converges in the interior of that circle. 

In proving this we can take 2)=0 without loss of generality. 
(Otherwise we should merely have to introduce a new indepen- 
dent variable z’ by means of the transformation z— z = 2’.) 
We now apply Cauchy’s integral formula to the circle C,|z| = R 
and write the integrand (using the geometric series) in the form 


τῷ eID Oj a+. oe) Ἐξ 


t—-z ἐϊ1πβ ft 


Since z is a point in the interior of the circle, | z/t | = q is a positive 
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bride thanditysend ores οι 
number iess 2 , al or’.=- —- ——— 
ea 7 tim 1—2z/t 


of the geometric series, we — have the estimate 


1 


Tx αι ὁ 
[rol Sar i—, 


, the remainder 


Introducing our expressions into Cauchy’s formula and integrat- 
ing term by term, we obtain 


SFQD=Mtaet... benz" + Ay, 
IO x 
ὧ =f pa @ 


1 
Bn = 5 [ frail. 


where 


If M is an upper bound of the values of | f(é)| on the circum- 
ference of the circle, our estimation formula for complex integrals 
(cf. § 3, p. 539) immediately gives 

45 


\R, |<. on RM = 
~ IrR1— ἢ l1—q 


for the remainder. Since ῳ is a proper fraction this remainder tends 
to zero as 10 increases, and for f(z) we obtam the power series 


f(a =e’, 
y= 0 


=) LO x 
ὦν = rrr 
Our assertion 1s thus a 

This theorem has important results. To begin with, we know 
from § 1 (p. 528) that every power series can be differentiated as 
often as we please in the interior of its circle of convergence. 
Since every analytic function can be represented by a power 
series, it follows that the derivative of a function in the interior 
of a region where the function is analytic is also differentiable, 
i.e. is again an analytic function. In other words, the operation 
of differentiation does not lead us out of the class of analytic func- 
tions. As we already know that the same is true for the operation 


M 


where 
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of integration, we see that differentiation and integration of 
analytic functions can be carried out without any restrictions. This 
is an agreeable state of affairs, which does not exist in the case 
of real functions. 

Since, as we saw in § 1, p. 528, every power series is the 
Taylor series of the function which it represents, it now follows 
in general that every analytic function can be expanded in the 
neighbourhood of a point z = 2 in a region R where the function 
is analytic in a Taylor series 


Ht) =f le) ἘΣ Τα. ων 


the coefficients c, above are = -* by the formule 
Ὁ a) 
Dari male pl 


vl 


From our result we may also deduce an important fact about 
the radius of convergence of a power series. The Taylor series 
of a function f(z) in the neighbourhood of a point 2 = 2) certainly 
converges in the interior of the largest circle whose interior lies 
wholly within the region where the function is defined and is 
analytic. 

In virtue of the theorems on differentiation and integration 
which we have now established as valid for the complex variable 
also, all the elementary functions which we expanded in Taylor 
series for the real variable have exactly the same Taylor series 
for the complex variable. For most of these functions we have 
already seen that this is true. 


Here we may point out that e.g. the binomial series 


( Ὁ τ). τὰ Σ ()» 
yasg \¥ 


is also valid for the complex variable if | z | < 1, provided that 
(1 + z)* = elog(1+2) 


is formed from the principal value of log(I + 2). 

The fact that the radius of convergence of this series is equal to unity 
follows from what we have just said, together with the remark that the 
function (1 + 2)5 is no longer analytic at the point z= —1. For if it were, 
all the derivatives must exist there, which is certainly not the case. The 
circle with radius 1 with the point z = 0 as centre is therefore the largest 
circle in the interior of which the function is still analytic. 
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As we have already pointed out in Chap. VIII of Vol. I (p. 414), 
the behaviour of power series as regards convergence only 
becomes completely intelligible in the light of the fact which 
we have just proved about the radius of convergence. 


For example, the failure of the geometric series representing 1/(1 -+ 23) 
to converge on the unit circle is a simple consequence of the fact 
that the function is no longer analytic for z= +4 and z= —#. Wealso 
see now that the power series 

Ζ Σ Bz 


e* — 1 vi 


which defines Bernoulli’s numbers (cf. Vol. I, Chap. VIII, Appendix, p. 422), 
must have the circle | z|— 27 as its circle of convergence, for the de- 
nominator of the function vanishes for z = 2πὶ but (apart from the origin) 
at no point interior to the circle | z | S 2π. 


EXAMPLE 


Prove, without using the theory of power series directly, that the 
derivative of an analytic function is differentiable, by successive differen- 
tiation under the integral sign in Cauchy’s formula and justification of the 
validity of this process. | 


3. The Theory of Functions and Potential Theory. 


From the fact that analytic functions may be differentiated 
as often as we please it also follows that the functions u(x, y) 
and v(x, y) have continuous derivatives of any order. We may 
therefore differentiate the Cauchy-Riemann equations. If we 
differentiate the first equation with respect to # and the second 
with respect to y and add, we have 


AU = Ung + Uyy = 0; 


in the same way, the imaginary part v satisfies the same equation 
Av = ὕω. + Vyy = 0. 


In other words, the real part and the imaginary part of an analytic 
function are potential functions. 
If two potential functions u, v satisfy the Cauchy-Riemann 
equations, v is said to be conjugate to u, and —wu conjugate to Ὁ. 
We accordingly find that the theory of functions of a complex 
variable and potential theory in two dimensions are essentially 
equivalent to one another. 
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EXAMPLE 


Show that for every potential function τὸ it is possible to construct a 
conjugate function v and to determine it uniquely apart from an additive 
constant. 


4, The Converse of Cauchy’s Theorem. 


As a further deduction we have the converse of Cauchy’s 
theorem: 

If the continuous function = u - iv = f(z) is such that its 
integral round every closed curve C in its region of definition R 
vanishes, then f(z) is an analytic function in R. 

To peo: this we note that in any case, by § 3, p. 539, the 


integral fi f(é)d@ taken along any path joining a fixed point ἔῃ 


and a variable point z is a differentiable function #(z), where 
}΄ (2) = f(z). F(z) is therefore analytic, and by our result above 
so 15 its derivative F’(z) = f(z). 

This converse of Cauchy’s theorem shows that the postulate 
of differentiability could have been replaced by the postulate 
of integrability. The equivalence of these two postulates is a 
very characteristic feature of the theory of functions of a complex 
variable. 


5. Zeros, Poles, and Residues of an Analytic Function. 


If the function f(z) vanishes at the point z = 2, the constant 
term in the Taylor series of the function in powers of z— Zp, 


F (2) =f (%) + (ὁ — 29) Σ΄ (29) + -... 


vanishes, and possibly further terms of the series vanish in 
addition. A factor (2 — 2)" may then be taken out of the power 
series and we may write 


F (2) = (2 — %)"9(2); 


where 9(2)) + 0. A point z, for which this occurs is said to be a 
zero of the function f(z) of the n-th order. 

The reciprocal 1/f(z) = q(z) of an analytic function, as we 
saw above, is also analytic, except at the points where f(z) vanishes. 
If z 18 a zero of f(z) of the n-th order, the function 9(z) can be 
represented in the neighbourhood of the point z mm the form 
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where A(z) is analytic in the neighbourhood of z= 2%. At the 
point z = 2, the function g(z) ceases to be analytic. We call this 
point a singularity (singular povnt), in this particular case a pole 
of the function q(z) of the n-th order. If we think of the function 
h(z) as expanded in powers of (2— 2) and then divided by 
(2 — 2)" term by term, in the neighbourhood of the pole we 
obtain an expansion of the form 


Q{Z) = 6. (τ — 29). +. « Og (%@— 20). - G+ 4 (2@—%)+...,; 


where the coefficients of the powers of (2 — 29) are denoted by 
Os ae gt Gi Cay Cs eS 

If we are dealing with a pole of the first order, ie. if n= 1, 
we obtain the coefficient c_, immediately from the relation 


cy = lim (2 — αρ) (6). 


Since 
1 a f (2) _ 70 — f(%) 
Q(z)(z@— 2) %2—% %— % 
we have 


ΞΕ Ἢ 
ἣν Γω 


In the same way, if q(z) = r(z)/4(2), and φ(2) has a zero of 
the first order at z= 2, while 7r(z)) = 0, we have 


__ (%) 


δ $' (%) 


If a function is defined and analytic everywhere in the 
neighbourhood of a point 20; but not at the point itself, its 
integral round a complete circle enclosing the point 2, will in 
general not be zero. By Cauchy’s theorem, however, the integral 
is independent of the radius of this circle and in general has the 
same value for all closed curves C which form the boundary of 
a sufficiently small region enclosing the point 2. The value of 
the integral taken round the point in the positive sense is called 
the residue at the point. 

If the singularity is a pole of the n-th order and if we integrate 
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the expansion of the function, the integral of the series with 
positive indices is zero, as this power series is still analytic at the 
point 2%. 

When integrated the term c_,(z— z,)-1 gives the value Qnrie_as 
while the terms with higher negative indices give zero, for the 
indefinite integral of (z — z,)~” for v > 1 is (ge — 2%)" /(1 — »), 
as in the real case, so that the integral round a closed curve 
vanishes. 

Lhe residue of a function at a pole is therefore 2ic_,. 

In the next section we shall become acquainted with the 
usefulness of this idea as expressed by the following theorem: 

Theorem of Residues. If the function f(z) is analytic in the in- 
terior of a region R and on tts boundary CO, except at a finite number 
of poles, the integral of the function taken round C in the positive 
sense 1s equal to the sum of the residues of the function at the poles 
enclosed by the boundary C. 

The proof follows at once from the statements above. 

| EXAMPLES 
1*. Show that the function 
LQ) τ᾽ 
f(z) — e 3th ἀζ, 
where the integral is taken round a simple contour enclosing the points 
ζ = 0 and € = z, is a polynomial g(z) of degree ἢ — 1 such that 
g™(0) = f™(0) for m=0,1,...,n—1L. 


2. Let f(z) be analytic for|z| <p. If VU is the maximum of | f(z) | on 
the circle | z| = p, then the coefficients of the power series for f, 


f (2) = Σ αν", 
-y==O0 


satisfy the inequality 


| a,,| < 
pe” 


3*, Prove that if a region is bounded by a single closed curve C, and if 
f(z) 15 analytic in the interior of C and on C and does not vanish on C, then 
+. fig 
2rt Jo f{2) 


is the number of zeros of f in the interior of C. 


4, (2) Two polynomials P(z) and Q(z) are such that at every point on 
w certain closed contour C | 
| Q(z) | < | P(e) |. 


19° (g 912) 
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Prove that the equations P(z) = 0 and P(z) + Q(z) = 0 have the same 
numbers of roots within C. (Consider the family of functions P(z) + θ0 (2), 
where the parameter θ varies from 0 to 1.) 
(6) Prove that all the roots of the equation 
2+az+i1=—0 
lie within the circle | z| = r if 


[α«| «---ἰ 
rT 


5. If f(z) = 0 has one simple root a within a closed curve C, prove that. 
this root is given by 
| . , Ὁ (2) dz 
ini 0 f(z) = 


5. APPLICATIONS TO CoMPLEX INTEGRATION (CoNTOUR 
INTEGRATION) 


Cauchy’s theorem and the theorem of residues frequently 
enable us to evaluate real definite integrals by regarding these as 
integrals along the real axis of a complex plane and then simpli- 
fying the argument by suitable modification of the path of in- 
tegration. In this way we sometimes obtain surprisingly elegant 
evaluations of apparentiy complicated definite integrals, without 
necessarily beng able to calculate the corresponding indefinite 
integrals. We shall discuss some typical examples. 


1. Proof of the Formula 


© gin x τ 
f Ax ==. 
0 «x 2 


Here we give the following instructive proof of this important 
formula, which we have already discussed by other methods 
(Vol. I, pp. 251, 418, 450; Vol. II, p. 315). 

We integrate the function e/z in the complex z-plane along 
the path C shown in fig. 7, which consists of a semicircle H, of 
radius R, a semicircle H, of radius 7, both having their centres 
at the origin, and the two symmetrical intervals Z, and I, of 
the real axis. Since the function e**/z is regular in the circular 
ring enclosed by these boundaries, the value of the integral in 
question is zero. Combining the integrals along J, and 7,, we 


have 
[ det [ δα if 55 uty ee 


RB 


νΠΠη COMPLEX INTEGRATION 555 


We now let F tend to infinity. Then the integral along the semi- 
circle H, tends to zero. For if we put z= R(cos0 + 4 sin 0)= Re® 


= 5 
Ο 6° R 
Fig. 7 


for points on the semicircle, we have ef = eRos%~Rsin? ang 
the integral becomes ὁ [ οἰ  οοε9.-- ἢ εἰαθ 10. The absolute value 


0 
of the factor e*®°°*? is 1, while the absolute value of the factor 
e—Fsin® is less than 1 and, moreover, tends uniformly to zero as 
R tends to infinity, in every interval ex @=a7—e. Hence 
it follows at once that the integral along H, tends to zero as 
R->»o, As the reader can easily prove for himself, the integral 
along the semicircle 7, tends to —7i ἃ8 7 — 0. The integral along | 
the two symmetrical intervals I,, I, of the real axis tends to 


21 [ ΝΣ dz as Ro and r>0. Combining these statements, 
0 & 

we immediately obtain the relation given above. 

2. Proof of the Formula 


οὐ 
[ οοϑῶχ θ᾿ dx = 1/xe-™", 
0 


We have already proved this formula in Chap. IV (Ex. 4a, 
p. 318), but we shall now obtain it by means of Cauchy’s 
theorem. 

We integrate the expression e~* along a rectangle 4BB’A’ 
(fig. 8), in which the length of the vertical sides 44’, BB’ is a/2, 
and that of the horizontal sides AB, A’B’ is 2R. This integral 
has the value zero, by Cauchy’s theorem. On the vertical sides 
we have |e7* |= |e~@ ey | — Me" ce Mel”, and this 
expression tends uniformly to zero as F tends to infinity. Thus 
the portions of the whole integral which arise from the vertical 
sides tend to zero, and if we carry out the passage to the limit 
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R-+o and note that on 4΄ Β' dz= d(x + 41a) = da, we may 
express the result of Cauchy’s theorem as follows: | 


a ( Pa = a ye 
[ eW ἐλ)" dy =| e~** da. 
—® 


-Ὁ 


That is, we can displace the path of integration of the infinite 
integral parallel to itself. By our previous result * (p. 262) the 


A’ B' 


Α΄ O B 
Fig. 8 


value of the integral on the right is 1/7. The integral on the left 
immediately becomes 


.Ὁ Ὁ 
et? [ e—*'(cosax --- tsinax) (ἡ = δεῖ κ᾽ [Ἕ cosaze—*'da, 
a | 0 


if we remember that sinaz is an odd function and cosaz an even 
function. This proves the formula. 


3. Application of the Theorem of Residues fo the Integration of 
Rational Functions. 


If in the rational function 


7 Uy GZ ne se 
i aa Saas SRT SE ν᾿" 


the denominator has no real zeros and its degree exceeds that of 
the numerator by at least two, the imtegral 


1=f “Q) de 


can be evaluated in the following way. 

We begin by taking the integral along a contour consisting of 
the boundary of a semicircle H of radius R (on which z = Re”, 
0 ΞΞ 90:3 7), where R is chosen so large that no pole of Q(z) les 
on or outside the circumference of the circle, and the real axis 
from —R to+R. Then on the one hand the integral is equal 


* Cf. also sub-section 6, p. 561. 
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to the sum of the residues of Q(z) within the semicircle, while 
on the other hand it is equal to the integral 


I, =f Qa)de 


plus the integral along the semicircle H. By our assumptions, 
a fixed positive constant M exists such that for sufficiently 
large values of R we have * 


| Q2) |< = 


The length of the circumference of the semicircle is 7. By our 
estimation formula on p. 539, the integral along the semicircle 


is therefore less in absolute value than πὶ Ra = 7 , and hence 
tends to zero as Καὶ -- ©. This means that the integral 


1=f Qe) ἄν 


is equal to the sum of the residues of Q(z) in the upper half-plane. 
We now apply this principle to some interesting special cases. 


We begin by taking 
I 1 
2) ἢ. -.-..-.---.  Ξ--, 
(2) azz+bete f(z) 
where the coefficients a, ὃ, c are real and satisfy the conditions a > 0, 
b? — 4ac < 0. Then the function Q(z) has only one simple pole 


ΕΞ =. {—b + iV (4ac -- b)}, 


where the square root is to be taken positive, in the upper half-plane. By 
the general rule (p. 553), therefore, the residue is 277 rey Since 
f(a) = 2az, + ὃ = ἐν (4ac — b?), 


we have 
τὸ 1 9 5π 


aa ν (4ac — 85) 


* This follows immediately from the fact that Q(z) = = Ble) where R(z) 


tends to zero as z—> οὐ (when n > m + 2) or to ἀεί δε (when n =~ m + 2). 
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As a second example we shall prove the formula (cf. Vol. I, p. 234) 


+ 
f cep ny | 
“ὦ 1+ 24 


Here again we can immediately apply our general principle. In the 
upper half-plane the function 1/(1 + z*)= 1/f(z) has the two poles 
2, = ε = ett, z, = ---ετ (the two fourth roots of —] which have a posi- 
tive imaginary part). The sum of the residues is 


(ol ae eee a eee ee ee 
ani Hag t peg Maat a) οὐ το 


= -- πὶ. ὁ οἷα ὅτ. πίῃ τ = inv 2, 
4 4 
as was asserted. 
EXAMPLES 
1. Prove the formula 
o 6 
[ .- Ξ du = 4nv2 
ὦ l + 24 
in the same way as above. 
2. Prove that in general if ἢ and m are positive integers and x > m, 
i 2] 
a dea τι (5: ς 
_ol+2™ n 


The following proof of the formula 


@ dx __ a (2n)! 

oF στο 
exemplifies the case where the residue at a pole of higher order 
has to be calculated. 

If we replace x by z, the denominator of the integrand is of 
the form (z +- 1)"*+4(z — 7)"+4, and the integrand accordingly has 
a pole of the (ἢ + 1)-th order at the point z= -++%. To find the 
residue at that point we write 


1 1 1 1 


a a 


@+ It fe @— at i+ ε-- ἡ"α 


] 2 --- ἐλ 52 
(zg — "Ἢ αὐταί! ε =) 


If we expand the last factor by the binomial theorem, the term 
in (z — ἡ)" has the coefficient 
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OF gaia) Oe er 
(20)” ἢ (2%)" 1.2...% 2" (nl)? 
The coefficient c_, in the series for the integrand im the neigh- 
1 1 (2n)! 


ΟΣ 4 (nl)? 
which proves the 


bourhood of the point z= 4 is therefore equal to —— 
π (2n)! 


The residue 2zic_, 1s therefore 5am nl)?” 


formula. 


As a further exercise the reader may rv for himself by the theory 
of residues that 


[2] 
2 sin x 
“4. = 4ne—lel 


ῳ 5 - οἷ 
(replacing sin x by εἶ). 


EXAMPLE 


Let f(z) be a polynomial of degree n with the simple roots 01, 2» ... 5 %- 
Prove that 


n a, * 
——_ = 90 (k=0,1,...,2— 2). 
2 Κα) ( ἡ ) 


(Consider {5 —— dz round a closed curve enclosing all the «,’s.) 


4. The Theorem of Residues and Linear Differential Equations 
with Constant Coefficients. 
If 
By - 42 + agz® +... $+ age" = P(z) 


is a polynomial of the n-th degree, and ¢ a real parameter, we 
think of the integral 


u(t) = [ on od dz, 


taken along any closed path C in the z-plane, which does not 
pass through any of the zeros of P(z), as a function u(t) of the 
parameter ¢. Let f(z) be a constant or any polynomial in 2, of a 
degree which we shall assume to be less than ». By the rules 
for differentiation under the integral sign, which hold unaltered 
forthe complex region, we can differentiate the expression u(¢) once 
or repeatedly with respect tot. This differentiation with respect 
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to ¢ under the integral sign is equivalent to multiplication of the 
integrand by z, z, z3,..., asthe case may be. If we now form 
the differential expression L[u] = a,u-+ a,w’ + a gu” +...+a,u™, 
or, in symbolic notation, P(D)u, where D denotes the symbol 
of differentiation D = d/dt, we have 


P(Dyu = 11] = [Ἐ et* f(z) da. 


By Cauchy’s theorem the value of the complex integral on 
the right is zero; 1.6. the function u(t) is a solution of the dif- 
ferential equation L{u}] = 0. If f(z) is any polynomial of the 
(x — 1)-th degree, this solution contains n arbitrary constants. 
We may accordingly expect to get in this way the most general 
solution of the linear differential equation with constant co- 
efficients, L[uj] = 0. 

In fact we do obtain the solutions in the form which we 
already know (cf. Chap. VI, § 4, p. 449), on evaluating the 
integral by the theory of residues, with the assumption that the 
curve C encloses all the zeros 2, 2%, ..., 2%, of the denominator 
P(z) = a,(2 — %)(2 —%)...(2— 22). If we assume to begin 
with that all these zeros are simple zeros, they are simple 
poles of the integrand, and the residue at the pomt a, is 


πὸ LE) τ ev, By suitable choice of the polynomial f(z) the 
“ας ἢ S(z,)/P’(z,) can be made arbitrary constants; we 
accordingly obtain the solution in the form 


u(t) = 2% c,e*4, 
νεῖ 
in agreement with our previous results. 

If a zero z, of the polynomial P(z) is multiple, say r-fold, so 
that the corresponding pole of the integrand is of the r-th order, 
the residue at the point z, must be determined by imagining 
the numerator ¢*f(z) = e*vet*-*) f(z) also expanded in powers 
of z— z,. We leave it to the reader to show that the residue at 
the point z, gives the solutions te, ... , ¢’-te* as well as the 
solution e!», 
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6. Proof of the Formula 
[ ο΄ ᾿ς = ,ήπ. 


In evaluating the integral on p. 555 we took over this formula 
as known from the theory of real variables. It is, however, 
possible to obtain the result by complex integration, using the 
theory of residues. As this proof is very instructive, we shall give 
it here, although from our elementary point of view its starting- 
point may appear artificial. We begin with a complex integral 
which arises in other branches of mathematics (e.g. the theory of 
numbers). 

We use the symbol /} to denote the straight line z = } + pe" 
(--οὦ < p<) in the z-plane, that is, a straight line making 
an angle of 45° with the z-axis and cutting it at the point 4. 
The symbol /—} or /0 will bear a similar meaning. Let u be 
a real parameter. We then consider the integral 

wiz* + Qiu 


é 
[m= ome --ἢ di 


This integral is to be regarded as an improper integral, that is, 
we integrate in the first place between the limits p= —R, 
p= R, and then let 2 tend to infinity. The reader may verify 
that this integral exists by means of an argument following the 
pattern of similar arguments for real integrals. Then 

eu 


f(utly—f(uy)= om — 1 οὔτι riz __ 1) dz 


a [ ema? + ἅπῥεξ dz 
It 


-- ρ΄ τί" f prilatu)* gy 
Ii 
As the integrand on the right is regular everywhere, we can 
use Cauchy’s theorem to displace the path of imtegration 
parallel to itself to any extent, as on p. 556, writing, for 
example, 


f(ut+ 1)—f(u) = τὰν if em" dz = eT 
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where z = pe’”'* on the path of integration and hence 
I= ἐπ [6 τρ ἀρ. 
ers 
That is, if we substitute Vp = t, we have 
_, 1 f® 
T= elt ff e7*dé. 
“/ vii [-: 


Again, if we put z= λ- 1 and take A as the new variable 
of integration, we obtain the expression 
aaa? 


ζω -- -- = εν erik dy, 


using the facts that 675 = 1, οἷ = —1, or 


emia + 2πέλε 


en 2riu (ὦ) δ. ee eTiA* + 2mrihu J ΝΒ ds aK --- τ a. 


By the above result, as we can again displace the path of integra- 
tion parallel to itself, the first integra] on the right is equal to 
e—™"T, If we replace the second integral by the integral obtained 
for f(u) by displacing the path of integration through an interval 
1 to the right, we have te note that the pole A=0 of the 
integrand lies between the two paths of integration. 

We now apply the theorem of residues—the fact that the 
path of integration /-4 and /$ extends to infinity gives us no 
trouble, in virtue of the analogous discussion on p. 556—prove 
that the residue of the integrand at the point A= 0 has the 
value 1, and then at once obtain the result 


—f(uje~ 2 = e~™'] + Γ(μ) -- 1 


from our equation. Here neither J nor the function f(u) 1s ex- 
plicitly known. If, however, we put u = 4, f(u) disappears from 
the equation, and we are left with 

etl = 1. 
But since 


1 οὉ 
] = ει ον [ edt 
A/T --οὦ ° 


the real integral formula follows at once. 
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6. MANY-VALUED FUNCTIONS AND ANALYTIC EXTENSION 


In defining functions both real and complex we have hitherto 
always adopted the point of view that for each value of the 
independent variable the value of the function must be unzque. 
Even Cauchy’s theorem, for example, is based on the assumption 
that the function can be defined uniquely in the region under 
consideration. All the same, many-valuedness often arises of 
necessity in the actual construction of functions, e.g. m finding 
the inverse of a unique function such as the n-th power. In the 
real case we separated different one-valued branches of the inverse 
function in inversion processes such as «/z or ~/z. We shall 
see, however, that in the complex case this separation is no 
longer possible, for the various one-valued branches are now 
interconnected. 

We must be content here with a very simple discussion based 
on typical examples. 


For instance, we shall consider the inverse ζ ξεν of the function 
z= (3. To one value of z there correspond the two possible solutions ¢ and 
.-- of the equation z= ¢?, These two branches of the function are con- 
nected in the following way. Let z= γοῖθ, If we then put €=+/rei@l2 == f(z), 
¢ == f(z) is certainly analytic in every simply-connected region R ex- 
cluding the origin (where f(z) is no longer differentiable). In such a region 
¢ is uniquely defined, by our previous statement. If, however, we let the 
point z move round the origin on a concentric circle K, say in the positive 
direction, (= ~+/re‘#/2 will vary continuously; the angle 6, however, 
will not return to its original value, but will be increased by 2x. Hence 
in this continuous extension when we come back to the point z we no 
longer have the initial value ζ =~+/re‘/2, but the value/r e#4/2 πὶ — _¢, 
We say that when it is continuously extended on the closed curve K 
the function f(z) is not unique. 

The function </z, where n is an integer, exhibits exactly the same 
behaviour. Here every revolution multiplies the value of the function by 
the n-th root of unity, namely ε = e?"/", and the function only returns 
to its original value after n revolutions. 

In the case of the function logz we saw (p. 543) that there is a similar 
many-valuedness, in that in travelling once continuously round the origin 
in the positive sense the value of logz is increased by 277. 

Again, the function 2* is multiplied by e?"* per revolution. 


All these functions, although in the first instance uniquely 
defined in a region R, are found to be many-valued when we 
extend them continuously (as analytic functions) and return to 
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the starting-point by a certain closed path. This phenomenon 
of many-valuedness and the associated general theory of analytic 
extension cannot be investigated in greater detail within the 
limits of this book. We would merely point out that the unique- 
ness of the values of a function can theoretically be ensured by 
drawing certain lines in the z-plane which the path traced by Ζ 
is not allowed to cross, or, as we say, by making cuts along cer- 
tain lines. These cuts are so arranged that closed paths in the 
plane which lead to many-valuedness are no longer possible. 


For example, the function logz is made one-valued by cutting the 
z-plane along the negative real axis. The same applies to the function Vz. 
The function V(1 — 2?) becomes one-valued if we make a cut along the 
real axis between —1 and +1. 


Once the plane has been cut in this way, Cauchy’s theorem 
can at once be applied to these functions. 

We now give a simple example showing how Cauchy’s theorem 
is applied in a case where many-valued functions arise, by 
proving the formula 


ΤΙ 1 ΕΞ 2π 
=), ἐξ πε 


where & is a constant which does not lie on the real axis between 
—l and +1. 


We begin by noting that the function : 


G—bh/a— δὴ 
one-valued in the z-plane provided we make a cut along the real 
axis from —1to-+-1. If in the complex plane we approach this 
cut S first from above and then from below, we obtain equal and 
opposite values for the square root +/(1 — 2), say positive from 
above and negative from below. We now take the complex 
integral 


f dz 
ο (2 — νι ( — 2) 


along a path C as indicated in fig. 9. By Cauchy’s theorem we - 


can make this path contract round the cut without altering the 
value of the integral. The integral is therefore equal to the 
limiting value obtained when this contraction is made, which is 
obviously equal to 27. On the other hand, if we take the integral 
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of the same integrand along the circumference of a circle K with 
radius R and centre the origin, this integral, by our previous 


Fig. 9 


investigations, tends to zero* as R increases. By the theorem of 
residues, however, the sum of the integrals along C and K 1s 
equal to the residue of the integrand at the enclosed pole z = k; 
hence 21 is equal to the residue in question. This residue is 


ea 1 1 _ 2π 
paar a Ji~- 2) (-- ἢ VW (R-1) 


which proves our statement. 

Example of Analytic Extension. The Gamma Function.—In 
conclusion we give yet another example showing how an analytic 
function, originally defined in a part of the plane only, can be 
extended beyond the original region of definition. We shall 
extend the gamma function, which was defined for «> 1 by 
the equation 


T(z) = [ “-ιο ται, 


analytically for z< 1 also. We can do this e.g. by means of the 
functional equation I'(z)= : Γ(: -Ἐ 1), using this equation to 


define ['(z — 1) when I'(z) is known. By means of this equation 
we can imagine T(z) as extended first in the parallel strip 


*In fact, its value is actually zero, since by Cauchy’s theorem it is 
independent of the radius R, provided that the circle encloses the pole z = &. 
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—1<2<0 and subsequently extended to the next parallel 
strip —-2 << « S —1, and so on. 

We can, however, adopt another method, of greater theoretical 
interest, for extending the gamma function. We consider the 
path C in the t-plane indicated in fig. 10, which surrounds the 


SSS => 


Fig. 10.—Loop-integral for the gamma function 


positive real axis of the ¢-plane and approaches this axis asymp- 
totically on either side. We easily see from Cauchy’s theorem that 
the value of the “ loop-integral ”’,* 


[ ἐπ -1ρ dt, 
σ 


is unaltered when the loop is made 10 contract into the z-axis. 
The integrand ¢*~1e-* then tends tc different values as we 
approach the z-axis from above and below, the values differing 
by the factor e?"*. For x > 0 we thus obtain the formula 


Ὁ -- &)P(2) = =f (στρ τα, 


This formula is deduced subject to the assumption that 2, the 
real part of z, is positive. We see now, however, that the loop- 
integral has a meaning, no matter what the complex number z 
is, since it avoids the origin t= 0. This loop-integral therefore 
represents a function which is defined throughout the z-plane. 
We then define this function by stating that it ia equal to 
(1 — e?™*)T'(z) throughout the z-plane. The gamma function 
has thus been analytically extended to the whole of the z-plane, 
except the points <0 for which the factor (1 — e”™*) vanishes, 
that is, except the points z= 0, z= —1, z= —2, and so on. 

For more detailed and more extensive investigations the 
reader must be referred to the literature of the theory of func- 
tions. 

* This is again an improper integral, which arises by a passage to a limit 


from an integral along a finite portion of C. The reader may satisfy himself 
that it exists, by an argument similar to chose previously employed. 

¢ E.g. MacRobert, Functions of a Complex Variable (Macmillan); Whittaker 
and Watson, ΠΗ͂ odern Analysis (Cambridge University Press); Watsos, Complex 
Integration and Cauchy's Theorem (Cambridge Tracta, No. 15). 
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MisceLLANnous Exampuss VIII 


1, Write down the condition that three points z,, Ζ9» 2, may lie in a. 
straight line. 

2*. Write down the condition that four points 2), 22, 23, 7, may lie on a 
circle. 


3*. Let A, B, C, Din the z-plane be four points in order on the circum- 
ference of a circle, with co-ordinates z,, 22, 23, 2 Using these complex 
co-ordinates, show that AB.CD-+- BC,.AD = AC. BD. 


4. Prove that the equation cosz = ὁ can be solved for all values of Ὁ. 
5. For which values of ὁ has the equation tanz = ¢ no solution? 
6. For which values of z is (a) cosz, (b) sinz real? 


ἡ. Find the radius of convergence of the power series 2Za,2", where 
(2) a, = τ 8 being a complex number with a positive real part; 
(6) a, = πῆ; 

(c) a, = logn. 
8. Prove the formula 
e* = lim ( ᾿Ξ aie 


n> Ὁ 
where z is complex. 


6. Evaluate the integrals 


OL ire 0) [Τα 4 @ fr era” 


gol 


Ὁ ie + 1)5 + 2) 


(ὦ) ἄχ ior 1-α-«-2 
by complex integration. 
10. Find the poles and residues of the functions 
l 1 COS Z 


ay ey DZ), cotz = ——. 
sinz cosz sin z 
115, Find the limiting value of the integral 
cot πὸ 
On t — 2 


as n —> οὐ, where the path of integration is a square C,, with its sides parallel 
to the axes at a distance n + 4 from the origin. Hence, using the theorem 
of residues, obtain the expression for cot xz in partial fractions. 


12*, Using the equation 
= dt 
log (1 + z =/ ----- 
g(1 + 2) ite 
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show that the power series for log(1 + z) converges everywhere on the 
unit circle |z|= 1, except at the point z=—J. By equating the 
imaginary part of the series to the imaginary part of log(l + εἶθ), 
establish the truth of the Fourier series (cf. Vol. I, p. 440) 


$0 = sind — $sin20 + 4sin30— ...(—z < 6 < 2). 
13*. (a) Prove that the series 


(—1)+ 
νξ 


οΌ 
f(z) = f(z+ y)= ma 
v= 
converges for 7 > 0. 
(Ὁ) Prove that this series provides an extension of the zeta function 


(defined in Ex. 2, p. 545) to values of z such that 0 < 2 S 1, by means 
of the formula 


f(z) = (1 — 2: - C2), 
which is valid for x > 1. 
(ὁ) Prove that the zeta function has a pole of residue 1 at z= 1. 


SUPPLEMENT 


Beat NumpBers AND THE CoNncEePT oF Limit 


In Vol. I, Chapter I, it was taken for granted that the rea] 
numbers form an aggregate within which the ordinary operations 
of arithmetic may be performed as with the rational numbers. 
We shall investigate this assumption more closely here. We 
take the arithmetical operations on the rational numbers as given. 
Our object is then to make an abstract analytical extension of 
the class of rational numbers which shall yield the wider class of 
real numbers, and to do this without relying on intuition in 
our proofs. We must frame our definitions in such a way that, 
as a logical consequence of them, the ordinary rules of arithmetic 
apply to all real numbers just as they do to rational numbers. 

The introduction of irrational numbers will be undertaken in 
close conjunction with a thorough consideration of the concept 
of limit, in which we shall repeat in a revised form the discussion 
of Vol. I, Chapter I, Appendix (p. 58 οὐ seq.).* 


1. Definition of the Real Numbers by means of Nests of 
Intervals. 


The irrational numbers and, in general, the real numbers 
were defined in Vol. I, Chapter I, § 1, p. 8, by means of decimals, 
the rational numbers being represented by terminating or 
recurring decimals. By such a decimal, say a= θ'αγαρᾶς . - - , 
we mean that the number represented, called a, lies between 
the rational number a, = 0-a,...@, and the rational number 
a, + 10-". The number a is thus determined by means of a 
sequence or nest of progressively smaller and smaller intervals, 
each inside the previous one, the n-th interval being of length 
10-*. 


*The only difference in the point of view will be that here we shall start 
with the logical abstract concept of real numbers, while on the former occasion 
the properties of real numbers were taken for granted. 
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For our present purpose it would be inconvenient to restrict 
ourselves to special nests of intervals where the length of the 
n-th interval is 10-*. We begin with the following general defini- 
tion. 

By a rational interval (a|b) we mean the aggregate of all the 
rational numbers ὦ which satisfy the mequalities al 7b, 
where a <6 and ὦ and ὃ are rational numbers. The number 
(6 — a) is called the length of the mterval. We say that the 
interval (c|d) is contained in the interval (a[d) if aSc<d3Sb. 
An infinite sequence of rational] intervals (a,|5,), (ας 4), .. . is 
called a nest of intervals if every interval (a,|b,) contains the 
next in order, (@y4;|6,4;), and the lengths ὁ, — a, tend to zero. 
That is, given any positive number e, however small (the number 
ε must, of course, be rational, since no other numbers have as yet 
been introduced), there is a number N(e) such that the lengths 
ὃ, — a,, are less than ε for all suffixes ἢ which exceed N. 

From the intuitive meaning of a nest of intervals, and re- 
membering in particular how we may pick out any point on the 
number axis by means of a nest of intervals, as on p. 9 of Vol. I, 
we arrive at the idea that we may define an arbitrary real number 
by a nest of intervals. This is to be taken as meaning the following: 
the real number is given by an unending process of approxima- 
tion which is determined by the nest of intervals. The nest whose 
general member is (a,|6,) gives us, with regard to the number 
a to be defined, the fact that this real number lies between a, 
and δι; again, it lies between a, and 6,, between a, and b,, and 
soon. The nest of intervals will thus give us two rational num- 
bers, as near together as we please, between which the real 
number lies. 

The essential step is now that we abandon the notion of 
obtaining an objective definition of the irrational numbers. We 
give up the attempt to characterize the irrational numbers as 
given mathematical entities with specific properties. We do not 
say that an irrational number 7s such and such a mathematical 
object; instead, we are content with the process of approximation 
which gives the nest of intervals and regard each such process 
as defining a real number. If there is a rational number a con- 
tained in all the intervals (a,,|b,,), the real number defined by the 
nest of intervals (a,|b,,) is said to be identical with a. By this 
assumption the rational numbers become real numbers also. 
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The words wrational number or, more generally, real number 
may thus be regarded merely as a brief way of referring to a 
nest of intervals.* 

This is what is meant by the statement that an irrational 
number is given or defined by a nest of intervals. In practice it 
comes to this, that every operation with real numbers is an 
operation with nests of intervals. This offers the possibility of 
making calculations with real numbers depend logically on 
operations with rational numbers. 

Tt is necessary to lay down a procedure for defining addition, 
multiplication, &c., of real numbers by nests of intervals. Here 
the rules must be framed in such a way that the ordinary laws 
of calculation still apply. Moreover, we must ensure that the 
rules of calculation with rational numbers are not contradicted. 

We shall begin by showing that our definition implies an 
ordering of the real numbers by magnitude. This in itself provides 
a sufficient groundwork for the axiomatic foundation of the 
concept of limit and a more thorough understanding of it. When 
this has been achieved, we shall return to the question of the 
rules of calculation with real numbers. 


2. The Real Numbers in Order of Magnitude. 


Let two numbers a and y be given by nests of intervals 
(@n|5,) = %, and (¢,|d,)= Jn. The following three cases may 
occur. 

(1) From a certain stage ἢ = my onward every interval j,, lies 
to the right of the interval 2,; that is, for n= m9, and of course 
for every n>, we have b,<c,. We then say that y is greater 
than a, or y > a. 

(2) Lf, on the other hand, from a certain », onward ἐμ lies to 
the right of 4,, then we say that a > y. In this case for ἢ = n, 
we have always ὦ, < dy. 

(3) Neither of the above situations arises. We then say that 
the two nests of intervals 1, and 7, define the same number: 
a= yy. Thus two nests of intervals define the same number if, 
and only if, the intervals 1, and j, always overlap; that is, if 

* Some process of this kind is often essential in giving a precise formulation 
to mathematical concepts. For instance, in projective geometry, when points 
at infinity are introduced these points are not treated as definite mathematical 


entities in themselves; we merely say that a point at infinity is given by a 
pencil of parallel lines, 
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both a, Sd, and b, = ¢,; or if the two intervals 4, and 7,, have 
rational points in common for every n. A special consequence 
of this definition is that if, of two nests of intervals, one is obtained 
from the other by the omission of a finite or infinite number of 
constituent intervals, the two nests define the same real number. 

All these rules giving the magnitude relations between two 
real numbers can be understood immediately from the point of 
view of the intuitive meaning of nests of intervals, 

A few simple facts about inequalities between real numbers 
will now be noticed. They will be of use in what follows. 

We first make the following observation. The relation a S y 
can be inferred from the two defining nests of intervals (a,,|b,) 
for a and (c,|d,) for y if we note that from a certain n= ny, 
onwards the inequality a, < d,, holds.* 

In just the same way we see that the condition c, < ὃ, for 
all large values of n is equivalent to a = y. 


We see at once from the above that if « is a real number determined 
by the nest of intervals (a,,|6,), then a, Sa<b,. This fact justifies 
our rule, for it shows that any real number is actually contained in every 
interval of the nest which defines it. 


If a and β are two real numbers and a < 8, then by the in- 
terval (a|8) is meant the aggregate of all real numbers € such 
that a= €< β. We call the interval a rational interval if its 
“ end-points ” a and β are rational numbers. We say that the 
real number € lies in the interior of the interval if the signs of 
equality are absent, so that a< €< 8. We describe (a|f) as 
a neighbourhood of the real number y if y lies in the interior of 
(a8). 


Every interval has rational numbers r in its interior. 


For let (a,,|5,) and (c,|d,,) be nests of intervals defining the numbers 
aand 8. Since « < 8, there is a number np such that b,, <¢,,. Thus 
α ΞΞ δ, <en, SB. We see that r = (δ, + ¢,,)/2 is a number with the 
required property. 


From this we obtain the following statement: if (a[f) is a 
neighbourhood of y, then (a|f) contains a rational neighbour- 


*For if a = y this inequality is satisfied, as can be seen from the definition 
of equality, and if a < y then from some number onwards we have by, < ¢,, 80 
that a fortiori dg <d,. Conversely, if from some number onwards a, < dy, 
then either b, > cy, for all such values of ἢ, and then a = y by definition, or 
else, for some value of n, by < cy, which gives a < y. 
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hood (a|d) of y. It is only necessary to choose two rational 
numbers ὦ and ὁ such thata<a<y<b< β. It is also easy 
to see that if a < β, then rational neighbourhoods (α ὃ) of a 
and (c|d) of 8 can be found such that ὃ « 6; in other words, 
the two neighbourhoods have no points in common. 

We shall not deal with the fundamental rules of calculation 
until we come to sub-section 8, p. 580. Our next step is to 
resume the analysis of the concept of limit with the help of the 
ideas just explained. 


3. The Principle of the Point of Accumulation.* 


The determination of real numbers by nests of intervals 
forms the essential basis of the proof of the principle of the 
point of accumulation, which is due to Weierstrass. A few 
remarks on the concept of the point of accumulation will first 
be made. 

Let M be an infinite set of real numbers in which it is per- 
missible for the same number to occur more than once, and 
indeed an infinity of times. (For example, 1, 1, 1,...1is such a 
set.) If £ is a number such that every neighbourhood of ξ contains 
an infinity of numbers belonging to M, then ξ ts called a point of 
accumulation of the set M. The name of course recalls the geo- 
metrical connexion between numbers and points. Since every 
neighbourhood of € contains a rational neighbourhood, it is 
sufficient to formulate the above requirement in terms of rational 
neighbourhoods only. | 

An infinite set of numbers need not necessarily have a point 
of accumulation. The set of integers provides an example. A 
point of accumulation of a set need not itself be a member of 
the set. For example, the set 1, 4,4, ...,1/n,... has 0 as a pomt 
of accumulation, but the definition of the set shows that 0 is not 
one of its members. A set which contains all its points of accumu- 
lation is said to be closed. The set of all numbers x such that 
0 <2 < 25 is not closed, since the points of accumulation 0 and 
25 do not belong to it. On the other hand, 0S x < 25 defines 
a closed set. A set a <2 33 bis called a closed interval. 

A set may have an infinity of points of accumulation. For 
example, every real number is a point of accumulation of the 


*The above discussion is essentially a repetition of the text in Vol. I, 
Chap. I, p. 58. The same is true of the next three sub-sections. 
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set of rational numbers. For if a is any real number, which may 
be thought of as given by a nest of intervals (a,,| 5,,), then every 
neighbourhood of a contains an infinity of intervals (a,,|b,), and 
hence of rational numbers a,,, ὃ,. 

The principle of the point of accumulation, which will now 
be proved, runs as follows: 

Every bounded infinite set of real numbers, that is, every infinite 
set of real numbers lying in a definite interval, possesses at least one 
point of accumulation. 

To prove this we have to construct a nest of intervals defining 
a real number which has the property of a point of accumulation 
of the set. : 

We first observe that it is legitimate to assume that the given 
set is contained in a rational interval; for if this were not the 
case we could replace the given interval by a larger interval with 
rational end-points. We now divide this rational interval into 
two equal sub-intervals. At least one of these contains an infinite 
number of points of the set. For if this is not the case the original 
interval contains only a finite number of points of the set, and 
the hypothesis is contradicted. We take the sub-interval con- 
taining an infinite number of points of the set, or, if such occur 
in both, we take one or other of the sub-intervals, and divide it 
into two equal sub-intervals. Just as before, at least one of 
these sub-intervals contains an infinity of points of the set. 
Hither this one, or one of the two containing an infinity of points 
of the set, is now sub-divided, and so on. In this way a nest of 
intervals (a,|6,) is constructed; for each interval taken is con- 
tamed in the previous one and the length of the nth interval is 
one 2"-th part of the length of the original interval. This nest 
of intervals defines a real number ἔξ, It will be shown that ξ 
is ἃ point of accumulation of the set. 

Consider any rational neighbourhood (r| s) of ἕ, so that r<é<s. 
Then from a certain number n, onward we must have r << An, 
and from another (possibly different) number n, onward bn « 8. 
In any case, if n > n, and also τ > ng, then (α,] δ,) is contained 
in (ris). The construction of our nest (a,|b,) shows that each 
interval of the nest contains an infinity of points of the set, and 
therefore the arbitrary rational neighbourhood (r|s) of ἕ also 
contains an infinity of points of the set. But this asserts precisely 
the fact that ξ is a point of accumulation of the set. 
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4. Upper and Lower Points of Accumulation. Upper and Lower 
Limits. 


In the construction which has just led us to a point of accu- 
mulation of a bounded infinite set, we might have made the 
restriction that the second interval (that with the larger numbers 
as its end-points) should always be chosen whenever it contained 
an infinity of points of the set. If this were done, the nest of 
intervals obtained would define a perfectly definite point of 
accumulation f of the set. This number 8 is the greatest of 
the numbers corresponding to points of accumulation of the set. 

This follows at once from the remark that there can only be 
a finite number of points of the set in any interval to the “ right ”’ 
of each interval (a,|5,) of the nest described above. 

If y is an arbitrary number greater than f and if ” is sufficiently 
large, the number ὅ, is less than y. Only a finite number of 
members of the set can be greater than 6,. Thus y cannot be a 
point of accumulation, so that β is in fact the greatest number 
corresponding to a point of accumulation. It is called the upper 
limit (lim) of the set. 

If in the construction we agree to choose the first interval 
of the two (that with the smaller numbers as end-points) when- 
ever it contains an infinity of points of the set, we arrive in the 
same way at the lower limit (lim) of the set. 

The upper limit B and the lower limit a need not belong to 
the set. For example, in the case of the set of numbers ας, = 1/n, 
Qo,-1 = (n—1)/n, we have a= 0, B= 1, but the numbers 0 
and 1 are not members of the given set. 

In the example just given the set contains no number greater 
than 1. We say that in this case 1, besides being the upper limit, 
is the upper bound G of the set. The general definition is as 
follows: the number G is called the upper bound of a set of numbers 
if the set contains no number greater than G, and tf every number 
less than G is exceeded by at least one number belonging to the set. 

It is important to notice the distinction between the upper 
limit and the upper bound of a set. Take, for example, the set of 
numbers 1, 4, 4,.... The upper bound is 1 and the upper limit 
is 0, the number 0 giving the only point of accumulation of the 
set. 

We shall now show that every set of numbers which 1s bounded 
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above has an upper bound. A set of numbers is said to be bounded 
above if there is a number M such that all members of the set 
are smaller than M. We first note that ¢f the set contains a greatest 
member G, then G is the upper bound of the set. But a set which is 
bounded above need not have a greatest member, as is seen from 
the example (n — 1)/n, (n= 1, 2,...). We now assert that if the 
set has no greatest member, tts upper limit is also its upper bound. 

For suppose the set contains a number z > 8. We consider 
all members of the set which are not less than x, There can only 
be a finite number of these, for otherwise the interval (x|I/) 
would contain an infinity of members of the set and thus at least 
one point of accumulation, contrary to the assumption that β 
is the upper limit. Among the finite number of members of the 
set which are not less than x there would be a greatest one, and 
this would at the same time be the greatest member of the 
whole set. Thus we should be thrown back on the case already 
dealt with. It follows that if the set contains no greatest member, 
then no member of the set exceeds the upper limit. The number 
B also fulfils the second condition that it should be the upper 
bound. For suppose that y is any number less than f; then the 
interval (y|M) is a neighbourhood of 8. But since f is a point 
of accumulation the neighbourhood contains an infinity of points 
of the set, all greater than y. 

The lower bound g of a set of numbers is correspondingly defined 
as that number which is not greater than any member of the set, 
and which has the property that every number greater than g 
is also greater than at least one member of the set. Every set 
which is bounded below has a lower bound, which is either the 
least member of the set or else the lower limit of the set. 


5. Convergent Sequences. 


We consider sequences of numbers a,,a9,..., always assuming 
that they are bounded. The principle of the point of accumulation 
shows that the set of numbers o,, ας, ... has at least one point 
of accumulation. A sequence of numbers is called convergent 
if it has only one point of accumulation a. This number a is 
then called the limit of the sequence, and we write 

lim a, = a. 


%—> CO 


The following definition is clearly equivalent to the one just given. 
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A sequence of numbers a,, da, ... has the limit a tf, and only if, 
every neighbourhood of a. contains all the members a,, of the sequence, 
with the possible exception of a finite number of members. 

For if the bounded sequence a, has only one point of accumu- 
lation a, then only a finite number of members can lie outside 
any neighbourhood of a; otherwise there would be some other 
point of accumulation. Conversely, if all neighbourhoods of a 
contain all the numbers a,, with only a finite number of excep- 
tions, then the sequence a, is certainly bounded. It can only 
possess the one point of accumulation a. For if a’ were another, 
we could choose quite separate neighbourhoods of a and a’, 
and in each of these there would be an infinity of numbers 
belonging to the sequence. This would contradict the hypothesis 
that only a finite number of members of the sequence lie outside 
any neighbourhood of a. 


A sequence which does 
not possess a limit should 
not be regarded as any-~ 
thing abnormal. On the 
contrary, the existence of a 
limit is in a sense excep- 
tional, For example, the 
sequence whose members 
are dg, =1/n, ἀ5,. 1.5Ξ 
(n —1)/n, n = 1, 2, . 
has two points of accumu- 
lation, namely 0 and 1. 


ἐὸν τον 
ΣΝ 
VANE 
SS. 

ἊΝ ἃ 


The aggregate of the positive rational numbers can be regarded 
as ἃ sequence of numbers, though we must first entirely dislocate 
the ordering by magnitude. The simplest way to arrive at such 
a sequence is to order the members by means of the array in fig. 1. 
The line drawn in the figure shows the order in which the numbers 
should be taken, any number which has already appeared in the 
sequence being disregarded. As has already been mentioned, the 
set of all rational numbers has every real number as a point of 
accumulation. 

The concept of convergence enables us to make a very useful 
deduction from the principle of the point of accumulation. 1} M 
is a given bounded infinite set of numbers with € as point of accumu- 
lation, then M contains an infinite sequence a4, ας», « « « of numbers 
converging to the limit &. 

20 (#912) 
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To prove this we assume that € is given by a nest of intervals 
(a,,|b,) where a, < €<b,. Since € is a point of accumulation, 
(α, δ.) contains an infinity of points of M. We choose one of 
these and call it a,. Again, (a,|5,) contains points of M. We 
choose one of these and call it a,, and soon. The resulting sequence 
Q4, 9, ... 15 bounded and can have no point of accumulation 
other than €. It therefore converges to the limit €. 

We now call attention to the two following theorems on con- 
vergent sequences, which, though simple, are important in what 
follows. 

If the sequence a,, dg, ... converges to the lumi a, then every 
infinite sub-sequence converges to a. For instance, a4, ag, as, . . 
converges to a. 

This follows immediately from the observation that any point 
of accumulation of a sub-sequence must be a point of accumulation 
of the original sequence. An infinite sub-sequence must have at 
least one point of accumulation, and this can only be a. 

If a4, a, ... and B,, Bo, ... are two sequences with the same 
limit γ, then the mixed sequence αι. By, Gg, Bo, a3, . . . converges to y. 

Any neighbourhood of y contains all the numbers a,, and all 
the numbers f,, with the possible exception of a finite number 
of members of each sequence. It therefore contains all members 
of the mixed sequence, except possibly for a finite number of 
these. 


6. Bounded Monotonic Sequences. 


A sequence of numbers a, a2, ... is said to be monotonic if 
either 
On S α; 11 
for all values of ἢ or 
On = Onty 


for all values of n. In the first case we say that the sequence is 
monotonic non-decreasing, and in the second that it 1s monotonic 
non-increasing. 

We now prove the important statement that every bounded 
monotonic sequence is convergent. We may restrict ourselves to 
the proof for the non-decreasing sequence. The other case is 
exactly similar. 

Since every bounded sequence has at least one pot of 
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accumulation, we need only show that our monotonic sequence 
cannot possess more than one. Suppose, then, that there are two 
such, a and a’, say, and that a < a’. About a and a’ we construct 
two quite separate neighbourhoods U, and U,. Each must 
contain an infinity of members a, of the sequence. Take one 
of the members contained in U,,, say a,. Now let a, be the first 
member beyond a, which lies in U,. There must be such a 
member, since U, contains an infinity of members. Now all the 
members in U, are smaller than any in U,. It follows that 
a, > a,, which contradicts the hypothesis that the sequence is 
non-decreasing. 

We may add the following remark: if αι, ag, ...i8 non- 
decreasing and bounded, then lim a,,= αν for every N. For only 


n—> ὦ 
a finite number of members a,, that is to say αι, ἀρ» ..., Gy-1, 
can be less than ay. Therefore the limit is not less than αν. 
Tn the same way, we see that the limit of ἃ non-increasing sequence 
is not greater than any member of the sequence. 


7. Cauchy’s Convergence Test for Sequences of Rational 
Numbers. 


Before we can lay the foundations of calculation with real 
numbers we need a convergence test which is not restricted to 
sequences of rational numbers; but we cannot formulate this 
until we have defined subtraction for real numbers. We shall 
therefore prove the convergence test for rational numbers here, 
and return to the general case in sub-section 9, p. 585. 

The test in question is as follows: 

A sequence of rational numbers a,, a, .. . 18 convergent uf, and 
only if, corresponding to every positwe number ε, however small, 
we can find a number N(e) such that for every n > N ἀπά τὰ ΣΝ 

| Ay —— Ay | « ε. 

We shall first show that if this inequality is satisfied for all 
sufficiently large numbers m and n, then the sequence is con- 
vergent.* The boundedness of the sequence is proved as follows. 
We take the special value «== 1. Then for a sufficiently large 
value of n and all sufficiently large values of m 

| α, — Om | <1. 


* Attention must be drawn to the fact that the elements of the sequence a,, a., 
. are assumed to be rational, but that this is not the case with the limit a. 


580 | _ REAL NUMBERS 


‘With a finite number of possible exceptions, then, all the 
numbers a, lie in the interval (a, --- 1|a,-+ 1). Thus a properly 
chosen interval will contain all the numbers @,, without exception. 
The principle of the point of accumulation shows that the sequence 
has at least one pomt of accumulation. We have still to show 
that there cannot be more than one. Suppose there are two, 
a and a’. About a and a’ we could construct quite separate 
neighbourhoods (c| d) and (σ'] 47) so that 


ccax<d<d<a<d, 


where we assume, as we may without restriction of generality, 
that a<a’. Since a and a’ are assumed to be points of accu- 
mulation, (c|d) contains an infinite number of points a, and 
(σ΄ [4] contains an infinite number of points a, Thus, in par- 
ticular, for an infinite set of values of ἢ and m we have 


lm —— On, 2 ce —d>O. 


But this contradicts the hypothesis, which shows that for all 
sufficiently large values of m and n 


| @m --- ἀφ -Ξ ο΄ —d. 


Hence the sequence has one, and only one, point of 
accumulation. 

We next show that if the sequence a,, a), . . . converges to a, 
then for every ¢€ > 0 and for all sufficiently large values of ἢ 
and m 


[ας — Om |< ε. 


We take a neighbourhood (c|d) of a, whose length (ὦ — 6) 1s less 
than or equal to «. If N is suitably chosen, then whenever n 
exceeds N, a, lies in (c|d). Thus if n> WN and m> Ν, both 
ἄς and ἀμ lie in (c|d). From this it follows that 


| ας --- O@mn|<d—cSe. 


8. Calculation with Real Numbers. 


So far our work has given us the definition of real numbers 
by means of nests of intervals, and their ordering by magnitude. 
The theorem last proved provides a simple means of defining the 
rules of arithmetical calculation with real numbers. 
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_ Let a real number a be given by a nest of intervals (a, δ,). 
Since the intervals form a nest, the numbers a,, form a monotonic 
non-decreasing sequence and the numbers Db, a monotonic non- 
increasing sequence. These sequences are bounded; for we may 
note that every a,, is less than or equal to 6,, and every 5, greater 
than or equal to αι. The sequences therefore converge. In both 
cases, moreover, the limit is the real number a. For every neigh- 
bourhood of a contains all the intervals (a,|5,), except possibly 
for a finite number of these, and thus the neighbourhood contains 
all but a finite number of members of the a, and the ὃ, sequences. 
We may therefore say that every real number can be exhibited as 
the lumit of sequences of rational numbers. 

ΤΊ now we wish to define any operation of arithmetic for two 
real numbers a and f, we choose two sequences a,, and ὦ, of 
rational numbers with the limits a and f respectively. We 
perform the operation on the pairs of numbers ὦ, and b,, and thus 
obtain a new sequence. When we have proved that this sequence 
has a limit, we shall say, by way of definition, that it is the result 
of the operation on the two real numbers a and β. 


Let α and β be two arbitrary real numbers and let lim a, = a 
n—> 0 
and lim 6, = 8. We consider the sequences a, - ὃ,» a, — by, 


n—> © 
a,b,, and 1/a,. If we can prove that these sequences converge, 
we can set up the definitions 


a+ B= lim (a,-+ ὃ,), 
5-Ὁ © 

α --- p= lm (a, — 6.) 
ui—> 2 


ap = Lise ι (α,,), 


== im (1) 


The convergence of these sequences will be proved by means of 
Cauchy’s convergence test. 

It follows from the convergence of α;, aa, . . . that if ε is a given 
positive number and ἢ and m are sufficiently large, say n > N, 
and m > N,, then 


| ας — Om |< €/2, 


582 REAL NUMBERS 


and, from the convergence of 6,, b,,... , that if m and m are 
sufficiently large, say n > N, and m > Ng, then 

[ ὃ, — bn |< ε(2. 
If N(e) denotes the larger of the two numbers N, and Ng, then 
if m > N(e), m > N(e), 


| (An+ by) — (@mt+- Om) | = | Ag— By, | + | ὃ, — Om | <3+5> € 
and ; 


| (@n—bx) — (Am — Bn) | S| bx—Om| + [Babu | <E-+E=e 


By Cauchy’s test both the sequences a, -+ ὃ, and a, — ὃ, 
converge. 

To prove that a,b, converges, we must first notice that the 
numbers a, and b, form bounded sets. There are therefore two 
positive rational numbers A and B such that for all values of n 

[α,}Ξ 4, |b,| SB. 
Now 
[α,ὃ, — GmPm | = | α,(ὃ, — Om) + δικία, — Om) | 
S| an | | ὃ, — Om | + | Om | | @n — Grn | 
<A|b,— bm | + Bl ας — ἀρ]. 
Since the sequences a,, a, ... and b,, bs, ... converge, we can 
find numbers N, and N, corresponding to any given ¢« > 0, such 
that 
| ας --- Gm |< ¢/2B when n>N,andm> Ny, 
and | 
| By — Om|<</24 when n> N,andm> N,. 
Thus if m and m are both greater than the larger of the two 


numbers N, and N,, the above inequalities hold simultaneously. 
We have therefore 


ee se an ee On 
| a,b, Am i sat 5 Β ε 


Cauchy’s test shows at once that the sequence a,b, 1s convergent. 
We now suppose that a Ξ Ὁ and lima,=—a. We have to 


n—> 00 
show that 1/a, converges. It is first necessary to show that 
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if πὶ is sufficiently large, |a,| is greater than a positive number p 
independent of ἡ. We take a rational neighbourhood of a which 
does not contain 0. This is possible, since a + 0. From a suitable 
Ἢ =m, onward all the members of the sequence a, ds, ... lie 
in this neighbourhood. This shows that, for τὸ > m%, | an[= 7, 
where Ὁ is the absolute value corresponding to the end-point of 
the interval that is nearer to 0. The convergence of the sequence 


—,—,... 18 not affected by the omission of the first n) members, 


and we may therefore now assume that for all values of n 


|\¢,{[2p>0. 
We observe that 


_|@m—Gn| __ | Om -- 4] — | Om -- 4} 
|trdm| [Gn { [am] »5" 
Let ¢ > 0 be given. If N is suitably chosen, then, since a, dz, ... 


converges, » > N and m > N give 
| Gm — On| < ep’, 


so that 


This proves the convergence of 1/a,, provided that a = 0. 

It is obvious that any real number may be exhibited as the 
limit of more than one sequence of rational numbers. It might 
be thought that the definitions given above do not define the 
arithmetical operations uniquely. For instance, suppose that 

Εν 1 n= a and see b, = B give one representation of the numbers 


a. a and β — lim a ἂν =a, ὅπ. ape b, = B another. Then possibly 


the two ἐδ. ἰρη δ ἀρ + b,, pee a, + 6,’ might have different 
limits. (We have proved that they do have limits.) We shall 
now prove that this difficulty does not arise. It will be shown 
that if 
lim a, = lima,’ and lim ὦ, = lim 0,’, 
n—> 2 n—> 2 n—> 2 n—> 0 
then 
lim (a, SL aga (a, +5,’), 
ua—> © 
lim (a,6,) = im \ (an bn’); 
n—> ὦ 
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and, if lim a, = lima,’ + 0, 


n—> 0 


ae | eo od 
lm —=lim —.. 
π-» ὦ ὦ n—->-wo dy 


The proof is very simple. It has already been shown that if 
lim a,= ae ὦ = = a, then the mixed sequence a, αχ΄, dg, ὧς». 


n—-> © 


has the akc a. In the same way, we see that 6,, δι΄, bp, by, ... 
converges to B = lim ὃ, = lim D,’. From this and the above 


n—> © R—P> Ὁ 
theorems we find that the mixed sequences a, + ὃ, a,’ + 0,’,..., 
and a,b,, a,’'b,’,... and, if a + 0, a ες ».. are convergent. 
αι a 


It has already been proved that every sub-sequence of a given 
convergent sequence converges to the same limit. From this it 
follows that the sequences 


αι + δι. ας +b... and a,’ + δι΄, a. +’,..., 


which are sub-sequences of a convergent sequence, must converge 
to the same limit. In the same way, 


@,b,, Aodo,... and a,’b,’, dy'by’,... 
have the same limit, and the same is true of 
11 


The results just obtained allow us to settle another important 
question which is connected with our definitions of the operations 
of arithmetic. 

The class of real numbers contains the rational numbers. In 
the course of our definitions of operations on the real numbers 
we have thus incidentally defined these operations for the rational 
numbers. But we began by taking the operations on rational 
numbers as known. We must therefore verify that the new 
definitions do not give rise to any contradiction in the case of 
the rational numbers. What we have to show is that if lim a,—a 
and lim b, = ὃ are rational numbers, then none 

n—> ὦ 

lim (a, + 6,)=atb, 
%—> © 
lim (a,b,) = ab 


s—-> 2 
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and, if a =+ 0, 


It should first be noticed that a rational number ὦ is the 
limit of the rational sequence a,a,.... For the two sequences 
@y’, 5, ... and b,’, b,’, ... we may take the special sequences 
a,a,...and6,b,.... The above theorems then yield 


lim (α, + 5,)= lim (α + bd) =a ὃ, 
a—> a Ὁ ὦ 
lim (@,0,) = lim (ab) = ab, 
nu—r 2 u—> © 
n—>oQ2, πο «ἃ 
which is the required result. 

It need hardly be mentioned that, as a result of our definitions, 
all the rules of calculation that hold for rational numbers also 
hold for all real numbers. We have only to apply the rules to the 
rational numbers forming the sequences. Let us, for instance, 
prove the distributive law, α(β + y) = aB+ ay. 

Let a = am L Ons p= a 1 Ons y= fous ¢,. Then the left-hand 


side of the ‘equality to be proved is lim {a,(bn + ¢,)}, and the 
n> 0 
right-hand side is ee \ (nbn + a,¢,). But since the distributive 


law is true for the rational numbers, the two sequences are 
the same, and this must also be true of their limits. 


9. The General Form of Cauchy’s Convergence Test. 


We return to Cauchy’s convergence test, which we have 
already proved for rational sequences on p. 579. Now that the 
operations of arithmetic, in particular subtraction, have been 
established for real numbers, we can formulate the convergence 
test quite generally for real numbers. The sequence αι, ao, ... 18 
convergent uf, and only if, for any given ε 0, we can find an 
suffic N(e) such that whenever τὰ and n are both greater than N(e) 


| dn -- On| <e. 


The proof is exactly like that given on p. 579, and need not 


be repeated. 
209 (912) 
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The following point is of great theoretical importance. Cauchy’s 
convergence test contains in its enunciation a means of estimation 
of error. For if we are given the sequence and know the number 
N(e), we can state at once that the limit of the sequence lies 
between the numbers a, + ε and a, — ε whenever n > N(e). 

In this respect Cauchy’s test differs from the test for mono- 
tonic sequences. The latter proves the existence of the limit, 
but it gives no means of estimating the limit. Thus in proofs 
of convergence which depend on this test any estimation of the 
limit (and theoretically it is always necessary to give one) must 
depend on separate and extraneous considerations. 
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6. There exists an ¢ > 0 such that for every A there is an A’ >A 
such that 


iv @] 
(x, y) dy 
A 


tor some value of z. 


Appendix, § 6, p. 338. 
1. Substitute 7” = aE, y™ = b™y, 
3. Integrate first with respect to y and 2: 
_ 3 D(2n)1'(3n) 


oa Din)T(4n) 
4. 2R*B(, 12) = 747 Re, 
99 
5. Show that 
TT (2n)! ν΄ 
Θ᾽ (35) = 3A (αγθι, (+B) a 


then let πὶ —- οὐ and apply Wallis’s formula (Vol. I, p. 225). 


CHAPTER V 


§1, p. 359. 
1. e sin». 


ef : 
2. Τοῦ τες τ (xz cosy + y siny), 


v= ae siny + y cosy), 


“3 -Ξ 2 
and let u, and v, be defined by the equations 


“= + UH, —~— + % 
ner Uy, — ae 1 


Then u, and σι are twice continuously differentiable (and that at the 


origin also), and (2), = (v%),. Hence f μη + v,dy = 0 and 
0 


dy — vd = [2 dy —_,¥ de = 2m, 
ee taka er ada ΟΣ 


by the footnote on p. 359. 
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§ 5, p. 392. 
1. (a) Cf. Ex. 3, p. 37. 


(c) Let & be an arbitrary region and v an arbitrary function vanishing 
on the boundary of &. Then by Green’s first formula 


[ [ (ty, U2, -|- Ugo, Ἕ Up Ves) dx, dx, ἄχς 
R 
- & 


Now 
lay = Mpg EA ας Pt + thy, δε 
= υρ τ + ἜΝ + me 
and 
vy, = "ae + bee “+ “ya 
Hence 


f i f (4%, + Yat ag 7 Un,U ers) dx, dx, dats 
R 


1 I 1 
fi ee ee oy 


[exes [ese ΟῚ 
- {{{{ ΓΗ Up, ὃ», Ἔ δ Ug, Ὅν, Ἔ 8 ἀρ oy dp, dp,dp, 
Ἐπ f [ [ (Oy, + ὅν, + Ugvy,) dp ἄρ, dpa, 


Vee 
1%2% 


where we write U, = pe 


Applying Gauss’s theorem to the vector (U,», U,v, Uv), we obtain 


aU, . aU, 20s) 
If f Op, Op, OD; /P UP, Ups 


Thus for an arbitrary v vanishing on the boundary of R we have 
ff fran V €, €,€, dp, dp, dps 
aU, φῦ, >) 
= εἰ 3. Ὁ: d d 
: J J Op, Op, ops Ῥιδρράρῳ 
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and hence (cf. lemma I, A ic 


oU al ia 
Au= ok ἐπ 
Op, ΠΩ Ops 


V ἐκτέρέςᾳ 
_ 1 Ft 6565 Ξε: Ou ΕΠ [56 mt) 4 2 le ep ats δι] 
V 656,65 -OPy 6, Op, "ΠΣ ἐς Op, ἐς ὃς 
(4) Use Ex. 6(c), p. 158. 


ὃ --. -- ὃ 
Uta — tts — ta) ts — to) Aue = (te — τ) C4) 5 (V oh) Ὁ 
— eo mi Oy 2 oy 
+ (ts -- t)V —¢(t2) at, (v= p(ty) x) + (tg — #1) V o(ts) δι, (Vote) a) 


where 9(z) = (a — x)(b — x)(c — 2). 


§ 7, p. 401. 


1. [fia= (a+ pt ays J [amie 


where the volume integral is to be extended throughout the upper half of 
the ellipsoid. (The base of ‘as half-ellipsoid contributes nothing to the 


surface integral): i τί ΞΕ + τ + 3) abc?. 


2. Since H is a homogeneous function of the fourth degree, we have 


af [48 = f fet, + vH, + 2Hods 
=[ [i= f [andrayae 


= of f fea + 4+ ag) + y(2aq + q+ 5) + χϑ(2ας5ς -ἰ ας “Ὁ a_)|dady dz. 
άπ 
πα A, + dg + ας + ας + Me). 


Appendix, § 2, p. 406. 
1. The two equations τ = f,, » = ἵν can be solved for x and y, since 
δίιι, υ) 


δία, y) 
Ly = Jy συτετω. Hence a function g exists such that «= 9,(u, v), 
Y = Jy(U, υ). 


2.4u= 


+0. Leta = o(u,v), y= (u,v); since u, = vy, we have (cf. p. 143) 


Oe ιδει - οὐ -- 
πον P+ Ay (τυ νι" PT A) 
w == 0. 

22 (BE 912) 
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Miscellaneous Examples V, p. 407. 


2. If (& ἢ) and (2, y) are rectangular co-ordinates in II and P respec- 
tively, then the motion of the point M(z, y) can be described by the 
equations § = xcosp — ysing - 4, y= xsing + ycosp + ὃ (ie. by a 
rotation and a translation). Then 


S(M) = Ala? + y*) + Βα + Cy + Ὁ. 


(a) If 4. = πΞ 0, we have S(M) = na[(x — x)? + (y — y)*] + S(C), 
where C is the point x = 2 = -- Βίϑηπ, y = y, = —C/2nn, hence A, B, 
Ο, D have the values in Ex. 1. (βι) If A = nx = 0, but B? + C? > 0, then 


Bua+ Cy+ D 
ν΄ B? + ΟΣ 


where A= V/ B? - Οδ and A is the line Br-+Cy+ D=0. (8,) If, 
A= B=C= 4), we have S(M) = D = constant. 


Sy = V/V B+ 05 = Ad(M), 


3. For the motion of the plane P rigidly attached to the connecting- 
rod AB we have ἢ = 0, S(A) = 0, S(B) = xCB? = πγϑ. Hence A passes 
through A, and by symmetry A is perpendicular to AB at A. Hence 
S(M) = myl-1d(M), where 1 = AB. 

4. For the motion of the plane P rigidly attached to the chord AB we 
have n= 1, S(A) = S(B) = S= area of I. The point C of Steiner’s 
theorem is therefore equidistant from A and B and S(A) = nC A? + S(C), 
S(M) = nCM? + 8(C), hence (A) — S(M) = area of Τ' — area of IY = 
πίΟ 43 — CM) = rab. 


5. If is the length of I, the Frenet formule (p. 94) give 
os | Sigel eel OP ae a 
[Fam [d= [ἔνα -- τ = 0 


je ds = f {xé,]ds = [χξι] — fleas 


e 
ae [ [E,E,]ds = 0 (cf. p. 88). 


6. Let #2’ = (a, B, y), x = (2, y, 2). If in Gauss’s formula 


ffout e+ οὐάα-- -- [{{{Ξτ|ὺς ἘΣ dady dz 


we substitute a= 1,b=c= 0, anda= 0,b= —z,c= y, we get 


Ἵ [ ado=0 and ip f (yy — zB)do = 0 respectively. 


7. Take rectangular co-ordinates (x, y, z) such that z = 0 is the free 
horizontal surface of the fluid and Oz points downwards. The pressure 
on do is mzdo, where z is the depth of do. By repeated applications of 
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Gauss’s formula in three dimensions, with obvious choices of the functions 
a, b, c, we find for the components of the resultant of the fluid pressure 


{[-4---ο, [{{8:46--ο, [ fredo=—f favdyde = --ν. 


For the components of the resultant moment with respect to the origin O 
we find, again by Gauss’s formula, 


f fox — 2#B)do =f [ fyavayae = Vy, f [= -- gzy)do = 
— ff [edndy de = — Vx, f fee — yzu)do = 0, 


(2. Yor 2p are the co-ordinates of the centroid C)). 
Now we note that the components of the force f are 0, 0, —V, and the 
components of its moment with respect to O are Vyy, — Vig, 0. 


8. From the parametric equations 


z=acosucosy, y= bsinucosy, z=csinv 


(0Su<2n, <0<=) 


are 
2 2 
of the ellipsoid we readily obtain the formule 
pdS = abc cosy dudv, dS/p = D®dudv/{(abe cosv), 
where 
D2 = 03.3 cos? u cos*v + a%c? sin? u cos? v + a7b? sin? v cos*y. 
10. The integral represents the flat solid angle which the plane z= 0 


subtends at the point M = (0, 0, 1). For a direct analytical proof use 
plane polar co-ordinates. 


12. Verify the identity 
ὃ “-:Ξ) 8 7") ὃ (=) 
= + —{—.~)+< =0, y?=(%—a)® — b)? +- (z— ce), 
par) age as y2=(2—a)? + (y— δ)5.- (4 -- ο) 
for all points (x, y, 2) different from (a, ὃ, 6). From Gauss’s formula in three 
dimensions we conclude (i) that Q = 0 if Σ is a closed surface such that 
A = (a, ὃ, 6) is outside the volume bounded by 2; (ii) that if A is within 
=, the value of the integral is independent of the shape of Σ. Taking 
for = a sphere with centre A, we easily see that ὦ = 47. 


13. The integral 


dQ eC ECS") 1: -Ξ 
ἘΠ 2. — os dy d —i( == jaded — {___)d 
oa ΓΞ ΩΝ ae va 7? ὠμὰ da\ γ8 τὰν 


ig independent of = and depends only on the boundary I’ of 2, for the 
identity given in the answer to Ex. 12 implies that 


{recs +slecgl alae ll-4 
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By Stokes’s theorem and the discussion of Chap. V, Appendix, § 2 (pp. 393, 
404), the surface-integral expression for δΏ (δὰ may be expressed as a line 
integral [άπ + vdy + wdz along I’. Verify that the functions 


satisfy the identities 


ea Cae δι ὃ. ὃ fb—y ἐν δὸς oo) 
ὃν ὃς avy 7} ὟΣ 


dz dx dav xy J au dy ϑα 
14. Note the following facts: (1) the value of the line-integral © 
remains unchanged if I’ is deformed in such a way that I’ never sweeps 
over any of the points (—1, 0) or (1, 0) duriny its deformation; (2) @ = 2x 
if I’ is a small circle around (1, 0) oriented counter-clockwise; (3) Θ = 27 
if I’ is a small circle around (—1, 0) oriented clockwise. 


15. Think of C as being a rigid circle made of wire and of Γ' as being 
a string. Now deform the string I to a new position I’ lying entirely 
within the plane y = 0. The numbers p and n are not changed during this 
deformation, and the first formula now follows directly if Ex. 14 is applied 
to the curve I” within the plane y = 0 and the line-segment —1 < x < 1, 
y = 0,2 = 0 of this plane. The factor 47 (instead of 27, as in the previous 
example) is due to the fact that the solid angle Q increases by ἀπ along a 
closed path for which p = 1, πὶ = 0. 

One way of carrying out the above deformation of I’ into I” analyti- 
cally is as follows. Assume that I’ does not meet the z-axis and let 


“= y(t) cosp(t), y= y(t) sing(f), z= 2(t) (0 St S 2π) 


be the parametric equations of 1, Consider now the family of curves 
I(t): ὦ = y(é) cos[zo(4)], y= y(é)sin[te(t)], z= 2(¢) 


depending on the parameter τ which decreases from t= 1 to += 0. 
Note that I'(1) = [I and that I’ = [(0) is a closed curve which lies in the 
plane y = 0. Note also that (for a fixed value of z) each point P of I(r) 
rotates about the z-axis as + varies; hence the solid angle Q which C sub- 
tends at P does not vary with τ This implies that Q, — Q, will have 
the same value for I'(0) as for [(1) =. To prove the second formula, 
note that 


PP’ dP’ 
Q,— Ως = [40 = fgradg.aP = — far. f HF 


f [ ΔΡ. [ΒΡ ΑΡΊ f [ PP’ .[dP .dP’] 
— dpdg [Ῥ’' P τῶν [PPS ᾿" 
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CHAPTER VI 
§ 2, p. 428. 


1. Use the theorem of the conservation of energy, and prove that 
r—>o asi—> οὐ. 


2. If (ξ, ἡ) are the co-ordinates with respect to the axes of the ellipse, 


then 
—E=acosw = x-+ ea 
y= bsine = y 


give the equation of the ellipse; and by the law of areas 


oy Ox 
hit — t,) = Se y 
( δ Ἢ (2 Ow 9 .) i 
= ab [ (1 — ε c08e)deo 
0 


[Note that the question ought to read: “. .. the angle P’MP,, 
where P’ is the point on the auxiliary circle corresponding to P, the 
position of the planet .. .”.] 


3, 4. Use the theorem of the conservation of energy and the law of 
areas. 
§ 3, p. 432. 

1. (a) y = tan loge/V(1+ 2%). (ὃ) y=ev(l+ er), 

2. (a) y= cev@, (Ὁ) y*(2a*® + ν᾽) = οἷ. 

(c) 2% — 2ca + y* = 0 (circles). 


(d) arc tan(y/x) + ὁ = log V (22+ y*), or, ἴῃ polar co-ordinates, 
r = et (logarithmic spirals). 


1 
(e) ὁ + log | «| = aro sin(y/x) — > ν (a? — y?). 


3. If ab, — a,b + 0, we have 
dn attby’ _ at δφ(η [ξῚ 


de a toy’ a + δ,φ(η 8} 


which is a nome equation. 


dn 
dx 


τ ΒΝ wera) 


and the variables are separated. 


4. (a) 4a + 8Yy+5= cetx— By, 
(b) a= c— f(3y — 7x) — 2 log(3y — 7x). 
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5. (a) y= ce-8iD 4 sinx— 1. (Ὁ) y= (@ + I)"e* + ὁ). 
(c) y= ου(α — 1) +2. (d) y = fad + οὐδ. 
1 


6 
(6) ψ- --πτ----ς -- --------.-.- - 
Vil Ὁ ὦ) (1+ αὐ -ἘνΊ + at) 
6. Introduce 1/y as new unknown function; the equation then be- 
comes homogeneous: 
1 — ον 5 
σαν (ἢ -- ἀν) -- ᾧ-- ἦν δ᾽ 


ἀξ μα 


§ 4, p. 444. 

1. Useinduction. Suppose that a linear relation c,p, + ... + ¢,9,==0 
holds. Divide by e%* and differentiate (n, + 1) times, if P(x) is of degree 
n,. The degree of the coefficients of the other e%:*’s is unchanged, so that 
they remain different from zero. 


2. Multiply both sides of the equation by (1 — n)y™ 


(a) y2=crt+loge+1; (Ὁ) y= ext 4 
2x 


(c) (y+ a)? = ο(α3 — 1). 


3. If we put y = y, + u-}, the equation reduces to the linear equation 
μ' — (2Py, + Qu = ἢ 
et 


l= 7 ϑϑαξώςςες 


e+ f ateth da 


4. By equating the right-hand sides of (a) and (δ), we obtain the 
common integral y = 2°. 
2 3 
<2 


5. yu ~ τς — (= f(z, ¢)). 
Γ᾿ ε35. dx 


To draw the graphs of the corresponding family of curves, first plct the 
two branches of the curve 


y+2e—2t=0 (y= tv (2? — 2)2), 


which divides the plane into two regions where y’ < 0 and one region 
where 7’ > 0. The two infinite branches of this curve are asymptotic to 
the two parabolas y = +27. Show that all the integral curves are asymp- 
totic to these parabolas by proving the two relations 


f(z, c) = —2?+ ο(1) as z>+n0(—%<c< @) 


and 
f(x, c) = 22+ of1) as ὦ. -ῷΞ -- ὦ (c+ 0), 


where ο(1) denotes a function which tends to zero, 
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6. Put 
ὕι π΄ εξ α, Y—¥ = ὃ, 5. -- ὕεΞξ ὁ, Yea γὲΞΞ d. 
Then 
a’ +- Ῥαίψι + ys) + Ga = 9, 
so that 
7 
Py, + Ys) = -ο---, 
Ρίψ: — Ys) = aP, 
or 
᾽ 
2Py, --αΡ--ῳ--. 
a 
Similarly, 
2Py, = bP—Q— a 
Hence 
d log (a/b 
g(a?) = P(a — ὃ) = —PYys— ya); 
and similarly, 


Fog(ei = —P(y3 — 94); 


by subtraction, 


a,c 
- “- ---ὄ ) 5Ξ t. 
log ( ξ 3) cons 


7. Cf. the relation 
ὦ log (a/b) Phe 
ἧς (Ys — Ys)s 


in the proof of the preceding example. 1 
Particular solutions of the special equation are y, = —— 


1 1+ cet COS 2% 
is (1 — ce**) cosa 


Y= — —: 
οοϑα 


8. The common solution e* of (a) and (δ) is obtained by eliminating 
y” from the two equations. 


(a) ce” + Ce%; 
(Ὁ)  cye® + σεν 2 


§ 4, p. 449. 


1. From the fundamental theorem of algebra it follows that f(z) may 
be written f(z) = (2 — a)(z — aa)t2... (2 — a) (cf. Vol. I, p. 230); 
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where the p,,’s are positive integers such that μι, ss ... +p, = and 
f(a,) = f(a,) = = eee = fMm—-YWa, )= 


Now 
L(ed*) = f(ajedr®, 
On differentiating this relation (u,— 1) times and putting A= a, in 
the result, we get (cf. Leibnitz’s rule, Vol. I, p. 202) 
L(e%*) = f (a,)e%* = 0 
L(xe%v®) = [f'(a,) + af(a,)Je%® = 
L(x?e%r") = [f bey + 2auf'(ay) + “ (a, )]e%* = 


* .« . Φ . Φ . . 4 μ᾿ . e 


L(xv—1 ρα, @) -- [- ἡ γοντῖρ, yi τὴς flr—-Wa, jar 


t+. ee t (" "ἢ 1) £(@,)e%—* | et%* = Q, 
Ly — 1 
So we have ἢ particular solutions 
ει ehh, gf lyme 
eh gee. , atta Laat 
εκ ee, he — Nee, 
which are linearly independent, by Ex. 1, p. 444. 


V3 
2. (a) y = cye* + coe ¥ 009 V3" ++ ese ἐξ sin 
(6) y = cye* + come” 4+ cye®®, 
(c) y = ce” + διε -Ἐ- coarre®, 
(4) y = σεῦ + coe? + cgeV 2% - ce V 22, 
(6) Substitute z = οἷ: 
Y = 0% + Co/m. 
3. On substituting in the differential equation, we get 
(aby — 1) P(x) + (ἀρ, +- aby) P’(x) + (αρὸς + a,b, + agby)P’(z) +. . = 0, 


and this is an identity if agb)= 1, ayb, + a,b)= 0, ..., from the expansion. 
The second case reduces to the first if we substitute y’ for y. 


4. (a) {τ Gal-fyr—...; hence y= P(x) — P’’ (xz) = 3x? — 52— 6. 
a l+t— 2+ ; hence 
rare fear wad 


== f P(x)dx — P(x) + P(x) ~— P(x) = —3 +24 3.3, 
5. (a) y= Ze, (6) y= 4x%e*, 
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Χ 8 7 
eS elie Sad ba 8 2% 
6. ν-- (E+ on Ὁ 1) Ὁ eet + oe 
§ 5, p. 405. 


1. (a) Use the fact that the curvilinear integral 
f (8.3 + Gxy2)de + (Baty + 4y*)dy 


is independent of the path. Integrating between (0, 0) and (x, y) along the 
broken line (0, 0)... (a, 0)... (a, y), we get 


[ Ge + θαυδ)άς + (62%y + 4y%)dy = α + Bay? + yt =e. 


(6) By inspection we find the general integral 
V (1+ «ἢ Ὁ μὴ) — are tan(y/z) = 6. 


2. Here ἀν ἄπ is a function of y/x alone. 

3. ἣν — Qay? — 2cy — 2 = 0 (integrating factor u = 1/y*). 

4. The equation is linear in # and its general integral is (xy? + 1)? = cy. 
The identity 


53... 4/2 24] 
(F™) = eS [2y%da + (Say? — 1)dy] 


displays an integrating factor of the equation. 

5. (a) 2+ y + cr+1=0(—-% <e< ow) and the line x = 0. 

(Ὁ) “3 + 27? = c?. 

(c) The differential equation of this family of confocal conics (cf. p. 
158) is found to be 

x? — y? — a®? + 6? 
ry 

᾿ τὺ 
which is unaltered if y’ is replaced by —I1/y’; the family of ellipses 
(—b? < ¢ <0) is orthogonal to the family of hyperbolas (—a* « ¢ < —}*). 

(4) y = log | tan(x/2) | + ὁ and the vertical lines « = kr (k an integer). 

(e) The family of curves (tractrix) 

ῳ -- ὁ τι +(V (a? — y*) — a ar cosh(a/y)) 

and the same family reflected in the z-axis. 

6. (a) The family of parabolas y = cz’, 

(Ὁ) The family of hyperbolas ry = σ. 
7. (a) y=2, (b+) y= —2+ xlog(—z) (0O>%> —o). 


8. y= ὧρ + aV1-+ ρ — ap arsinhp. 
22° (R912) 
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9. χ ΞξΞ (6 ῬΙα 1 1» 
y= cp -ἰ aje ῬΠ + ἐγ + αἡ --- Ἐ(Ρ -Ῥ a). 


Note that for c= 0 this gives the parabola y = 2? -- ᾿ What is the 
geometrical meaning of this result? 

10. (a2) y = βίῃ (ὦ + δ), singular solutions y = + 1. 

(Ὁ) = + arcsiny + yV1— y*) +6. 

(6) x= F ν (2a — y)y — 2a are tan 4/5—Y— ) + ὁ, 


which is a family of cycloids and can be expressed in the parametric form 
x=c-+a(p — sing), y= a(l— cos). Singular solution y = 2a. 


yA+y : ‘ 
(4) w= +f τ-- γῆ dyte (—l1Sys8 1ὴ; singular solutions 
0 = 
y= +1. (The reader should prove that these curves are not sine curves.) 


_Ga+ yi 


11. MN=yV1+y2, MC= 
equation is 


, and the differential 


(1+ νυ + ky” = 0. 
By the general method this is easily reduced to 


“ἢ = c— y¥? 


da =z (c an arbitrary constant). 


The various cases, all of importance in the differential geometry of sur- 
faces,* are as follows: 

(1) k= 7κξ(: 0), c= —y*(< 0, y? < κἢ. The curve is everywhere 
smooth, and oscillates, alternately touching the lines y = ++/k? — y?, 
It looks like a sine curve, but is not one. 

(2) k= x?,c=0. The curve isa circle of radius x with centre on the 
2-axis, 

(3) k= κβ, c= y?(> 0). The curve consists of a sequence of iden- 
tical arcs, jomed by cusps lying on the line y = y, and all touched by 
y=vV/ K? + γῆ, It looks like a cycloid, but is not one. 

(4) k= ---κϑ(-Ξ 0), c= 7? >. The curve consists of a sequence of 
identical arcs upside-down, with their cusps on y= y and touched by 
y= ν᾽ -- κ". 

(5) k= ---κβ, c= y? = k*. The curve is a tractrix. 

(6) k= —k*, c= y? <k*. The curve has an infinity of cusps, 
perpendicular to the lines y = y and y = —y alternatively. 


12. Eliminate ὃ from the equations obtained by differentiating the 
equation of the circle twice and thrice: (1 + y’*)y’” — 3y’y’? = 0. 


*See Eisenhart, Differential Geometry, pp. 270-4 (Princeton Press). 
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13. y= <xsinaz; singular solutions y= x and y = —2. 
14. If y(~) = Xe,2z”’, then 


Cy 
ὄν 2 τ τ τ 9y8 and Co = 1, οι = 0; 


Σ (--Ἠ1} » 2 
y(x) = 5 ae” 


If we substitute the power series for cosxt in the expression for J)(x) in 
Ex. 4, p. 223, and interchange summation and integration (why is this 
permissible?), we get 


+1 {2v 
“7γ(5) = Στ τη —1) sa τι αν 


2 
the value of a reer te is ( τ κα , as is found by putting ¢ = sint 


and referring to Vol. I, p. 223. The power series for y(x) and J)(z) are 
therefore identical. 
§ 6, p. 481. 
1. Poisson’s formula gives a potential function u(r, 0) inside the unit 
1 
circle, with boundary values [(0)ὲ. Now υ(", 9) is also a potential function 


(cf. Vol. I, p. 479, Ex. 3) with the same boundary values, and it is bounded 
in the region outside the unit circle; thus the expression 


-- -- -1 da 
= | Miser τα 
is a solution of the problem. 
2. The potential is 
A ads lt VETO + ty 
ee A/G Se ee ht ἀξ τ yy 


Since on the ellipsoid z= ἰα cose, Va γῆ -- ἔν αἴ -ΚΙ sing, the 
potential is 


lo atl 
μ ὃ --- τ 


the confocal ellipsoids 


z at ¥? 
πος τ. eer | l<ass 
ot * Plo — 1) (Ses oe) 
are equipotential surfaces. The lines of force are the orthogonal trajectories 
and hence (cf. Ex. 5c, p. 466) are the confocal hyperbolas given by the same 
equation when 0 = « < 1 and the ratio of x toy is constant. 


652 ANSWERS AND HINTS 


3. Let & be a sphere of radius o and centre (x, y, 2), lying inside 8. 
: 1 
Smee A ( = 0 and Au = 0 in the region bounded by & and 3, by Green’s 
theorem (cf. p. 390) we have 


on {5 - δας f(a 


where in the first integral » is the outward normal to § and in the second 
δ(1 6) a(1/r) 
ὃ ὃν 


the outward normal to Σ. Now on the sphere Σ we have 


I 
=— —, r= const. = 3 therefore 


e? 
1 Gu , 1 ou 
—_—— — da= 0, 
bom o= of [5 


since τ is a harmonic function (cf. p. 475); in addition, 


— aah Lean aap S Lot 


and as p > 0 this expression obviously tends to u(z, y, 2), for it is the mean 
value of w on Σ᾿. 


ἃ 7, p. 489. 


1. (a) u= f(z) + g(y) (f and g are arbitrary functions). 
(Ὁ) w= f(x, y) + g(x, 2) + h(y, z) ( 9. ἢ are arbitrary functions). 


(c) The most general solution is obtained from a particular solution 
by adding the general solution of the homogeneous equation u,, == 0. 


Zz py 
“= i ἀξ [ α(ξ, n)dn + f(x) + σίψ), where f and g are arbitrary. 
0 0 


2. Apply the linear transformation 


a=E+ 


I 
u= fly — 2x) + g(8%— y) + τὸ ert 
3. 2(2,2 + 22+ 1)ὴ Ξ 1. 
4, u(x, t) = f(x — at) + g(a + at); then for 7 =0 


= wz, 0) = fla) + ote 
= u4(x, 0) = —af’(x) + ag’(x); 


by differentiating the first equation and comparing with the second, we 


have 
I(x) = 0, g (x) = 0, 
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1. Two vectors x, y (or three vectors x, y, z) are said to be linearly 
independent if a linear relation 


ax + ὃν τεῦ (or ax + by + cz = 0) 


is possible only when a = b= 0 (or a= b=c=0). They are said to 
be linearly dependent if such relations exist without all the coefficients 
vanishing. Prove the following statements: 


(a) Three vectors x, y, 2 such that any two of them are eer 
to one another are linearly independent. 
(Ὁ) The vectors x, y (or x, y, 2) are linearly independent if, and only if, 


[xy] + 0 
, % ἂς Uy 
(or x[yz]=|4¥, Ye Ys| + 0). 
4 % 238 


(c) If two vectors x, y in a plane are linearly independent, then any | 
vector Ὁ in their plane may be written in the form Ὁ = ax + by. Similarly, 
if x, y, z are linearly independent, then any vector Ὁ may be written in 
the form v= ax + by + cz. 


2. We know already that if x, y, z are three vectors, 
ἢ ἂς ἂς 


δι Yo ὥς 
Ζ23 Ζὥ, 234 


x[yz] = γ[ 25] = 2[xy] = 


(the common scalar value of these expressions may be conveniently denoted 
by (x, », 2)). Prove the further vectorial identities 

xx xy x2’ 
yx’ py yz). 
sx’ zy’ 
(6) [xy ][x’y’] = (xx’)( yy’) — (xy yx’) (cf. Ex. 5, p. 19). 
(c) [x[yz]] = (xz)y — (xy)z. 

(2) ([x{y2]], [vlzx]], [2[χ5.»}}} = 9. 


Use the last result to deduce that if a plane is drawn through each of 
three concurrent straight lines perpendicular to the plane of the other two, 
the three planes thus obtained meet in a straight line. 

587 


(a) (x, », 2x’, »', 2’) = 
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3. Let Oz, Oy be a system of rectangular axes ina plane. Let Oz’, Oy’ 
be a second such system and let the angle zOz’ be ». Prove that the 
passage from one system of co-ordinates to the other is given by the for- 
mules 

a= 2’ coso— γ΄ sing, 2 = &% COS + ysing, 
y = 2’ sing + y cosp, yf = —x βίῃ φ + Ψ COB 9. 

4. From the result of Ex. 3 deduce the addition formule 
cos(o + ))= cosg cosp— sing βίῃ Ψ, sin(e+ Ψ) ΞΞ δίῃ φ ὁ08 ᾧ -᾿ cos¢ sin. 


5. Let Ox, Oy, Oz and Oz’, Oy’, Oz’ be two co-ordinate systems, both 
having the same orientation, the cosines of the various Panes being indi- 
cated by the following scheme: 


α΄ y’ ζ' 


αι BP: Υἱ 
Yo 
Og Bs Ys | 


nce ἃ 
R 
© 
τῷ 
re) 


In Ex. 1, p. 12, and Ex. 9, p. 38, the relations 


a? + BF + y= 1, Oty + BoBs + Yas = 9, 
Oo? + Bo? + yo?= 1, 5ξΞἨὅ.6ς465. + BsB, + Ysvi = 0, 
2 + Bs* + vy," = 1, O40 + ByBo + Υχγ2 = 0, 
| a Bi Ys 
A=j|a% fe yeJ=l1 
ας Bs Ys 


were proved. A three-rowed determinant A whose elements satisfy these 
relations is said to be orthogonal. " 

Prove (a) that to any orthogonal determinant A equal to +1 there 
correspond two co-ordinate systems Ox, Oy, Oz and Ox’, Oy’, Oz’ with the 
same orientation, such that the cosines of the angles between the various 
co-ordinate axes are given by the elements of A. 

(6) That for any orthogonal determinant the relations 


αγἢ + αρἢ + a” = 1, Bry: + BeYe + Bsvs = 9 
a + B,? + B= 1, Y1% + Y2%e + Ya%3 = 0 
2 + ye? + Ys" = 1, 481 + a8. + as05 = 0 


are also satisfied. 


6*. Let Ox, Oy, Oz and Ox’, Oy’, Oz’ be two co-ordinate systems as in 
Ex. 5. Assume that Oz and Oz’ do not coincide; let the angle zOz’ be 0 
(O<6< x). Draw the half-line Ox, at right angles to both Oz and Oz’, 
and such that the system Oz,, Oz, Oz’ has the same orientation as Oz, 
Oy, Oz. Then Oz, is the line of intersection of the planes Oxy and Ox’y’. 
Let the angle zOxz, be o and the angle 7,Oz’ be and let them be measured 
in the usual positive sense in their respective planes, Oxy and Oz’y’. 
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Prove that the passage from Ox, Oy, Oz to Ox’, Oy’, Oz" is given by the 
scheme 


Pe ᾿ é . ψ' 2! 
x cos cos — cos sind sin φ sin 8 
— sing βίῃ cos6 — sing cost) cos0 | 
y | sngcsp § | —singsng — coso sin® 
+ cos sin} cos _-+ cose cos cosO © 
z sin sind | cos) sin | | cos 8. 


(Note that this result holds also for θ = 0 or 7, when o and ᾧ become 
indeterminate with 9+ p=Z207 or φ-- ᾧ Ξε Ζυθχ' respectively. 
The angles 9, t, θ are the so-called Hulerian angles, and our result, together 
with Example 5, shows that the most general orthogonal determinant A 
of value +1 may be expressed “ parametrically ” by means of the three 
variables φ, ), 0, subject to the inequalities | 


(OS0Sn, OX0<2n, OS) <2n) 
7. Let ABC be ἃ spherical triangle of sides a, b, c and angles A, B, C 


on the “ unit sphere ” (i.e. the sphere of radius unity). From Ex. 6 deduce 
the “cosine theorem ” 


cosa == cosb cose + sind sine cos A. 


8. Find the angle φ between the plane 


Az + By +Cz+ D=0 
and the line i 


w= 2+ at, y= Yo t βί, z= Z + yt 
9. Solve the equations 
ον Qa — By 42 τά 
45 -- 9y + 162 = 10 
10. Prove the identity | ΝΕ | | 
(a2 + b4)(c% + 43) = (ac + bd)? + (bo — ad) 
by forming the product of the determinants 


ab c ἃ 
—b a —d ec} 


and. 


11*. Prove that the value of the determinant 

| cos(8  α)  cos(8+ 8)  cos(@+ y) 
sin(0-+ a) sin(@@+6) εἰπίθ Ὁ Ὑ) 
sin(® — y) sin(y— a) ίπία — β) 


D= 


is independent of 0. 
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12. lf A= 24+ δ. 2, B= zy Ὁ yz + 2a, show that 


BAB 
D=|B B Aj = (z+ y+ 28 — 3ayz). 
A BB 
13. Show that | 
ite ate a+2 a+z2 
Aix δῖα τὰ αἰνὰ a+z2 


δὲν b+2 Ἐπ α-ί α 
b+x b+2 b+ 2 i+2 
is of the form A + Bz, where A and B are independent of x Hence by 
giving particular values to x, prove that 

4 -- V)— f@) p_ fo)—s@ 

a—b a—b | 

where 

f(t) = (ἢ — ἡζ(ίς — Nts — Yl, — ἢ). 

14» Prove that if u and v are functions of z and v= 1 /u, then v’”= D/u‘, 

where D is the determinant 


" 3u’’ 3u’ 
D= |u” Qu’ u“ 
u “uw QO 


15. (a) Show that a function w of the form u(x, y) = f(x) g(y) satisfies 
the partial differential equation 


Wey — Ugly = 0. 
(Ὁ) Prove the converse statement. 
16. Prove that 
u(x, y, 5) = ue ἘΠ ΕΞ ul (7% = αϑ + x? + 2%) 


satisfies the equation 
Aw = Ue 


17. Show that a function wu satisfies the equation 
μων — αν = 0 
if its first derivatives satisfy a relation of the form 
F(u,, Uy) = 90. 
18*. Prove that a surface u = f(z, y) generated by straight lines 
meeting the u-axis or, what comes to the same thing, a surface cut in 


straight lines by vertical planes Y _. ¢, satisfies the equation 
x 


Db + 2Y Ugly + YU, = 
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19, Find a ὃ = δίε, 2, y) for the continuous functions (cf. pp. 44-5) 


(a) f(x, y) = V(L+ 27 + 2y*), 
(b) f(x, y) =V(1 + εἴ). 


20. Show that the functions 
a2 


fey= ας 92,9) == — 
Oat γὴν MON Br γεν α 

tend to zero if (x, y) approaches the origin along any straight line, but that 
f and g are discontinuous at the origin. © 


21. Let C be a smooth curve with a continuously turning tangent. 
Let d denote the shortest distance between two points on the curve and / 
the length of arc between the two points. Prove that ὦ — l= o(d) when 
d is small. 


22. Evaluate 
5 -- > Σ (α - ὃ α 


a=0 b=0 a! Dt ty? 


fe ee z>0, y>0. 
x sy 


23. Show by using Euler’s relation (p. 109) that a homogeneous 
function S,,(z, y, 2) of degree τ which satisfies Laplace’s equation AS,, = 0 
also satisfies the relation 


A(r2™S,) = 2m(2n + 2m + 1). 


where 
γ3-- αδ y? + 2, 


24. Prove that the curvature of the curve x = x(t) (¢ being an arbi- 
trary parameter) is given by 
ZnnllZ f al t\2\4 
ba gs eS eT 
(2"2)! 
25: Let a twisted curve C be defined by x = 2(s), y= y(8), 2 = as, 
9 being the length of arc of the plane curve 7 = 2(s), y = y(s). Prove that 
the osculating plane of the curve at a point P (cf. Ex. 1, p. 93) contains 
the normal to the cylinder x = x(s), y = y(s) at P. Show that the curva- 
ture and torsion of C are respectively given by 
k = α΄ a ay’ ees a(a’y”’ amet xy’) 
lta ᾿ 1+ a? 
(A curve of this kind is called a circular helix.) 


26. Find the equation of the osculating plane (cf. Ex. 1, p. 93) at 
the point 0 of the curve z= cos0, y= sin®, z== f(9). Show that if 


f(s) = Η cosh 46, each osculating plane touches a sphere whose centre 


is the origin and whose radius is V(1 + 1.45). 
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27. A curve is drawn on the cylinder αϑ + y* = a, such that the 
angle between the z-axis and the tangent at any point P of the curve is 
equal to the angle between the y-axis and the tangent plane at P to the 
cylinder. Prove that the co-ordinates of any point P of the curve can be 
expressed in terms of a parameter 9 by the equations 


z=acos#, y=asin6O, z=c¢-+alog sing, 


and that the curvature of the curve is (1/a) sin 6(1 + sin?0). 


28. (a) Prove that the equation of the plane passing through the 
three points ¢,, ἐμ ts on the curve 
a= ta, y= 40%, z= οἱ 
is 
3 Z 
= — ty + ty + ῳ + (tats + ὑφ + tite) « - ttt, = 0. 


(5) Show that the point of intersection of the osculating planes at 
ty, ty, tg lies in this plane. 


29. Let a, ὃ, ὁ, A, B, C, be the sides and angles of a triangle of area 
8, and let R be the radius of its circumscribed circle. Show that 


ds = R(cosA da + cosB db + cosC de). 


30. Consider a fixed point A in space and a variable point P whose 
motion is given as a function of the time. Denoting by P the velocity 
vector of P and by @ a unit vector in the direction from P to A, show that 


d 
q (AP) = —aP. 


31. Let A, B, C be three fixed points and let the components of the 
velocity vector P of a moving point P in the directions PA, PB, PC be 
u, v, τὸ, Let a, ὁ, c be unit vectors in the directions PA, PB, PC. Prove 
that 

da. cos APB cos APC ) 
a= v --------᾿ ] a — 
PA 


ΕΞ Ὁ δε δ. 
dt PA ἡ 


τς 
PA PA 
32. Prove that the acceleration vector P of the point P is 


P= aa-+ Bb-+- ye, 
where 


ἘΕΡ cos APB = I ) πρὸ (Ξ - 1 ) 
ῬΑ PB PA PC?’ 
with two similar expressions for 8 and y. 


33. Find the envelope of a variable circle in a plane which passes 
through a fixed point O, and whose centre describes a given conic with 
centre O, 
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34. If Τ' is a plane curve and O a point in its plane, the locus I” of 
the orthogonal projections of O on a variable tangent of Γ is called the 
pedal curve of T with respect to the point O. Prove that if the point M 
describes the curve I’, the pedal curve I” is the envelope of the variable 
circle with the radius vector OM as diameter. 


35. What is the envelope of the variable sphere with the radius vector 
OM (cf. Ex. 34) as diameter? 


36. What are the envelopes of the variable circles and spheres of Ex. 34, 
35, if T is a circle and O a point on its circumference? 


| 37. MM’ is a variable chord of an ellipse parallel to the minor axis. 
Find the envelope of the variable circle with MM’ as diameter. 


38. A plane moves so as to touch the parabolas 
z= 0, y? = 45 and y = 0, 27 = 45. 
Show that its envelope consists of two parabolic cylinders. 


39.+ Generalize the investigation of § 1 of the Appendix to Chap. I] 
(p. 204) to functions of n variables, proving the following results. Let 
flay ..-,%,) be three times continuously differentiable in the neighbour- 
hood of a stationary point 2, = 2°,..., 2%, = %,°, that is, a point where 
Se, = ἔκ, = +++ = Fn, = 9. Consider the second total differential of f 


at the point 2°, 430 τὸ Σ f% «da, das this is a quadratic form in the 
k=l ; 
variables dz,,...,d2z,. If this quadratic form is non-degenerate, that is, if 


73 ay J titan 
9 . 


Ῥξ ῃ: : [ΞῈ0, 
ΡΝ of. . ἴδιας 
then d?f° may be (1) positively definite, (2) negatively definite or (3) indefinite. 
Prove that these possible cases correspond respectively to the following 
properties of f at the point (z®): (1) f has a minimum, (2) f has a maximum, 
(3) f has neither a minimum nor ἃ maximum. 

40. Consider the function of two variables f= (y — 2*)(y — 22%), 
which is stationary at the origin O (x = y = 0). Prove (1) that along any 
straight line through O, f has a minimum at O, (2) that f, considered as a 
function of (x, y), has neither a minimum nor a maximum at O. 


41. Let P,P,P, be a plane triangle with all three angles less than 
120°. Prove by the criterion of Ex. 39 that at the point P interior to P\P,P; 
such that 7 P,PP,= 2 P,PP,= ZP,PP,=120°, thesum PP,+ PP,+ PP, 
is actually a minimum (cf. Ex. 4, p. 187). | 

42. Where does the minimum of the sum PP, -+ PP,+ PP, ocour 
if in the triangle of Ex. 41 the angle P, P,P; is greater than or equal to 120°? 


τς + For Ex. 39, 41, 43, and 44, the reader is assumed to be familiar with the 
elements of the theory of quadratic forms. 
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43. To investigate stationary points of f= f(2z,,...,2,), where the 
variables satisfy the relations 


Pil, + + 5 By) = 0,00 os Pm(Ty ++ +s Zp) =O (m<n), . (1) 


we may assume that we have found numerical values for the variables and 
the multipliers 4,, such that F = f+ λιφ, +...+ AmP, satisfies the 
equations 


OF θα, τ-- 0,..., OF /0%,=0, « « . «. (2) 


and such that the Jacobian of 9,,..., 9,, with respect to the variables 
ἄμ» ον ον ὥρᾳ is not zero. To apply the criterion of Ex. 39 we may proceed 
as follows. Regarding 2,41, ..., Z, a8 independent variables, by differen- 
tiating (1) we can obtain the first and second differentials of 7... , %m 
as functions of 2,,+41,...,%,, and finally introduce these values into 


ἄτι Σ fame lsd + fa, Pty + +++ fom P ye + + (3) 


Prove the following second rule, not involving the computation of 
the second differentials d*z,,...,dx,,. Regarding 2,,..., 2%, a8 inde- 
pendent variables, consider 


ar = ΣΙ 55 ap, 1%; AL, = d*f + λιαξφ, + eee + Ain? Om} 
compute dx, . ᾿ .» 4x,, from the equations 
do, = Φμα; Ay + cee τὶ Pua, an = Ὁ (μ = 1,...,m) 


and introduce these values into d*F, thus obtaining a quadratic form δ3 
in the variables dz,,4,,...,dx,. If this quadratic form is non-degenerate, 
then f has respectively a minimum, a maximum, or neither of these, ac- 
cording as §°F is positively definite, negatively definite, or indefinite. 


44. In the problem of finding the maximum of f= a,2,...2,, sub- 
ject to the condition p= 4+ 2%,+...+2,—-a=—0 (a> 0), the rule 
of undetermined multipliers gives a stationary value of f at the point 
Δ Ξε y= ...=2%,=a/n. Apply the rule of Ex. 43, instead of the 
consideration of the absolute maximum, to show that f has a maximum 
value at this point. 


45. Apply the criterion of Ex. 43 to prove that among all triangles of 
constant perimeter the equilateral triangle has the largest area (cf. Ex. 2, 
Ρ. 200). 


46. The curve αϑ + γ — 3azy = 0 has a double point at the origin. 
What are its tangents there? 


47. Draw a graph of the curve (y — z*)? — 25 = 0, and show that it 
has a cusp at the origin. What is the peculiarity of this cusp as compared 
with the cusp of the curve 2* — y? = 0? 
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48. (a) Prove that if all the symbols denote positive quantities the 
stationary value of i 2 my -+ nz subject to the condition 2” + y? + 2? 
= c? is 

ο(ἴα + m2 + n2)1/2, 
where Φ = p/(p — 1). | 

Ὁ) Show that the value is a maximum or minimum according as 

pz ae 


49. Find the values of x, y which make 


2x Ἔ (ὦ — y)* — By 
ΠΕ 


50. Prove that if Σ is a closed convex curve and ABC is the circum- 
scribed triangle of least area, then the points of contact of 2 with the 
sides of the triangle are the centres of the sides. 


51. Show that each of the curves 
(x cosa — y sina — 6)? = ο(Ζ sina + y¥ cosa)’, 
where « is variable, has a cusp, and that all the cusps lie on a circle. 


52. If C = f(a, 8) is a true maximum or minimum of f(z, y) subject 
to the condition (x, y) = C’, show that in general C’ = 9(a, δ) is a true 
maximum or minimum of 9(z, y) subject to the condition f(z, y) = 

53. A circle of radius a rolls on a fixed straight line, carrying a tan- 
gent fixed relatively to the circle. Taking axes at the point of contact 
where the moving tangent coincides with the fixed line, show that the 
envelope of the tangent is given by 

2 = α(θ + cos6 sin6§ — sin6) 
y = a(cos?9 — cos §). 

54. If the co-ordinates (x, y, 2) of a point on a sphere are given by 
the equations (cf. p. 160) | 

zx=asinOcoso, y=asinOsing, z= acos0 


show that the two curves of the systems 0+ o=« 9—9= 8, 
which pass through any point (8, φΦ) cut one another at the angle 
arc cos {(1 — sin?6)/(1 + sin?6)} (cf. p. 164). 

Show that the radius of curvature of either curve is equal to 


a(1 + sin?6)?/(5 + 3 sin*6)? 
(cf. Ex. 24), 


55. If 
{2 
f(x) = [ Ἰορ(! — a? cos? 6)d6, 
, Ἀ 
prove that f(z) is finite if 22 ΞΞ1, and that if 2? «1 
d πιῶ ἃ ‘ 
cad 2 = = d 
= f(a) [ = (log(1 — a* ο0620)}} 40, 
and hence evaluate the integral. 
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56. ΒΠΟΥ, that the area of the right conoid 
z2=rcos8, ψ τῷ σ βίηθ, 2 = f(0), 


included between two planes through the axis of z and the cylinder with 
generating lines parallel to this axis and cross-section r = f/(6), and the 
area of its orthogonal projection on z = 0 are in the ratio 


[V/2 + log(1 + 0/2)}: 1. 


57. Assuming that the earth is a sphere of radius R for which the 
density at a distance r from the centre is of the form 
p= A — Br* 


and the density at the surface is 2} times the density of water, while the 
mean density is δὲ times that of water, show that the attraction at an 
internal point is equal to 
1 72 
20 -- =), 
ΠΥ κί R 
where g is the value of gravity at the surface. 


— 58. Let (2, 41), (aes Ye)s (x3, y,) be the vertices of a triangle of area 
A (the order of the suffixes giving the positive orientation). Prove that 
the moment of inertia of the triangle with ΤΕΡοδὺ to the z-axis is given by 


= οὐ + yt + ys? + oye + Yes + YsY/1)- 


59. A actus of radius a and of uniform density οἷα placed with 
its centre at the origin, so as to lie entirely on the positive side of the 
wy-plane. Show that its potential at the point (0, 0, 2) is 


=P [ia aa ay — αϑ + Sate — inp if0<s < a 
and | | 
“re | (at + 2h + at — 5 ate — ξ nea ite > a, 
> ' 


60. Sketch the curve 


and calculate the area included by the curve. 


61. Prove that the attraction at either pole of a uniform spheroid 
with density p and semi-axes a, a, c is equal to 


Bes Γ γ( -- 0080) dr, 
Po : 
where 
Υ - 2.30 cos 0/(a? cos?6 + ο sin?6), 
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62. In the δα 
(20-4082) 
= t= fod a — (y— 4/dy 
change the order of integration and evaluate the integral. 


63. (a) By transforming to polar co- ordinates, show that the value 
of the integral 


a sing Vz— yy y 
x= f J (κα + wae | ἀν (O<B<- «ἢ 
y cots 
is a? 8 (loga — 4). ee 
(6) Change the order of integration in the origina] integral. 


64. Find the volume V cut off from the right cone 
| a+ y= (h—2z)tan*«, OS2Sh, 
by the right cylinder whose base is the curve 
(h tanw — r)® = 3 tan? a sin*6 cos? 6, 


where z z, r, θ are cylindrical polar co- ordinates, the volume being outside 
the cylinder and inside the cone. 


65. Show that for the hyperbolic paraboloid z = ay the value of 


ἘΞ 1- Ι΄ aah yy — Fay Zee ds 
(1+ 2,2 + 2,2)! 
taken over the surface bounded by the generators through the origin and 
the point (&, ἢ» ¢) is 


—are tan[E2y?/(4? C2 + C2 G2 + E242)! 
66. Prove that for —1<a<1 and — « arcsina < 5 


K(a) = fee 5595 dz = π are sina. 
0 COsz 


67. Show that the area in the positive quadrant bounded by the 
curves 2° = αὖν, 2° = b*y, y27= cx, y®? = dx is 


fe(at — bf)(ot — dt), 


68*. Let I’ be a closed curve in space on which a definite sense of 
description of the curve has been assigned. Prove that there is a vector a 
with the following characteristic property: for any unit vector 22, the 
scalar product av is equal to the algebraic value of the area enclosed by 
the orthogonal projection of Ton the plane 11} orthogonal to #. (Note 
that gives the orientation of II, and I gives the orientation of its 
projection on IJ.) In particular, the projection of Γ᾿ on any plane parallel) 
to @ has the algebraic area zero. (The vector @ may be called the area 
vector of I’.) , “ον 


598 MISCELLANEOUS EXAMPLES 


69. Prove that in a central orbit the attraction p per unit mass is 

given by 
3 
» = i. aq 

qg® dr 
where q is the distance of the tangent of the orbit from the pole and h the 
area constant (p. 425). 

Hence prove that the cardioid r == a(1 +- 6050) can be described under 
an attraction to the pole equal to μῦ ὁ per unit mass. 


70*. Let there be 7 fixed particles in a plane, all attracting with a 


central force of magnitude " Prove that there are not more than ἢ — 1 
r 


positions of equilibrium for a particle in the field. 
Calculate these positions for the case of four attracting particles with 
co-ordinates (a, δ), (—a, δ), (a, —b), (—a, —b), where a > ὃ > 0. 


71*. A particle of unit mass moves under the action of two forces, 
of which the first is always towards the origin, and is equal to 2? times 
the distance of the particle from that point, while the second is always 
at right angles to the path of the particle, and is equal to 2y times its 
velocity. Prove that if the particle is projected from the origin along the 
axis of x with velocity u, its co-ordinates at any subsequent time ἐ are 


ἀπε. οὶ 
ν (23 Ὁ μὴ 
“ΜΔ -Ῥ μὴ) 


sin ν (λ3 + u2)é οο8 μὲ, 


y sin V (2? + μ3)ὲ sin ud. 


72. (a) If u, v are two independent solutions of the equation 
Flay” — fay” + φί(υ)ν' + λ(αὴν = 0, 
prove that the complete solution is Au -+- Bu + Cw, where 
ree uf vf(a\da | ΡΞ Ως 
(uv’ — u’v)* (uv’ — τυ) 


and A, B, C are arbitrary constants. 
(b) Solve the equation 
w(x? + By’! — (7a? + 25)y” + (2227 + 40)y’ — 30ry = 0, 


which has solutions of the form 2”, 


73. The tangent at a point P of a curve cuts the axis of y at a point 
T below the origin O and the curve is such that OP = n.OT. Prove that 
its polar equation is of the form 


_ (it sine)" 


r : 
cos"+1 9 
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74. Determine the solutions of the equation 
Oz ς ΘΖ 
= Q* — 


ai? a2 


G)-#(@) 

~)=a(—}. 

ot Ox 

75. Prove that if K is a homogeneous function of x, y, z the equation 
ὃ ( Ou rs) a) δ ( Ou 
—tK --- 1K = “{K=-)=0 
On On μὴ oy oy T Oz Oz 

has a solution which is a power of (x* ++ y* + 2). 


which are also solutions of 


76. (a) Apply Cauchy’s theorem to the integral 
[ + ἢ ἔσαν dz (n ἢ πι > 0) 
z 


taken along a path consisting of the positive quadrant of the unit circle 
| z| = 1 and the parts of the axes between the origin and this circle, a 
small circular detour being made round z = 0; and hence deduce that 


nan T(m + yr@—*) 
gm+1 . (a i 1) ἷ 
5 


(0) Prove that if n = m the value of the latter integral is 7/2™+1, 
(In the complex integral the integrand may be taken as real on the 
positive half of the axis). 


77. Prove that if f is analytic = f(Vz) is equal to the result ob- 


πῶ 
[ cos 8 cos. n6 dO = 
0 


tained by putting y and a each equal to Vx in the expression for 


o® ἢ 
dy” (y + art 
78. Show that if x and y are real 
| sinh(x + ty)| 2 A(x), 
where A(z) is independent of y and tends to © asz7—> +. 


By integrating Pe eee round a suitable sequence of contours, 
show that (z — ) sinhz Ἴ 
1 1 -- {5:1} 
sinhw oo ae a. xn? 


SUMMARY OF IMPORTANT THEOREMS 
AND FORMUL/ZE 


. Differentiation. 

. Convergence of Double Sequences. 

. Uniform Convergence and Interchange of Infinite Operations. 
. Special Definite Integrals. 

. Mean Value Theorems. 

Vectors. 

. Multiple Integrals. 

. Integral Theorems of Gauss, Green, and Stokes. 
. Maxima and Minima. 

- Curves and Surfaces. 

. Length of Arc, Area, Volume. 

. Calculus of Variations. 

. Analytic Functions. 
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1, DIFFERENTIATION 


Chain Rule for Functions of Several Variables. 


 Tiu=f(é,9, 0,...), where &é= ξ(α, y), y= (2, y),.... 
Un = frbx + f,Ne τῶ Τροτν 
Una = ξεξιἢ + Son Ἂς + feels” τ΄. 
ἘΝ fen ζωῆς oe 2έμξ,ζς +... 
+ fF ce +f, Nee + ζω. ae eees 
with corresponding formule for u,, and u,, (p. 73). 


Implict Functions. Τί F(x, y) = 0, 


ἐν Ns 
da ΓΝ νος ὁ 
F,,F,? — 2F ,,F,F, Py PP 
Cy — — Κωξε = Mee κι (p. 115-16). 
¥ 
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ergs If -- φία, y), ἡ = ψία, 9), 
wy Ox = _ dy oy as Vee oy — $x 


δ —D’ ὃ DD’ δὲ £D’? & OD 


a ag » ἢ) Pe dy 
D = == — aed 
ays. ibe patty — φυψε 


(Jacobian or functional determinant) (p. 143). 
Rules for Jacohians. 


where 


O(z, ¥) 1 

1 _ , 144), 

" ag) OG ἢ νυ 
θ(α, y) 


(2) Ti u= μ(ξ, ἢ)» = υ(ξ, ἢ) and = E(x, Y), | Rio η(α, ψ) 
then 


δία, v) _ Au, v) O(€, 9) 147 
o(z, y) ag, 7) O(a, y) . ’ 


2. CONVERGENCE oF DouUBLE SEQUENCES 
Convergence Test for Double Sequences (pp. 102-8). The 

SEQUENCE ὥρῃ, COnVerges, or, in symbols, 

LM Gyn = ὦ, 

n—> ὦ 

7 —> ὦ 
if, and only if, for every positive ε there is an N such that 

| Qnm — One | <€ 


when » > N, ΣΝ, ΣΝ, eee Then 


Lim gq = Tira ( Litn ἀρ = lim (lim am) 
Ὥ-»ο cau m—> Ὁ m——> 0 \n-—> ὦ 
m——> Ὁ 
provided that lim a,,, and dae | Onm respectively exist. 
m—> © 


3 Unirrorm ConvVERGENCE AND INTERCHANGE 
or INFINITE OPERATIONS 


Dini’s Theorem. If a series of positive continuous functions 
converges to a continuous limit function in a closed region, it 
converges untformly to that limit (p. 106). 
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Interchange of Differentiation and Integration. (Differentiation 
of an integral with respect to a parameter.) 


d b 

$ [fe vay =f fz, yay 
provided that f(x, y) and f,(x, y) are continuous in the interval 
under consideration (p. 218). 


Interchange of Differentiation and Integration in Improper 
Integrals. 


Φ [πο way =f "fle, addy, 


provided that /,(x, y) is continuous in the interval under con- 
sideration and the integrals [ T(z, y)dy and [Ἐ Tx, ψ) dy converge 
0 0 


uniformly in that interval (p. 312). 
Interchange of Two Integrations. It f(x, y) is continuous and 
a, ὃ, a, 8 are constants, 


J ὦ { 4G. y) dy = i a [ " (x, y)dx (p. 239). 


The order of integration may also be reversed when the limits 
are not constants, provided that both integrations are performed 
over the whole of the region concerned and corresponding new 
limits are introduced (p. 242). 


Interchange of Two Integrations in Improper Integrals. 
B® Ὁ AB 
d. , y\dy=] a ᾿ dz, 
[af fe ndy=f dy f fey) 


provided that the integral [ F(x, y)dy converges uniformly in the 
0 
interval a ΞΞ 2 ΞΞ β (p. 310). 


4. SpeciaL DEFINITE INTEGRALS 


ede = 44/m (ρρ. 262, 561; see also Vol. 1, p. 496). 


J 
(es - ἐπ (pp. 315, 554; see also Vol. I, pp. 251-3, 
0 418, 450). 
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Fresnel’s Integrals: 
0) +2 
[ sin (τ2) dr = [ cos(7*) dr = ᾿ 5 (p. 317). 


Fourier’s Integral Theorem: Τῇ f(x) is sectionally smooth and 
-+ 00 
f | f(x) | dx converges and if f(z+0)+ f(a— 0) = 2f(x), then 


f(x) = -ς Τ᾿ φίτ)οῖ τα dr, 
where στ) == 7 “sede (p. 819). 


The Gamma Function (pp. 325-38). If «> 0, the gamma 
function I(x) is defined by the equation 


T(x) = f “ent ldt = 2 f “ot Pe de, 


It satisfies the functional equation 
P(x + 1) = ala); 


hence if x is a positive integer ”, 
T'(n) = (n — 1)! 


For all values of x other than 0, —1, —2,.. . it may be expressed 
by the formule 
(n — 1)! ἡ 6 Ὁ νὴ)" 


Ne) = in epee SH a tah 


| ee ene, 
ay = wer fl τῆ) 


where y = lim Σ ἊΣ log n) is Euler’s constant. Further, for 
n—>o \v=1V 
every integer m = 2, 
= 1 (—1)" d™ 
ee aloe 
yno(a+vy™ (m— 1)! ae © (2). 
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Again, | 
SIN τῶ 
(“extension theorem ’’). Hence, in particular, 
PG) = 2 [ ede = γῆ: 
0 


The beta function B(x, y) is defined as follows for positive 
values of ὦ and y: | 


1 +} 

Biz, y) =/ ᾿χασ —t)’—1 de = [ (: ἙἜ t)?—*(3 a t)Y-1dt 

0 —} 
{2 . 
= 2 [ sin?*~'4, cos*’—14, ἀφ. 
: $ 
The beta and gamma functions are connected by the relation 
ΓΩΡῳ) 

Bz, y) = -- " “---- . 337). 

(x, y) Tw + 9) (p. 337) 


For any complex z, 
(1 — e?*)T(z) = f ἐ 1 edt, 
where C denotes a path which surrounds the positive real axis 
and approaches it asymptotically on either side (p. 566). 


5. Mean Value THEOREMS 
Mean Value Theorem for Functions of Two Variables (p. 80). 


f(a h, y -Ὁ ἢ — f(a, y) = hfe + Oh, y + 6) 
+ Af (2+ Oh,y + 0k), 0<A<1. 


Taylor's Theorem for Functions of Two Variables (p. 80). 
f@th y+ ἢ — f(x,y) =hfet kf, 
+ 5 (faa + key + fry} 
tee. 
as 1 {anf ‘i (τὰ Ae + ἀπῇ 
ni a” ] αν Tee ” 
+ Re 
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where the remainder R,, (in the symbolical notation of p. 79) 1s 
given by 


1 


a (n+1) 
Ba = παρ ΑΘ Oh, y+ OF) + Rfle+ Oh y+ OVO, 


@<1. 


If as ἢ increases this remainder tends to zero, we have the 
infinite Taylor series 


7 τ h, y+ ἢ 
= f(a, y+ Δ fhfet kha} + 5 fest Wher + Phen} 


1 n WN γω.- n 
teeta fh ee (1) ay ee ee Ἑ Whip) Ἔ 0. ᾿ 
Mean Value Theorems for Multiple Integrals (p. 252). 
J [f@ ν)48 = AR, 


where AR is the area of R and p a value intermediate between 
the maximum and the minimum of f(a, y) in &. 
Similarly, if p(x, y) = 0, 


J [ f(z, γ)ρία, y)dS = μ f [ p(x, ψ) as. 


6. VECTORS 


For the definition of a vector see p. 3. 
Let Ὁ be a vector in three dimensions with the components 


V1) Vo) Vs: 
Length of a Vector. 
| v | = νυ, + 0,2 + 0,2). 
Addition of Vectors. | 
z=u-+-v 
means the vector which has the components 


=U + %, %= Ue + Ὁ; Zz == Ug + Vg (p. 5). 
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Scalar Product (mner product) 
uv =|u| |v cosd 
= UzVy + Ugly + Ugg, 
where 6 is the angle between 29 and Ὁ (p. 7). 
Vector Product (outer product) 
z= [uv] 


means the vector which has the components 


__|“a “s |“ ἢ «απ ἃ . 17). 
ὙΠ ὦ Ἔν Ὁ} SE ile (p. 17) 
Differentiation. 
ἀπε 0) 08 a0: 
dt dt dt’ 
d(uv) du dv. 
a ee 


ise) - E σ᾽ nm [1 (p. 85). 


If the co-ordinate axes are rotated, the vector components 
are transformed in the same way as ὦ, y, z, the components of 
the position vector (p. 84). 

By the derivative of the function f(x, y) in the direction of the 
unit vector % whose components are cosa, sina, we mean the limit 


lim 75 + Ρ cosa, y + paina) — f(w, y) _ (ey) 


ρ-»0 ρ on 
ΘΟ Hence 
= cosa x. + sina δ᾽ 
In particular, 
ad = cosa ὃν = sina 
on > On , 


and hence in general 


Of af de , af dy 


On axon dyon 
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In the same way, in three dimensions the derivative in the 
direction of the vector # whose components are cosa, 008 β, 
cosy 18 


of _ of of of 
55 008 a A me cos B ae cosy ἐς 
_ of ει of oy ¥ Oz 
“tain yon " ee 
The Differential Operations. 


With every scalar function f(z,, 7, v3) there 1s associated a 
vector grad f with the components ἤς, fz, fx, (p. 89). The deri- 
vative of f in the direction of the unit vector 22 is grad f. 


With every vector field z(2,, 22, 73) there is associated a 
vector curl z with the components 

δι; ὃ, Uy Ug Ug OH 

δ, day) ay On, Or, Oy = 


and a scalar function 


Εν ee Oe (p. 91). 


Using the symbolic vector V (nabla) with “ components ” 


55. we have 
Ox, Oa, θα: 


grad f= Vf, curl « = [Vz], diva =Vz (p. 92). 
Further, 
curl grad f= 0, div curlw = 0, 


div grad f= Af= ὁ i ΘΓ δ 


Ory? θχᾳῦ 


7. ΝυμπΊΡΙΕ INTEGRALS 


For the definition of a multiple integral see p. 224. 

The rules for the addition of integrands and combination of 
regions of integration are the same as for ordinary integrals 
(p. 231). 
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Transformation of a Multiple Integral. Tf the oriented region 
R of the xy-plane is mapped on a correspondingly-oriented region 
R’ of the w-plane by means of a reversible one-to-one trans- 
formation whose Jacobian 
pe 
O(u, v) 
does not vanish anywhere, then 


[ff wdedy =f f fee, y Daudo (pp. 253, 87). 


An analogous formula holds for any number of dimensions (p. 254). 
In particular, transformation to polar co-ordinates 


g=rcos8, y=rsnd 
or 
ῳ τς γ οοβῴ βίηθ, y=rsindsin#, 2=rcosd 


gives the formule 


f [fe y) da dy =f{ {fe cos @, r sin 0) rdr dd, 
: (Vol. I, p. 494). 


[ [ [ F(a, y, τ) dady dz = f f 1: f(x,y, zr sinOdrdédd ΟΡ. 254). 


Reduction of a Multiple Integral to Ordinary Integrals (p. 243). 
Leta Sy S Pin R, and for every y let a = ay) Se S Oy) = ὃ; 
then 


ff f@ ydedy= J ‘dy J fla, y) de. 


8. InreEcRaL THEOREMS or Gauss, GREEN, AND STOKES 
For the definition of a curvilinear integral (line integral), see 
pp. 344 οἱ seq. 
1. Two Dimensions. 
If the region R is simply connected, the line integral 


[ode + bdy) = [ Adx 


is independent of the path C joining two points in Κα if, and only 
if, the condition of integrability 
ay = ὃς 
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holds at every point of R. In this case, if the initial point is fixed, 
the integral is a function U(£, 7) of the end-point, such that the 
vector A with components a, 6 satisfies the relation 


Gauss’s Theorem. Let R be a simply-connected region and C 
its boundary. Then 


f [fle + ole ψ)} ἀνά = {fe ydy — σίω, yao}, 
᾿ +0 (p. 360) 
or, in vector notation, 


[ [diva dx dy = [ Ands = [ Ands, (p. 364) 
R 


where 2 is the unit vector in the direction of the outward-drawn 
normal, A, the normal component of the vector A with com- 
ponents f, g, and ds the element of arc of the boundary curve. 


Green’s Theorem (p. 366). 
J fesrat uy0,) dady = — f fudvdady+ [(—uv,de+ uv, dy) 


—— f fodudedy+f ds, 


fife (uAv—vAu) dady= [ {(vu, — uvy)da — (vig — Uv,) dy} 


In vector notation the first form of the theorem is 
ides Ou 
J f(qradu grad v)dxdy = —f fr div grad μά αν +f = as, 
where 
Au = div gradu = Uge + Uyy, 


and 0/dn denotes differentiation in the direction of the outward- 
drawn normal, 


21 (Ε912) 
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2. Three Dimensions. 
The necessary and sufficient condition that the line integral 


J (ade Ἢ bdy + cdz) = [ Adx 


shall be independent of the path C joining two points in a simply- 
connected region £ is 
curl A = 0, 
or, in full, 
ὦ, ΞΞ ὃ.» b= Cy, Cy= a, (p. 358). 
Surface Integral (p. 381). This is given by 


J fia a, y, z)dydz + δία, y, z)dzdx + ex, y, z)dady} 


τ 2) o(2, x) θ(α, y) 
nie a(x, Y 2) 5 ars d(z, Ψ» 2) 5 Alu, ον 1 AO a 2) Au, san jae 


if a= au, v), y= ψίω, v), 2= Hu, v) and the oriented region 
B in the wv-plane corresponds to the surface S. 


Gauss’s Theorem. Let # be the unit vector in the direction of 
the outward-drawn normal and A, the normal component of the 
vector A with components a, ὃ, c, further, let d/dn denote 
differentiation in the direction of the outward-drawn normal. 
Then 


[ffir + ejdedya: = f f(a’ ee ds, 


7 386) 
or, in vector notation, 


[f [ew Adedydz =f [Ands =f [,d8, (p. 888) 


the integrals on the right being taken over the closed surface 5 
bounding the region &. 


—Green’s Theorem (p. 390). 
f{ [ [Ἐ (Ug0q + UyYy + τυ.) dx dy dz 


=—f f [udodedye + [{ as, 
[ [ i (uAv—vAu) ἄχ ἄν dz = [ [μῤ (« oe 7 dS, 
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where 0/dn and S have the same meanings as before and 
Au = Use + Uyy + Uze 


Stokes’s Theorem (p. 393). Let the oriented surface S be 
bounded by the correspondingly-oriented curve C. Then 


SI Saves Bae (δ) om] 
=| (pda + ψάν + xd2). 


In vector notation: let A, be the tangential component of the 
vector A = (d, ψ, x) in the direction in which the curve C 
is described, (curl A), the component of curl A in the direction 
of the outward-drawn normal, and ds the element of arc on C 
measured in the direction in which the curve is described: then 


f [ (curl .4), 48 = i A, ds. 


9. ΜΑΧΙΜΑ AND MINIMA 


The following rules hold only for maxima and minima in the 
interior of the region under consideration. 


Free Maxima and Minima of a Function of Two Variables. 
The necessary conditions for an extreme value of the function 
u= f(a, y) are 
fe=%, fy=0 (p. 184). 


lf these conditions are satisfied and if 
Teel de — fry => 0, 


there is an extreme value at the point in question. It is a maxi- 
mum or ἃ minimum according asf. (and hence also ἔν) 1s negative 


or positive. If 
Sood vy — fey < 0, 
the point is a saddle point (p. 207). 


Mazima and Minima subject to Subsidiary Conditions (Method 
of Undetermined Multipliers) (pp. 188-99). 
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If in the function v= f(z,,..., %,) the n variables are con- 
nected by the m subsidiary conditions (m < n) 


φιίαι» 20+ Ln) = 0, «2+, S(T, ~~ +, Ln) = 0, 
we introduce m multipliers A,,..., A, and form the function 
F = f+ λιφι + Avg +--+ e+ AmPm: 
Then the m conditions and the ἢ additional equations 


OF 9 ..., Huo 
Oy 


give (m - n) necessary conditions for the extreme points. 


10. Curves * anp SURFACES 
In what follows (¢, 7), or (ξ, ἡ, ¢), are current co-ordinates. 
1, Plane Curves. 
Equation of the curve: 
(a) y=f(x), (Ὁ) F@,y)=9, (ἡ c= of), y= $l). 


Equation of the tangent at the point (a, y) (Vol. I, p. 263; 
Vol. II, p. 122): 


(a)y—y=(E— a) f(z), () (§—2)F.+ (n— Fy = 9, 
(c) {E— dO} ¥'O — {n — HO} SOD = 0. 


Equation of the normal at the point (a, y) (Vol. I, p. 263; 
Vol. IT, p. 123): 


(a) €é—a24+ (n—y)f'(x) =0, (δ) (€—2)Fy— (η --- Ψ) Fa = 0, 
(c) {E — @)}9'(t) + {η — YO} YO = 0. 


Curvature (Vol. I, p. 281; Vol. IT, p. 125): 


A eee Fen Py? ~ QP ey Pa Py Ὁ Py Pet 
ee ΜΝ 
k= b— op 
OO GFP 


* Some formule discussed in Vol. I have been repeated here for convenience 
of reference. 
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Radius of curvature (Vol. I, p. 282; Vol. IT, p. 126): 


ee 
[6] 


Evolute (locus of centre of curvature) (Vol.I, pp. 283, 8307-311): 


v1 "ἃ 1 12 
(a) E=a—y aw, n= y+ ae 

y y 
F2-+ F.? 

be εξ Ra ey 

Ὁ) ἐπε ot Fea γα oF, FF, FF, Fe 
F2+ Ff, 

= I .ς τ α΄ τ ν  ὁ- 

4 yt ” Fag hy? — ἢ ΤῈ, + Py Ft 


21. 4/2 5}. fe 
OR toe soe a rape. 
Involute (Vol. I, p. 309): | 
f= τ (a— 8), n= y+ (a— sy, 
where @ is an arbitrary constant and s the length of arc measured 
from a given point (s being the parameter). 


Point of inflection (Vol. I, pp. 159, 266; Vol. IT, p. 125): 
The necessary condition for a point of inflection is 


(a) y= 0, () FoeP,? — 2F FoF, ἜΤ ῬΑ = 0, 
(c) ay — zy = 0. 
Angle between two curves (Vol. I, p. 264; Vol. II, p. 126): 
ΤΟ, + Fy Gy 
ν( 5 + FY W/ (G2 + ΟΡ 
thy + th 
ν( + Pe? + γι 
In particular, the curves are orthogonal if 
(6) F.Ge+ FyG,= 0, (0) dé, + oy, = 0; 
the curves touch if 
(Ὁ) FG, — FyG,=0, (c) ¢y, — 2,9 = 0. 


(6) cosw = 


(c) cosw = 
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Two curves y = f(x), y = g(x) have contact of order n at a 
point a, if 


f(x) = g(a), f'(@) = 9'(2), «665 £@) = 9), 
frrh(z) ΞΕ στ) ) 
(Vol. I, pp. 331-3). 


2. Curves in Space. 
Equation of the curve: 
a= φ(), y= P(t), z= χ(ῇ. 
Direction cosines of the tangent (p. 86): 
VOLPE AY νοῶ Ἐφ δ᾽ VP+P Pte) 
Curvature (p. 86): 


jel= ta, {Ὁ τ (2) + (BY 


where ds is the element of arc. 


3. Surfaces. 
Eiquation of the surface: 
(a) z= f(a, y), (6) Fla, y,2) =0, 
(c) = φίω, v), y= Pu, 0), z= x(u, 2). 
Equation of the tangent plane (p. 130): 
(a) ζ --- 2 ΞΞ (€—2)f,+ (n—yhv 
(6) (ξ - 2)F, + (η -- yf, + (ζ -- 2)}᾽, = 0, 
(c) (ξ — α)ίψωχο — Poxu) + (7 — ψγ)ίχωφυ — Xvbu) 
+ (ξ — ο)ίφωψυ — φυψι) = 0. 


Direction cosines of the normal (Vol. IT, pp. 130, 163): 


ΠΟ ἘΞ τ τ ee 
vee Vite: ase ἘΠῚ 


1 . 
V+ fe +f’) 


cosy = + 
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(Ὁ) cosa = ὡς tine τς cos ΞΞξ σι ον 
νι Κρ Κῶ νι + PY + Τὼ 
F, , 
ORE PP BY 
(c) cosa = ae τς cos ΞΞ ee, 
V/(4? + B+ C?) V(A? + B+ ΟἿ 
σ 
; ΠΥ VEE BEE OF 
where 


A = ψιχυ — ψυχυ B= Xubo— Xobw C= bube — Pou 
Angle between two surfaces (Vol. IT, p. 130): 
COSw = Cosa, Cosa, + cosf, 005. + cosy, 008 yo; 
in particular, the condition that the surfaces are orthogonal is 
cosa, Cosa, + cos, cosf, - cosy, cosy, = 0. 
4. Envelopes (Vol. II, pp. 171-83). 


To obtain the envelope of the family of plane curves 


f (x, y, 6) = 0 
or of the family of surfaces 
7, Y, 2, c) a 0, 
we calculate the “discriminant” by eliminating c from the 
equations 
f=0, fp=0. 


The discriminant contains the envelope and also the geometrical 
locus of the singular points. 

If the family of curves is given by the parametric equations 
x = d(t,c), y = (é, c), the discriminant is obtained by eliminating 
c and ¢ from the equations 


ys " Op Op Op Op _ 
oF φίί, c), Yy =, b(t, C), Ot De de OE = (p. 174). | 
The envelope of a two-parameter family of surfaces 


I (&s Yr % οι» Cy) = 0 
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is contained in the equation obtained by eliminating the two 
parameters ¢,, c, from the equations 


fJ=9 f..=90, f= 0. 


11. Lenetu or Arc, AREA, VoLuME 


Length of Arc (Vol. I, pp. 276-80). Let a plane curve be given 
by the equations 


(2) y=f(z), (δ) F(z, y)=90, (c) c= dt), y= HO), 
(4) (polar co-ordinates) r = 7(@). 


The length of arc is 
1 t 
sis 1+ y)dz, | = 24 972) dp 
() “- [να Ὁ y%de () “-- [νὼ Ὁ νὴ 


(6) 8 -- [ (- (ΡΞ Ρ, (d)s= [ “(02 + 7’) d@ 


The length of arc of the three-dimensional curve 
z= φ(), y= YO, 2= χ(ὴ 


f 
ef V+ Pt ad (p. 86). 
Area of Plane Surface. The area bounded by the curve 
r= γ(θ) 


and two radii vectores 6, 6,, where r, 8 are polar co-ordinates, 
is given by 


9, 
3 [1349 (Vol. I, p. 275). 
Go 
The area enclosed by the curve 
ψ = f(x), 


the two ordinates ὦ = %), 2 = 2, and the v-axis, is 


f tae (Vol. 1, p. 80). 
Le 
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Let R be a positively-oriented plane surface and C its boundary 
(for the orientation and sign of an area cf. Chap. V, section 4, 
p. 375). Then the area of the surface is 


ΘΓ ΚΡ Ν 


(pp. 347, 375-6). 


Area of Curved Surface (pp. 268-74). Let the equation of 
the surface be 


(a) z= f(z, y), (6) F(x, y, τ) = 9, 
(c) c= φίω, v), y= pu, v), 2= x(u, 2). 
In case (c) let Κ΄, F, G be the so-called fundamental quantities 
of the surface, i.e. let 
E= $2 + $+ χεῖ, 
r= Pubs + Buh, + XuXv> 


G= $y? + pe? + x0". (pp. 162, 273). 
Then 
EG— F?= (dup, — Poipu)? + (fuxe— BoxXu)? + (XuPo— XvPu)* 
(p. 273). 


The length of arc of the curve 
u= u(t), v= υ(ἢ 
drawn on the surface is then 


$= f "(Ee + LPs -+ Οὐδ) dt (p. 162). 
ty 


The area of the curved surface lying vertically above the 
region # in the zy-plane is 


4 -- [[4σ: 
(a) 4 -- [{ν -Ὁ κ᾽ Ὁ ΙΜ)ἀυάν, 
O)4=f f 5 ν ΣΡ Ε FAdedy, 
() 4 --[ ᾿ VEG — F*) dudv, 


the last integral being taken over the region B of the wv-plane 


which corresponds to the region R. 
21° (R912) 
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The area of the surface of revolution 
“= uUucosvy, y=usinv, z= φ(υ), 
which is produced when the curve 
z= φ(α) 


is rotated about the z-axis, 18 
A= 2r f ων {1 + $'2(u)}du = Qa f al ds, 
Up So 


where 8 is the arc of the meridian curve z = ¢(z) (Vol. IT, p. 274; 
cf. also Vol. I, p. 285). 
The surface w, of the unit sphere in n dimensions, 
δι" + Ly" + "Ὁ + 2,2 = ᾽ 
is given by 
__ 24/7)” 
we Tin)" 


Volumes. The volume bounded below by the region R and 
above by the surface S with the equation 


z= f(a, y) 
is given by 
= dx d . 225). 
V [f[fev “ὧν (p. 225) 
(for the sign see Chap. V, section 4, p. 380). 


If the surface S is closed and forms the whole boundary of 
the region V, the volume of this region is given by 


V=[ f [dedyde=—f frdudy=—f fadyde=— f fydeds 


(p. 387). 


In polar co-ordinates the same volume is given by 


γι [{{Ὁ sin 6dr 4θ dd» 


where B is the region of r6¢-space corresponding to the region V 
(p. 254). 
The volume of the surface of revolution 


C= UCcosv, y= usinv, z= P(w), 
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which is produced when the curve 
z= φ(α) 
is rotated about the z-axis, 1s 
V=a [ " dz 
(Vol. II, p. 267; cf. also Vol. I, p. 285). 
The volume v, of the unit sphere in n dimensions, 
m7 + 27+... Me is 2,7 = ᾽ 
is given by 


_ __(v7)" 
VU, = {m+ DA} (p. 304). 


The volume swept out by a moving plane area P of area A 
18 
ty An 
V=/] A(t) — dt, 
J 40% 


where dn/dt is the component of the velocity of the mean centre 
of P perpendicular to the plane of P (p. 295). 


19, CatcuLus oF VARIATIONS 
The necessary and sufficient condition that the integral 
I(u) = [ "F(a, u, u’)da 
7 


υ 


shall be stationary is Euler’s equation 


d 
F,, = dz Fy = 0, 
or | 
Fy -- Fit + FP aw — F,, = 0 (p. 498). 
If F involves several functions u,(x), u(x), ..., Up(x) and 


their derivatives, then a necessary and sufficient condition that 
the integral 


I(u) =_ [Τα ἴ|,.....«γ, Un, U's5 oe ey Un) 
Xo 


shall be stationary is that u,,..., u, satisfy the system of 
Euler’s equations 


Fee 24 (i=1,...,n), ΟΡ. 508). 


dz i 
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If F depends on 2, u(x), u’(x), u’’(x), Euler’s equation is 
d d? 
F,, — as Fy + dx? eer = 0 (p. 513). 


If f F(x, y, τ, ὦ, y, 2dt is to be made stationary subject to 


the subsidiary condition G(x, y, z)= 0, then a necessary con- 
dition is 


ἢ Fam Fe= Ge, 
d 
ay fa — Pu = AG, 
d 
dt :-f,= AG,, 


where A denotes Lagrange’s multiplier (p. 517). 


13. Anatytric FuNcTIons 


For definition, see p. 532. 
The necessary and sufficient condition that 


f(z) = fle + ty) = ula, y) + w(e, y) 
shall be analytic in a region F# is that in R the Cauchy-Riemann 
differential equations 
Ug = Vy Uy = —Vz 
hold (p. 532). 
Cauchy’s theorem: If f(t) is analytic in a simply-connected 
region R, then 


[fou = 0 


if C is a closed curve in the interior of R (p. 539). 
Cauchy’s formula: Under the same condition as Cauchy’s 
theorem the formula 


_ i f(t) 
f= 2 [9 a 


m/40t—z 


holds if z is a point in the interior of C. 
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If f(z) is analytic in the interior and on the boundary of a 
circle | z — z | SR, it can be expanded in a power series 


FO) τοῖα + 3 ole— ον 
which converges in the interior of the circle. Here 


_f(%)_ 1 f 5 
δ, ΞΞ- Spr ee b= ay dé (pp. 547-9). 
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CHAPTER I 
§ 1, p. 12. 

3. Let the vectors joining O to the points P, 9, R, S be denoted by 
~,q,r.s. Then the vector from O to the centre of mass of the triangle PQR 
is yiven by ἐ(2 + 4 + 7). and (cf. Ex. 2) the vector Joining O to the centre 
of mass of the tetrahedron by ἢ ξ(2 Ὁ 9+ 77 -1 515 Ξ- ξ(2 Ὁ ΦΖ-Ἐ7.Ὁ 5); 
this expression is independent of the order in which the vertices are taken. 

4. A, A’,....0 are the final points of the vectors 4(D + 4), 
ἀ(γ + s),...,4(9-+ 2), and the three lines AA’, BB’, CC’ all have the 
same mid point. the final point of the vector #( + ¢+ 7. τ 5), which is 
the centre of mass of the tetrahedron. 


§ 2, p. 18. 


1. The distance is given by the length of the vector product of a unit 
vector lying along / and any vector joining P to a point A (ὃ, ὦ, f)in ἢ: 


rare | ats ai 


δ e| le 
2. The shortest distance h between / and I’, two straight lines in space, 
is perpendicular to both / and ’, i.e. is parallel to the vector product of 
two arbitrary vectors lying along / and /’ respectively. Also, the shortest 
distance between / and I’ is obtained by projecting a line joining any two 
points on / and ?’ on to the line A: 
a δ 6 


1 
a 6 e 


V (lac! — ale $F (ae’ — ae + (ce -- Ce], ga p_p 


| %--b ψο--ὦ Ὡς 


α Cc 


3. The left-hand side may be interpreted as the volume of a tetra- 
hedron. 


4. The length of the vector product of the vectors (wx, 8, wy) and 
(x, y, 2): ων {(Bz— yy)? + (yx — az? + (αν — Ba)?}. 

6. It is sufficient to prove the statement for the case where the origin 
is inside the polygon, as the sum of the determinants Is unaltered by trans- 


lation of the co-ordinate system. If the origin is inside the polygon, all the 
623 
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determinants have the same sign and give the areas of the triangles 
OP,P., OPsPs, -+-, OPP 
§ 3, p. 26. 


2. lf we write —d=dx —l, —e=ex --ἸἸ, —f=f x --1, the 
three equations may be regarded as three homogeneous equations in 
x,y, —1; the necessary condition for the existence of a solution is therefore 


D=0. If D=0O and eg. Es y + 0, then the third equation is 
1 % | 


a consequence of the first two, and the first two equations in z and y 
have a solution, as their determinant does not vanish, 


3. The lines intersect if the three equations 


a,t+b,=qt+ dy 
at +- ὃς = cot + dy 
ast + ὃς = cgt + ds 


for ἐ, τ have a solution (cf. Ex. 2). The condition is 


a δι d— ὃ, 
fe Cy ὧς — ὃς = 0. 
ὥς ὃς (ἷς --- ὃς 
5. Subtract the last row of the determinant from the first three. 


§ 4, p. 37. 
1. (a) 0, (δ) 2, (c) 12, (d) (ὦ --- ν)ίψ — τ) — α)γα + y + 2). 
2.a+c= 20. 
3. (a) Introduce the three vectors «= (a, ὃ, c), y= (a’, 5’, c’), 


z= (α΄, δ΄, 5). Then D= [xy]z. Now for any two vectors @ and ὦ 
we have 


|{@6}| S{@||S| «πὰ [αὖ Ξ:[4Ἐ[δ]. Hence DS |x| |y|[2l. 


(b) If, and only if, the vectors represented by the columns of D 
are mutually orthogonal. 
4, αὖ -Ἡ οἷ τ-οὶ Ο, αἢ - ο5- 053 - ἀ5 ΞΕ 1. 


6. It is sufficient to show that there is one point (xp, Yo, Ζο) which re- 
mains on the same ray through the origin, i.e. that there are four quantities 
qs Yor 2, A (the first three of which do not all vanish) such that the equations 


Aig == Ay + ὄψῳ + C2 
No = Aly + ἐν + fe 
Ay == στρ + hyy + key 


are satisfied. Now we have only to choose 4 so that the determinant of these 
three homogeneous equations in 2%, Yo, % Vanishes; this gives an equation 
of the third degree in A, which can always be satisfied, as an equation of 
the third degree always has a real root. 
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7. χ' = 4E(1-+ coso)e — 4V2s8ing.y — ἐ(! — 608 7)2. 
γ΄ = 4V2sing.2 + cosp.¥ + 4V 2sing .% 
z = ξ(οοβφ — Ia — ἐν 28g. y + λ(οοβφ + 1)z. 
9, By Ex. 1, p. 12, and the rule for the multiplication of determinants, 
the square of the determinant is equal to +1. 


CHAPTER II 
ἐξ 1, 2, p. 49. 


2. dn + 1(n + 2). Rie? 


> 0. 


be 
5. (a) No. (6) No. (c) No. (d) No. (6) Yes. (ἢ) No. (g) Yes. 
(2) No. 
§ 3, p. 58. 


1. Cf. Ex. 2, p. 49: $n + 1)(n + 2). 
3. 62 + 2Aa+e+ k). 


§§ 4, 5, p. 77. 
2. We may take the origin at the vertex of the cone; its equation is 


then of the form v= φ(5) X. 


2 
4. (2) Ire + - Ie 5. Ore + Gre 


6. Cf. p. 391. 


§ 6, p. 81]. 
1. xy. 
2. Use Taylor’s theorem, expressing f (2h, e71/2h) and f(0, 0) in terms 
of f and its first and second derivatives in (h, 6 3); add and divide by 4’. 
r+) [.] bad CO mM 
4.(2) & = (Ὁ 1 ) εν" [.|-Εἰν}] 4 ΟΣ ΣΈ. a 


n=0 ᾽,.ὸ n=Q mao mint 


values of 2 and y. 


§ 7, p. 93. 
1. Use Taylor’s theorem to express the co-ordinates of a point on the 
curve in terms of f, 9. ἢ and their first and second derivatives in é; then 


apply Ex. 3, p. 19: 


x — f(t) f'(to) 7 (ὦ) 
ψ — oto) g' (to) g/(to) | = 0. 
z— ht) h’(ty) h’’(to) 


3. If » is the centre of the sphere, the expression A= WV {x(s) — vy} 
must be as stationary as possible, that is, A, A, A must vanish (the dots 
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denoting differentiation with respect to 3). Using the relations x* = 1, 
xX =0, we obtain the equations (y- x)x=0, (y—-x)x=1, 
[5 x] 


(ν -- x) = 0. Hence we have Ψ --- x = CEES 


5. Cf. Ex. 3 and also Ex. 5, p. 19. 
7. From the definitions of ξ,, 6, §, we have §,=%, x?=1, 


Bo = X/k, Ἐς = [EE], + ν £2 -- 1/t. Obviously &, = kE,. To determine 
Es, Es, we calculate their components with respect to a rectangular co- 
ordinate system O0&,, O&,, O&. From the relations 


Sr = 1, Ἐξ, - ει, 6,6, = 68, = 6, = 0 
we obtain by differentiation 
Es ξι a —E1Es = 0, Esks = 0; 
hence &, is perpendicular both to &, and to 3, and therefore 


Es = + V(Es2)E 2 = + E./t. 


We define the sign of τ so as to give E = — &,/t. This implies that τ is 
positive or negative according as the screw defined by the motion of the 
osculating plane in the direction of increasing s is right-handed or left- 
handed. To prove the second formula, note that 


Eek, Ξ- —E1 Es = —k, Eo%. = 0, δ, Ἐς = Bae = I/r. 
8. Use Ex. 6 and Ex. 3: (a) £&, — 6, + Ξξ; (8) 7 mits Es at 5a 


9. 1/| 7] = VE? = 0; hence Ἐς is a constant vector ἡ, say; Pa = Ein 
= €,£,= 0, so that x7 = const., where ἢ is a fixed vector. That is, the 
curve lies in a fixed plane. 

10. (δ) If the curve is given by z= f(t), y = g(t), z = A(t), the sur- 
face has the parametric equations 


a= f(t) + sf"(t) 
y = g(t) + δ΄ (ἢ) 
z= h(t) + ὁλιη; 


az Gz 3: 


Bat” Bady’ δι in terms of the derivatives with respect to ¢ 


then express 
and 8. 


Appendix, § 1, p. 100. 


1. (2) As B£ is closed, there is a point B in R whose distance from 
A is less than that of any other point in R. Let 2 be the normal to AB 
at B. Then no point Ο in F lies on the same side of n as A; for otherwise 
not only B and C, but the whole segment BC, would belong to R, and on 
this segment there would be points nearer to A than B is. Hence the parallel 
to n through A cannot meet R. 
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(Ὁ) There is a sequence of points P,, Py, ..., not in R, converging 
to P. Letl,,1,,... be straight lines passing through P,, P,,... respectively 
and dividing the plane into two half-planes, one of which contains no 
point of καὶ (cf. (α)). From these straight lines we can choose a sub-sequence 
for which the directions also converge. The limiting straight line is then 
a line of support through P. 

(c) If A were not in R, then by the proof of (a) a line of support n 
separating A from R would exist. 

(4) Let G@ be the centre of mass of # and g any line of support, which 
we take as z-axis. Then the y-co-ordinates of all points in # have the 
same sign. By the definition of the centre of mass (cf. Vol. I, p. 284), the 
y-co-ordinate of G also has this sign; that is, G and & are on the same side 
of the arbitrary line of support. Now apply (c). 

(f} The curvature is equal to dp/ds, where φ is the angle which the 
tangent makes with the z-axis, 8 the length of arc; φ is a continuous func- 
tion of s. Hence > increases monotonically from 9(0) to 9(0) + 2x; that 
is, p cannot have the same value for two different points of the curve. 

If the curve were cut at three points 8.» 8,, 82) by a straight line / 
(ax + by = c), then the function 


ΓΔ) = ax(s) + by(s) — ὁ 


would have three zeros; in this case F’(s) would also have at least three 
zeros, i.e. there would be three tangents parallel to J. In addition, two of 
these would certainly have the same sense, i.e. they would have the same 
value of », which contradicts the statement above. 


2. (a) The set consisting of the points which lie in all convex regions 
containing S has the properties (1), (2), (3). 

(b) If P is in ΑΕ, there can be no straight line / separating P from 9; 
for otherwise one could take e.g. a large square Q with one side on J and 
containing 8; Ὁ. would then be a convex region containing S but not P. 

If P is not in ἢ, there is at least one convex region @ containing S but 
not P; then (cf. Ex. 1(a)) there is a straight line separating Q from P, and 
therefore, as Q contains S, also separating S from P. 

(c) Cf. Ex. 1d). 


Appendix, § 2 (p. 107). 
1. (a) No. (Ὁ) No. (c) Yes (cf. Vol. I, p. 436). 


CHAPTER ΠῚ 
§ 1, p. 122. | 
5 . ὑπ τὸς π . — tT]. oe 
2. (2) ae te (δ) 3” (c) 1; (d) 1. 
3. (a) -- 21; (Ὁ) π; (0) 2; @)—~ 


82 δ᾽ 
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4. Max. value +6, min. value —6. 
5. 02/02 = —1, d/dy =—1. 


§ 2, p. 131. 
1. (a) Be - Ty — 212+ 9=0; (0) 200 4 18y + 8ὲ τ 86; 
(0) α΄ -οῖῷ -- 2- π|6 - 0. 
2. 1. 


3. Use the fact that the tangents at the origin are given by y = 0 and 
az + by=0. 2c/a, 2(a*g — αὐδῇ + abe — b%c)/a(a® +- δ5)5}8, 


4. Write equation in form 0 = F = S(V 2? + y’, arc tan y/a): 


27/2 — py’? 4. 72 af , ἃ [ 
= Va aa? © wnere γ' = 76° r= 768" 
6. x(y “Ἐ 2) = ay. 


8. (α) Double point. 

(Ὁ) Two branches touching one another. 

{c) Corner. 

(4) Cusp. 

(e) Cusp. 
9. Differentiate the equation F = 0 twice with respect to # and use 

the fact that F, = 0. 

φ = are tan 2V Fry? — ΚΡ + νυ); (@) 72/23 (0) 10/2. 

10.a@=1,6= —}. 


12. The circles K, K’, K” may be denoted by the equations 


K=H+4+y+ar+by+e=0, 
K’ =#+y7+a@¢4+4+ ὃν -" σ΄ ΞΞ 0, 
KY’ = 24+ yt αὐχ τ byte’ - 0. 


Then any circle passing through A and B is given by K’ + ἀκ’ = 0. 
The conditions that the circle K should be orthogonal to K’ and K” are 
aa’ -ἰ bb’ — 2c + c’) = 0, aa” + bb” — 2c4+ c”)= 0. From these con- 
ditions the corresponding relation expressing the orthogonality of K and 
Κ' -+- 1K” readily follows. 

13. sO *, τ τε τ ν' 


——————" 5 


§ 3, p. 157. 
2. (c) HE, ἢ -Ἰ ie ete 
x,y) (“5 -Ὁ γῇ} 


3. Take O as the origin and invert; then the curvilinear triangle is 
transformed into an ordinary triangle with the same angles. - 


5. (b) If we denote the left-hand side of the equation defining ἐς and 
t, by F(x, y, ἢ), two curves ἢ, = const. and ἐς = const. are given implicitly 
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by the equations F(z, y, t,)= 1 and F(a, y, %) = 1 respectively. The 
condition that these should be orthogonal is therefore 


O= F(x, y, Ὁ} (ὦ, y, te) + Fy(x, y, 4) Fy(% y, te) 
= 4.3 dy? 

~ @—tla—%) ὦ -- ἐγ -- ἢ) 

but this relation is an immediate consequence of F(x, y, ἃ) ~ F(x, y, t) = 9. 
(6) The coefficients of the quadratic equation defining ¢, and ἐς are 


respectively equal to ¢,, #, and —(t, + ¢,). We thus obtain two linear equa- 
tions in z* and y*, whence 


= -Ὦ ee fe) y = (6 Sarg te) 
(d ) At, ty) to) __ | 4xy(a i 5) = 
Az, y) Vi{(a+b)? — Xa — δ) — y®) + (2? + y*)} 
Fig ἊΝ ΓΗ | 


(ε) -.---.- 5} = LE, 
(α -- ἐν)(ὃ -- ἃ) (a@— ἐρ)(ὃ — &) 

6. (α) Let F(t) be the left-hand side of the ἜΤΗ defining t. F is 
@ continuous function of ¢ in -- οὔ <t<c, for which F(—o) = 0, 
F(e— 0)= +0; hence F=1 at one point at least of that interval. 


Similar conclusions apply to the other intervals. 
(ὃ) Cf. Ex. 5(5). 


(6) ΟἹ. Ex, δ(ο): em 4 [Ξε — SNe -- τῷ 
| (a — ὅγα — ὁ) 
with similar formule for y and z. . | 
7. (6) Let x =rcos0, y=rsin6. Then the straight line 6 = const. 


is transformed into the conic ¢, = $— cos?@ and the circle r = const. 


into the conic t, = -ἐ(" + =): 


2 
9, ϑίω, w+) o|% ὧν] 0, 
Ax, y) cy 
§ 4, p. 167. 
1. (Ὁ) A circle on the sphere is given by a linear ἘΎΓῊΣ in 2, Y, 2. 
du® + ἃ 
(jij@ine εκεί λα : 


(u? - δ - 1)? 

2. (a) ds* = sin*v du? + dv’; 
(6) ds? = cosh?v du* + (1 +- 2 sinh* x) dv’; 
(c) dat = (1 -Ὁ 73) 4 + f2d0r; a 
a) dete Hb) yay (G—tMe—h) ys 


$= ea a : 
ἀ(α- τὴ το ἰχοττ ἢ 5 ἀ(α-- 4 )O—4Ne— 4) * 
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2 
ty Yu 


Y., 2, [3 : 
u “ue : ; use the transformation 


3. 6 .-- ΡῈ--Ἑ 
% %y 


formula for Jacobians, 


eu ry 
Ry Vy 


+ 


& τ 


4. Introduce co-ordinates z, y, z such that P becomes the origin, the 
tangent plane at P the xy-plane, and ¢ the z-axis. The equation of S then 
takes the form z= f(z, y), where f(0, 0) = f,(0, 0)=f,(0, 0)=0. A 
plane & through ¢ is given by the equation z= ay. We now introduce 
r= -+/(y*+ 252) and 2 as co-ordinates in Z; then the intersection of 2 and 
§ is given implicitly by the equation 


ro lp r | 
να τῶ vara 
The curvature of the curve of intersection at the point z= 0,r= 0 is 


therefore (cf. p. 125) given by 
V(1+ a?) 


k= fay μ 


Thus the centre of curvature of this section has the co-ordinates 
ΕΞ 1 a? 
if EV(l+@) μα = τ ΩΝ ΞΕ ΩΣ αὖ {ω{|- α a)’ 
that is, it lies on the circle 


Suwly? + 2?) — z= 0 


5. Take the tangent plane at P as the zy-plane. Then the equation 
of 8 may be taken to be z= f(z, y). A normal plane is given by the 
equation 2 = ay. Taker = v(x? + y?) and z as co-ordinates in the plane; 
then the curve of intersection is given by 


“την τω vara 


and its curvature at r = 0 by 


(0, 0) ττ 


the final point of the vector of length 1/V& along the line ¢ then has the 
co-ordinates 


ᾶ 1 1 1 


“vara ve "νατῶν 5 Ὁ 


that is, it lies on the conic 


fon + 22Y fey + YS = 1. 
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6. (a) By differentiating the two equations with respect to a para- 
meter ¢ of the curve, we obtain 


ax’ + yy’ + 22’ = 0, azz’ +- byy’ + czz’ = 0. 


From these relations we can find the ratio 2’: y’: 2’, i.e. the direction of 
the tangent. If (& ἡ, ζ) are current co-ordinates, the equations of the 
tangent are 

_¢—6b a—c b—a 


(ξ — 5): (ἡ - y): (6 — z) = —— : —— : ——. 
x 


(b) By differentiating the equations of the curve ἃ second time and 
using the result of (2), we obtain 
— p)% — 2 — “)3 
wa” + yy" + τότ: (et yt 9)= {| ) ἔτι, τῶ or 
y Ζ 
and 


+ 


a(c— 6)? bia—c)? ο(δ --- a)* 
“3 ΕΝ ψϑ oe } 


axa’ + byy” + cz2z’”’ = i 
where is a factor of proportionality. Eliminating Δ, we have 


—b% dba—c}? b — a)? 
(“α΄ + yy” + a τὰ ; + < : =| 


---- -. -..-.. 


(c— bo? (α-- ἡ" (ὃ -- α) 
x y? 23 ᾿ 


== (arn + byy” + cza’”) | 


This linear equation in σ΄, y’’, 2’ remains valid if we substitute 2’, y’, 2’ 
for 2”, y”, 2’. Hence it is still satisfied if we replace x”, y’’, 2" by some 
linear combination Ax’ + ua’, Ay’ + wy”, Az” + με΄ respectively. Now 
if (&, ἡ, ©) is in the osculating plane, ξὶ — x, y— y, & — z are just such 
a linear combination (cf. Ex. 6, p. 94). 

The equation of the osculating plane is hence found to be 


ax8 by? 


G— + Gos 


cz? 
(η -- 9) ἘΞ (8 — 2) = 0. 


c—b 


§ 5, p. 182. 


1. Let P(x, y, 2) be a point on the tube-surface Z, and let S be the 
sphere of the family which has the point P in common with 4. Then 8 
and & have the same tangent plane at P, i.e. the same values of 2, y, z, 
2,» ἕν at that point. It is therefore sufficient to prove that the relation is 
true for any sphere of unit radius which has its centre in the zy-plane, 
ie. for u(x, y) = ν {1 — (ὦ — a)* + (gy — 5)?*}. 


2. (a) Ve+Vy+V2=1; (b) αἴ -Ἡ yi + 28 = 1. 


4. We may introduce ¢ as parameter on the curve, so that the latter is 
given by x= α(ί), y= y(t), z= σ(ἢ and the tangent at the point with 
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parameter ἐ lies in the two planes corresponding to 4; this gives the re- 
lations 
az’ +- by’ + cz’=0, dz’ + ey’ + fer’ =0. 


By differentiating the equations of the straight lines with respect to t, 
we thus obtain 
@e2+ δγν -Ἰ σε τεῦ, e+ ey+ fz=0. 
With the relation 
ax -+ by + cz = dx + ey + fz 


we then have three homogeneous equations in 2, y, 2, and the determinant 
must vanish. 


5. For the envelope we have the two equations 


xcost-+ysnti+z=t 
—2zx sini + y cost = ], 


These two equations give a family of straight lines with parameter ¢; if 
a curve having these lines as tangents exists, it must also satisfy the 
equations obtained by differentiating once again. 

(a) rsin{z+ V(r?—1)— 6}+1=0; (Ὁ) the curve is given by 
z= @§@—7/2,r=1. 

7. Use inversion. Since 8,, S,, S; pass through the origin, they are 
transformed into planes; we have then merely to find the envelope of 
the spheres touching three planes, i.e. a certain circular cone, which we 
reinvert: 


(a? + y® + 27)? — 22% + y? + 23) + y + 2) 
— 3(2? + γῆ + 247 — κυ — ὼς — Qyz) = 0. 


8. (Ὁ) £1 — a®) + (1 — 82) — ϑαδξη + 2αξ + 2y = 1; 
(c) αϑξξ + 52? = 1, | 
§ 6, p. 202. 
1. (44+ V5)/V2, (4—V5)/V2. 
2. 2/20, a/10, a/10. 
3. Maxima for x = 0, y= +1, minimum for z= y= 0. 


4. The maximum value is the same as for the expression az? + 2bay+- cy? 
subject to the subsidiary condition ex* + 2fxy + συ = 1. 


ν 
5. Cf. Ex. 4. (a) ~+ amt 


(6) the function has an improper maximum (p. 184) equal to 1-95, 
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6. Saddle points: y= 0, x = πί3, 7/3, 1377/8, «4+ - 
Minima: y = 0, z = 52/3, 11x/3, 177/3,.-- Ὁ 


7. The ellipse obviously touches the circle, i.e. the two equations 
must give a double root in ὦ; hence the condition for contact is 
a*(b? — 1) = δῖ: a= 3/V 2,6 = ν (3/2). 


8. Introduce the angles between a, b and c, d as variables: the cyclic 
quadrilateral. 


9. (—1/V 14, —2/V 14, —3/v 14). 


10. Cf. the similar proof for triangles on p. 187. A minimum point 
O does exist. First show that if O is not one of the vertices, then it can 
only be the point of intersection of the diagonals. Use the fact that the 
final points of four unit vectors whose vector sum is zero form a rectangle. 
. Then prove that the sum of the distances from the vertices is less for the 
point of intersection of the diagonals than for any of the vertices. 


11. A = a*/z, B= b?/y, O = c*/z, together with the subsidiary con- 
dition 


(a) x= aE ὅδ, (δ) 2= Wen &e. 
12. The vertices are given by z= +a/V3,y= £6/V3,2= -Ἑ οἱ ν 8. 
13. The vertices are given by ὦ = a?/V (a? + δ), y = 6?/ ν (a? + 6°). 
14.2=l1,y=1. 
15. The greatest axis is given by the maximum of ν («3 + y2 + 23), 


with the subsidiary condition that (x, y, 2) lies on the ellipsoid. Hence 
we have the three equations 


od 1-Ξ ax - dy + ez), ὅτ. 


ΣΤΟΝ 
Multiplying these by (2, y, 2) respectively and adding, we have 
A= V(et+ y2+ 2)=—1. On the other hand, we may regard the 


equations as three linear homogeneous equations in %, y, 2, whose 
determinant must vanish. 


Appendix, p. 208. 


1. f(x) + fly) + f@) = 3f(@) 
+ {(e— a) + (y— α) + (ὦ -- a)} f(a) + ἐρ᾿{{{{6) + ε} 


where p? = (ὦ — a)? + (y— a? + (2 — a). On the other hand, the 
subsidiary condition gives 
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(ea) + (y— a) + @— a) = ρ(-- 27 4) 


2φ΄ (α) 
~ Fa) {(x — a)(y — a) + (ὦ — a)(z — a) + (y — a)lz ~ α)} 

τς #@) φῶ 

“τ νὴ ἱ 
where lim ς = 0. 

%Y,i—> 6 
CHAPTER IV 

§ 1, p. 222. 


1. F=0 fory > 0. 
2. Use the relation 


1 é : : 
᾿ (f, cose + f, sing) = ἔα sin?@ — 2f,, βἰπ φοοθφ + fi, cos* 
ld : 
: ἘΣ de (fz sine — fy cos 9). 
3. Integrate τῳ by parts twice (special precautions necessary in the 


case where p < 5/2). 
4. Integrate J,’ by parts. 


§ 2, 3, p. 247. 
1. 7/24. 2. 0. 3. 0. 


4.7/8 if region of integration is restricted by the condition z > 0; 
otherwise zero. 


5. 1/50400. 6. n(2 — 3 log3). 


7. Introduce polar co-ordinates and integrate first with respect to 
mand @: x(2-+ 3 log3). 


8. 4log(1 + v2). 


9. Divide up the interval of integration into the segments 
—lsas—wWh, —WhsasvVJh, W/h S& S1, and find the limits of 
the integrals along each segment. 


§ 4, p. 255. 
} 
1. Apply the substitution «+ y= ξ, α« - ψ τῷ Z n τς —-}. 


V3 I 
2. Introduce polar co-ordinates: (a) 7 =) (Ὁ) a arc tan δ᾽ 


3. Substitute « = a&, y = θη, z = οζ: ξαβῥ3ο3, 
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7. Introduce new rectangular co-ordinates (ξ’, η΄, ζΎ such that 
ξ’ -- («“ἕ + yn + τῷ [Γ. Then d&dydt = ἀξ’ ἀ η΄ dv’ (cf. Ex. 9, p. 38), and 


Te [ f [ cos (ré’) dé’ dy! dt! 


throughout the sphere €%-+ 7% + ζ5 “1. Hence, if we perform the 
integrations with respect to η΄ and ζ΄, 


I= nf “ΠῚ — ξξηάξ', 


Answer, = (= -- cosr where r? = 22+ 9? + 2%. 


8. Substitute & = (28+ yn)/r, no = —(¥S+ azn)/r, and integrate 
with respect to η΄. 
§ 6, p. 275. 


1. Apply Guldin’s rule, using the fact that the centre of an ellipse is 
also its centre of mass: 27ab. 


2. mabh?/2. 
3. Substitute «= αξ, y = by, z= οἷ: 


1 p 5 Ὁ 
3 nave (1 ~ / (atl? + b%m? + παν (2 τ V (al? + Ἐδ3ηι 4- c?n?) ; 


4. (2) Compare corresponding elements of area. 
Ὡπ 
(6) at { -- οὐεφ)}4φ; (0) 2π(1 -- ὁ ν 3γ, 
0 


ar tanhe 


, where 2a is the major axis. 
e 


5. 2πα3}1 4+ (1— e) 
6. Volume = incp*, surface area = πία + Ὁ)», where a, ὃ, ὁ are the 
sides of the triangle and p the perpendicular from C to AB. 


7. From the differential equation (cf. Ex. 1, p. 182) satisfied by the 
tube-surface τ = u(x, y) we have 


Amal [Vat Ὁ ωραιάν = 2 [{{Ξτ3. 


U 


ΤΊ we introduce as parameters the length of are ¢ on L and the distance ὁ 
along the normal to L, then (cf. Ex. 22, Vol. I, p. 291, and Ex. 3, Vol. Il, 


Ρ. 182) 
+11 Ὁ μὴ 
= oe eae |p d 
A ἼΩΝ an wt = 3π 49, 


where k denotes the curvature of D. 


8. Integrate first with respect to x and y: (a) 1673/9; (δ) 87%. 
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τ Ν «1. a+ Vv (Rt + 1) 
9. 5 (RVR +H) — eV (et + I) + log "ΠῚ γος τ τ}, 
10. Introduce polar co-ordinates: 7?/2. 


§ 7, p. 285. 


1. On the axis of the cone, two-thirds of the way from the vertex to 
the centre of the base. 


2. = ϑα (3, y= z= 0. 

3. Cf. Ex. 7, p. 275, and Ex. 1, p. 182. 

4. (a) πλ( 3 — Κ΄); (Ὁ) 2πλ( 3 — R2){4(R? + KR) + fh}. 

5. For example, 4+ B—C=2 [ [ f uz* dadydz, which is positive. 


6. Substitute «= αξ, y= by, z= cl; use the expressions for the 
moments of inertia given in the text and the properties of symmetry of 
the ellipsoid: 


(a) a παδο(αβ -+- 6%); (Ὁ) 7 παϑοί(] — «?)a? + (1 τὸ β5)}3 -Ἐ (1 --- y*)c?}. 


7. The distance of the point (x, y, 5) from the plane ux + vy + wz = —1 
is given by 
uz-+v+wet+i 
Vite + aly’ 


The moment of inertia of the ellipsoid with respect to this plane is there- 
fore given by 
Avw+ Be + Cw? + V 
w@+eet we” 


where A, B, C denote the moments of inertia with respect to the co- 
ordinate planes and V is the volume of the ellipsoid, 1.6. A = 4a%be/15, 
B= 4ab*c/15, C = 4abc8/15, and V = 4abc/3. We have now to find the 
envelope of the planes for which this expression is equal to ἢ. The envelope 
is given by the equations 


(A — ἄγω = λα, (B— hv = dy, (C — hw = 22, 


where Δ denotes a common multiplier, which from the expression for the 
moment of inertia and the equation of the plane is found to be V. By 
squaring the three equations we obtain the equation of the envelope, 
namely, 
x? y? 28 I 
p= ABBOT 


9. a(x — &)? + by — ἡ) + ce — ἢ 
= {a2 + b+ ο5 + δ(ξ5 + n° + ζ2)} ((ὦ — ξ)Σ + (y— η)2 + (2 -- 3), 
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δα 2a? + b2 + ο3 
1 —_— e 
10. (3; 0, 0). ll. a δ πα [τ οἱ 


ae "| (= - Y}. 
13. Ve—a) = + 1 
14. Integrate first with respect to x and y: 
ie eaten nara 
an f Ve Ὁ (fa) ide— n | OF atl, 
aa 
where the upper or lower sign is to be taken according as the origin is 


inside the body or not. 


Appendix, § 2, p. 298. 


1. S consists of unit circles orthogonal to C and having their centres 
on C (cf. p. 295). 


Appendix, § 3, p. 307. 


% 
1. Substitute 2, = @,8),...,5 % = ἀρξ,: var ατᾶς oo + Oye 
CS) 
2 
2. By p. 301, 
ΩΝ ἘΞ -- 5) 
I= 7. jase “τὸ τ άπρ... ἄς 


taken throughout the interior of the (n -- 1)- dimensional unit sphere in 
ἄς +++ %y-8pace. Introducing polar co-ordinates, we obtain 


2 fo/1—P)+f(—V1—*) g 
᾿ -f arf. V/1 —r = 


where S(r) denotes the sphere of radius r and centre O in 2... . Z,-space. 
As the integrand depends on 7 only, 


on fs 1) + f(—V/1- 7) nag 

— O12 SS — ———e ΄ς 
0 1 -- γἣ 

Putting y= ΨΥ] -- 1°, we have 


+1 a—8 
Tati f ΓΚΟᾺ -- νὴ)" ἀν. 
ae 


Appendix, § 4, p. 317. 


1. Put I,(a) = [ x%e—2"da; then I,(a) = —I%_,(a), where dashes 


denote eee with respect toa. Alternatively, integrate by parts. 


os n—l1 
13a when n is even. 


: 
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2. Substitute § = az + By, n= yx + dy, where «, β, y, δ are chosen 
so that 


G2 + oy? = ax? + bay + cy? 


Then (a5 — By)? = ac — 5, and the integral is transformed into 


: an rere 
--», ---- ---- 6 (ξ΄ tn) ξάη. 


3. Make the same substitution as in Ex. 2 and evaluate the resulting 
integrals, (a) using the result of Ex. 1, (b) introducing polar co-ordinates. 


πίασ + cA — 258) 2π 
ae) τὰς. δ 


4. (a) Forming K’(a), where the dash denotes differentiation with 
respect to a, and integrating by parts twice (taking xe-¢** as one factor), 
we have K’(a) = —K(a)/2a + K(a)/4a?, ice. 


—2 1 
K(a)= Ca 2e 4, 


t 
where Ο is given by C = - lim γία K(a) = lim Γ ἌΣ ΣΥ = ἐ νπ. 
a-> © 
= vie ae. 
K(a) we oS 
(Ὁ) Integrate the formula ττρ - = [re e—* eosadz with respect to t 
from a to ὦ. 
1 + a? 
$1 08 Te 


(c) Substituting += 1/f in the expression for J’(a), prove that I’ = 
—2I, i.e. 
1 = Ce—*a, 


οο 
where OC = lim [= ἢ e~=" dx, 
Q 


α--»»0 


ἐν πε-3α 


(ὦ) Substitute the integral expression for J, and change the order of 
integration. Use the formula 2 sinax cosbxt = sin(a + bi)a + sin(a — δέ); 


παρὰ 
cf. the expression for a dy on pp. 307-8. 
0 


πίῶ when a > ὃ, arc sina/b when a < ὅ. 
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or 
J (x) = const.=¢, g(z)=~—e for +20. 


For ¢ = 0, moreover, 
φί(ἐ) = u(0, ὃ) = f(—at) + gat) = f(—at) — ὦ, 
that is, f(Z) = e+ o(—.) Ἐξ <0. Asz-+ at 20 always, and hence 
ρία + at) = —c, it iilowa that 
0 for  ~— αἱ = 0 
a ae \o(2=2) for z— αὐ S30 


if both x and ὁ are non-negative. 


5. Lf u(x, y) = Xa,,2’y", then 


᾿ (ν + ᾿λμ + 1) 
in addition, 
4,9 = 4%, =90 for v2=1 and a=}. 
Hence 


ie #) av Vv ᾿ 
ue, y= Ee = Joli 2H 
where J, is the Bessel function of Ex. 4, p. 223. 


6. (a2) From the differential equation we get 
(f(z)? + Vy)? =1 


(f(x)? = 1 -- (9'(y)’). 


As the left-hand side does not depend on y, nor the right-hand side on 
x, both sides are equal to a constant (which has to be positive or zero), say 


c*; that is, 
({(0}}} = c%, 1— (gy) P=. 


uot afi τὴν +b 


is a solution, where c and ὦ are arbitrary and c? S 1, 


or 


Hence 


(6) w= f(z) + gy) gives 


f= 


g(y) 


= const. = d, 
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so that 
“== ax-+ “y +b 
(where a and ὃ are constants). 
If u = f(x)g(y), then 

ὦ d 

— (f(x)? = 4] — (9(y))? = const. == 20; 

£ (ayy = 4] Foto) 
so in this case 

u= ν [ον Ὁ (ἕν Ὁ 5)}, 

where a, ὃ, c are arbitrary constants. 


7. A one-parameter family is obtained from the two-parameter family 
of solutions z= u(a, y, a, 6) by making a and 6 depend in some way on 
a parameter ἔς 


a= (ἢ), b= g(t), 
z= u(x, y, f(t), g{t)). 


The envelope of this one-parameter family is obtained by finding ¢ from the 
equation | 


0 -- Ζε -Ξ Uf’ + Uy W's 


and substituting this expression for t in z = u(z, y, f(t), g{t)). The result is 
ayain a solution of F(x, y, 2, Zp, ἐν) = 0, a8 
z= u(x, ψ, a, δ) 
ὥ, = Uy + Uzty, = πίω, Y, a, δ) 
Sy = Uy + U;zly = U(X, Y;, a, ὃ) 


and z= u(x, y, a, 6) satisfies the equation F(z, y, 2, z,, z,) = 0. 
8. 


ΒΕ ἢ ἜΝ ye 
" ἀν τε Se ; +k ἥτε 


CHAPTER VII 
§ 1, p. 497. 


1 2 [οι — %)? + (ψι — Yo)? 
: ν 2g ¥1 — Yo : 


2. t= [Ων 7-86? + γβ sin?06* do. 


§ 2, p. 505. 
“3 


1. Parabolas y = ο + ie 
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2. Circle with centre on 2-axis, 


w— a 


3. y= cain 
4, y= a+b forn>landy=aloge +b forn= 1. 
5. y= ala — b)V/@+™) ifn+ m0; y = ae ifn = —m 
6. ay” + ay’ + (b’ —c)yy=90 
X b 
(for ὦ = const., [Ἕ byy’ ἀπ = δ (yo? — 9") 
Xq 


only depends on the end-points of the curve y = y(zx)). 


π 
7. ¥1— Yo “ 5: 


8 Consider F(x, y) for fixed z as a function of y; let this function of y 
have a minimum for y= 7. Then F(x, y) = F(x, 7) for a certain neigh- 
bourhood of ἢ and F,(z, ¥) = 0. ¥ will depend on the parameter 2; i.e. 
ᾧ = y(x). Then for any neighbourig function y we have 


H of X 
F(x, y(a))da = f F(a, Ge) de, 
Xo Lo 
where 7(x) satisfies the equation F(x, 7(x)) = 0. 
9. (a) y= 0. 
(b) Use Schwarz’s inequality. For any admissible 2, 


1= ut) — 0) =f vas sal f vax) {{ f vrae) = v7 


and the equality sign holds for y = 2. 


§ 3, p. 510. 
1. If v = L/f(r), then T is given by Ex. 2, p. 497: 
F = fir /(F + PR + 7 sin? 6 4%). 
Kuler’s equation for the variable 9 gives 


ofr? sin? 6 
= ey mara 


along a ray. Now let the polar co-ordinates be chosen in such a way that 
the plane 9 = 0 passes through the initial point and the end-point; 
since » = 0 at both these points we have ᾧ = Ὁ for some intermediate 
point, by the mean value theorem, that is, C = 0; but then © = 0 for the 
whole ray, i.e. 9 = 0. Hence the whole ray must lie in the plane 9 = 0. 


Fj = const. = C 
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§ 3, p. 518. 


The law of conservation of energy gives 


1 /ds\? 


ds nee 
hence Ζ, = const. = C = initial velocity. 
Then Hamilton’s principle asserts the en eri of 
[ (Ὁ -- U)dt = f 'ται-- Σο [" a= of ie 


stationary character of Hamilton’s integral implies ‘lint the length of 
path is stationary. 


Miscellaneous Examples VII, p. 520. 

1. From the differential equations for geodesics (p. 518) we find that 
for a cylinder, i.e. if @ does not depend on z, “ἜΣ const.; hence the 
geodesics on a cylinder make a constant angle with the zy-plane. 


2. (a) σία) ~ Tire = Ὁ. 

6y’”( ψ΄3 + 4y’y “ἡ oy ἀϑυγ΄ ὃ 
Ὁ) σῷ —““atye tate tary 
()yty”+y". 

(2) 2 — Wy” = 0. 


3. (a) od = (dy + by)py + (By + Cy) Py + ἀφ, + 20 Pry + CQyye 


(Ὁ) A®p = 0. 
(c) Atm = 0, 

Pi ls ib ica) ee 
u 


5. (a) Euler’s equation gives 
f + 2ru = 0; 


1 
from this equation and [ p*dz = K*, we have 
0 
ον fda) KS 
τὶ yee VAL ia.) ΠΩΣ 


(6) For any continuous admissible φ we have 


ms f ‘fode < Vf ‘fidz) Vf ‘gtaz) τοὶ Vf frdz), 


the equality sign holding for φ = τι. 


λ 


ANSWERS AND HINTS 657 


CHAPTER VIII 
§ 1, p. 529. 
1. Forz 20. 
2. Use the principle of comparison. 


3. The coefficient of z” in the expansion of cos?z Be sin*z for n > 0 is 


ee Οὐ (=F Bn) _ 
5 τῷ —yvy! a oh) (*) rile 


(cf. Vol. I, p. 28, Ex. 2(b)). 


4. The series is convergent if, and only if, | z| < 1. Forif| z]= 6 < 1, 
then 
0” 1 
ig τ 5. ΟΣ α ν 
“1-- θ’ = 1— 9 


Ad 
1— 2 


» 
and we may compare with the geometric series. If |z|> 1, then pais 


1-2 
tends to —1 as v increases, whereas in a convergent series the terms must 
tend to 0. If |z{ <= 1, either there are terms in the series which are not 


defined, or at least its terms are not bounded, since z” may approach | as 
closely as we please. 


§ 2, p. 535. 


Let f(z) = u + iv, g(z) = u’ + iv’, fo = p + ig, where p = uw’ — wv’, 
q = uv’ + vu’. Assume that wu, v and also wu’, v’ satisfy the Cauchy-Riemann 
equations, and prove that the same is true of p, q. 


§ 2, p. 536. 


1. The functions (a), (δ), (6) are continuous everywhere; (d) is discon- 
tinuous at z = 0. 
2. None. 
3.{{μ- te αὐ + BB + (xBz + « 82) 
: BBzz + aa + (aBe + α Bz) 
Now for ax —~ ββ ΞτΞ 1 the difference between the numerator and the 
denominator is 


az — 1, 


so that the numerator is greater than the denominator for | z|> 1, and 
smaller for [2 |« 1. If 88 — aa = 1, the converse is the case. 
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4. If z= γεῖφ͵, € = & + ty, then 


lf r = const. = c, then 


“P 


Ἐ3 
4 2) 4 δ 
if φ = const. = 6, then 


ξ3 ἡ 
2 2 = 1 
cos?¢ cos?c — 1 


(cf. Ex. 5, p. 158). 


6. First transform, by putting ζ = az-+ ὃ, into the unit circle; then 
I 
apply the transformation ζ΄ = ‘2h 


7. The equation of a circle or straight line in the ¢-plane is of the form 
alt + BO + PO +y=9, 


where « and y are real; if we here substitute the expression for ¢, we get 
an equation of the same form for z. 
For a fixed point ¢ = z we have the quadratic equation 


cz? + dz —-az—b= 0, 


which has in general two different solutions. A circle through the fixed 
points is, a8 we have just shown, transformed into a circle and must again 
pass through the fixed points; the family of orthogonal circles transforms 
into itself, because circles become circles and the transformation is con- 
formal. 


§ 3, p. 545. 
2. The series is absolutely convergent, by Vol. I, p. 382. 


§ 3, p. 551. 


1. By the Cauchy-Riemann equations the partial derivatives v, and v, 
of v are given; a function v with these derivatives does exist, since the con- 
dition of integrability u,, -+ u,, = Ὁ is satisfied (cf. p. 353); v is uniquely 
determined, apart from an additive constant c, and is given by the curvi- 
linear integral 


(x, y) 
u(x, y) = (vydy + v,dx) + ὁ. 


(Xo, Vo) 
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It also follows from the Cauchy-Riemann equations that v is a potential 
function. . 
§ 4, p. 553. 

1. It is easily seen that 


_ 41 f(g) τ" 
We) = = [ἘΞ τε 


is an analytic function of z. By differentiating under the integral sign and 
using Leibnitz’s rule (cf. Vol. I, p. 202), we find that hW)(z) is 


1 ¢$ (#) tn). wt vt Df er on— +o 


Qni v=0 ἣν gyri ζ5 
- Μ' Sf * Ὁ φῇ 
2πὶ ΕΣ @ -- ἡ (ζ --- 2» 1 & ‘ 


Only the terms with μ — v Sn differ from zero, 88 otherwise (, be .) 


a 


vanishes. On the other hand, a term with μ — v < m vanishes for z = 0; 
if u <n, there are no other terms, so that (0) = 0. If p =x, there 
remains only the term with μ — v = ἢ», so that 


nu0) = ut [ ee dt = f0). 


C— zjeti 
_{1 ¢ f@ 
aN lea fen 


radius p about the origin. 


< oH ὅπρ, where ΟἹ is the circle of 


3. [ a dz is equal to the sum of the residues of in the interior of C. 
σ 


Now if f has a zero of order n at 2 = 2; 


f(z) = (ὦ — 2.) 92), 
(2) mp(z) + (ὦ — 20) 9"(2) 


(2) (2 — 2)9(2) 


where 9(2,) + 9; 


-- 


| 


-- 


f") 
F(z) 

4, (a) The number of roots of the equation P(z) + 6Q(z) = 0, by 
Ex. 3, is 


at z == Z, is 2πῖη. 


so the residue of 


1 Pz) + 8%) 


anid, Plz) + 0Q(z) at 


The denominator differs from zero for every θ for which 0 <= 61 at any 
point of C; the whole integral is therefore a continuous function of 0. 
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As its value is always an integer, it is constant, and hence the same for 
@= 0 and 0 = 1. 


() 1|α] «τ΄ --Ξ, then r > 1; so the equation 2° + 1 = Ο has five 


roots inside the circle | z|—= 7; if we put P(z)= 25+ 1, Q(z) = az we 
have on the circle | z | = 1, 


[ Ο(2) } ΞΞ [αν «- » --- 1 « [25 - 1{Ξ | Pi). 
5. Cf. the proof of Ex. 3. 


§ 5, 3, p. 559. 
1. The left-hand side of the formula is the sum of the residues of the 
1 zk 
φ ke . Sis nen . 
function z*/f(z), and is therefore equal to ont [ fo dz round a circle 


enclosing all the roots «,. But this integral tends to zero as the radius of 
the circle tends to infinity (the centre remaining fixed). 


Miscellaneous Examples VIII (p. 567). 


Z—-2 
Ξ 2 must be real. 
me — 23 


1. 


2. Δ. τὸ ὑΞ5 / “1 4 must be real. For if C is the circle through 
ὥς τ tg! ty — ὅς ; az+ Β 

21, 22, 23, we may transform Οὐ by a linear transformation ζ = τς ὃ 
Into the real axis (cf. Ex. 6, p. 537); by Ex. 5, p. 537, A is unchanged; 
then a necessary condition that the image of z, shall Tie on the same circle as 
the images of 2,, zg, 25 is that it is real, which is equivalent to A being real. 


3. The equality to be proved is 


V | 2) — 24] [2,—zl|+V la — 2g | | % — 2, | 
=V | 2, — 2s | | ὅς — 2 | 
1+4/ 


=a 


Now the expressions under the square roots are invariant in a linear trans- 
formation (cf. Ex. 5, 6, p. 537). If by ἃ suitable linear transformation we 
transform the circle into the real axis, we have only to prove the relation 
AB.CD+ BC.AD= AC.BD for four points on a straight line, where 
it is trivial. 


or 
(2 — %)(%3 — 34) -- 2)(2%3 — εὐ 
(5. — φε)ίαι — 4) — 23)(% --- 24) 


(2ι --- Ζε)ίζᾳ — 24) ᾿ 
(Ὡς — Ζᾳ)ίζι --- 24) 


4. ζ = εξ takes every value except ζ = 0, as is easily seen from the 
relation εὖ = e~¥(cosz + isinz). Now we have to choose ζ so that 


e= cose = 5 (0+ =) 
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this quadratic equation always has a solution 
FC=ct Ve —l, 
and this solution is not zero, so that a corresponding z exists, 


5. Ci. Ex. 4, If ¢ = e**, then 


1 
oe 
fang= - τ τ =e 
Ἐς 
or 
1+ τσ 
c= Ὶ.--- 16 


there is a finite € + 0 only when ὁ - -Εὖ; hence tanz = δ only has a 
solution if ὁ is neither -Εὖ nor —+?. 


6. If z= 2+ ty, cosz is real if x= mm or y= 0, and sinz = 0 if 
z= mn + = or y = 0 (where n is an integer). 
7. (a) r= 1 (for |z| > 1 the individual terms tend to οὐ, for | z| < 1 


compare with the geometric series). 
(Ὁ) r= 0. (c) r= 1. 


8. savas ca 


9. (a) Integrate ——— over upper semicircle: 


eer 
. v2 


“3236 ἐξ 
(Ὁ) Integrate ipa over upper semicircle: 
vz : 
πνΣ, = (cos ¥2 - cin V2), 
4 2 2 
In ett ee ὦ 

(c) Integrate fae a χὰ ΟἿΌΣ upper semicircle: 24 ° 

χα-οὶ 
(4) Integrate over a region bounded by a large circle 


(2 + 1)(z + 2) n(22—-1 — 1) 


about the origin and slit along the positive real axis: 
sin πα 


10. (a) -2πὶ at 2= 2ππ, ---2πὶ at z= (2n + 1)π. 
3 
(Ὁ) +270 at z= 2ηπ + > —2ri at z= 2nn + τ 
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(c) Use the functional equation ['(z)= T(z + v+ 1)/e(z+ 1)...(2+ »): 
(—1)" 
n! 


πὶ at z= — ἢ. 


(ὦ) 2nt at z= ni. 


cotré is bounded on the squares 


11. Write cotnt οοῦ πί 2 cot mt. 
ἐ — t it — z 2)" 


C,, and the integrals of = over opposite sides of the square almost 
cancel one another; hence 


ὑτ t 
μὰ, ΞΕ π χ Pema [Ἕ eee He 0: 
N-—>O CO, t—2z n—> 0, it — 2) 


If we put together residues of opposite poles, the sum of the residues 


converges and we obtain οοὐ πὰ = = (os + ioe. + mals +... .) 
π at — 23 


(cf. Vol. I, p. 444). 2.5 gt - 15 
1 
12. —~— =] —f? {2 —~ {nl --Ἰὴπ . 
i+? PE been er’ +f ear 
Hence 
Ιοβ(1 Ὁ 2) -- ἐ-- ς Ὁ π τα... τὸ t+ By 
where 
R, = (—1" ἡ. ὦ 
n ee Ξ 


If we take z = e and the straight line from 0 to e as path of integration, 
we have, for e τῇ —], 


1 {" nd 
[80 1- [ται ΙΞ : fv = ay 


where m denotes the minimum of 1+ e&?for0 St <1. Hence if 
z= εοἷθ Ὁ —1I, R,, tends to 0. 


1 1. 
13. (α) 7(5) Ξξ ΞΞΞ = (ap = ΠΕ, 


now 
1 1 ~ 1, 
Qv— 1 (δ) “Jo, yet Ὁ 
| 2 | jz] 


1 
and the series & Day aye is absolutely convergent for z > 0. 
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(b) (1 — 2-*)&(z) 


pA GoM J wee ese ee Os 
malta tgs tage 92 42 62 eee 
1.11 = 
S124 ae Ὡὼ 
᾿ _ ἐν εὐθεῖς, {ες 
(c) ner 1)¢(z) = 7: (1) pane Toor ga) 1, 


where 
g(z) = 1 — 2). 


MISCELLANEOUS EXAMPLES 


1. (a) If there were a linear relation ax + by + cz = 0, where e.g. 
a + 0, then by scalar multiplication of this relation by x we should get 
axx + byx + czx = ax*= 0; hence a= 0, since x? +: 0. 
(Ὁ) The relation ax - by + cz = 0 is equivalent to the system of 
linear equations for a, 8, Ὁ, 
ax, + by, + cz,= 0 
Ax, + bye + cz, = 0 
AX; + bys + Céy == 0. 


These equations have the unique solution ὦ = b = c= 0, unless the deter- 
minant vanishes. 

(c) The vector equation v= aX + by + cz corresponds to three 
ordinary linear equations for a, ὃ, ¢ which certainly have a solution, since, 
by (Ὁ), the determinant is not zero. 


2. Take a co-ordinate system Ox, Oy, Oz. Then (a) reduces to the 
multiplication theorem for determinants; (b) reduces to the identity, 


Wy! + Baily’ + Mets WyYy Ὁ Teo’ + Leys | _ | Tees ἀρ, 
YxXy + Yo%e’ + Yrs YY + YoYo + YsYa° 94 ΨΩ ψ 
UX Ig γι γί ΠΟΥ 
τ 21 Ys Yi + Yi¥e y1'Yo | 


which is easily verified by splitting up the left-hand determinant into a 
sum of nine determinants; (c) may be verified by calculating the com- 
ponents of 2, y, 2; (ὦ) is an immediate consequence of (c) and 1(6), since 
by (¢) 

(xCyz}] + [»lzx]] + [2[xv]] = 9. 


Finally, if x, y, 2 are vectors lying respectively in the three concurrent 
straight lines, then the plane through x which is perpendicular to y and z 
passes through x and [yz], 1.6, its normal has the direction of [~[y2]]; 
the three normals lie in one plane, hence the planes pass through one line. 
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4. A rotation of Oz’y’ through the angle | leads to a new system 
Οχ χ'΄. A direct passage from Oxy to Ox’’y” gives the desired result. 


5. (a) In the co-ordinate system Ox, Oy, Oz take the vectors (,, 81, Ὑι)» 
(α,, Bes Yo), (%g> Bg» Ys)» If the determinant is orthogonal, the vectors will 
form a new orthogonal co-ordinate system Oz’, Oy’, Oz’. 

(6) The passage from the system Ox’, Oy’, Uz’ to the system Ox, Oy, Oz 
is given by the determinant 


Oy ἄ; Ag 
By Be Bs 9 
Y1 Ye Ye 


which again must be orthogonal. 


6. Pass from Ox, Oy, Oz to Ox’, Oy’, Oz’ by the following three rota- 
tions: (1) Rotate Ox, Oy, Oz through the angle 9 about Oz, so as to form the 
new system Oz,, Oy,, Oz, (Oz = Oz,). (2) Rotate Ox,, Oy,, Oz, through 8 
about Ox,, obtaining Ox,, Oy,, Oz, (Ox, = Ox, Oz, = Oz’). (3) Rotate 
Ox., Oy,, Oz, through } about Oz,, obtaining Oz’, Oy’, Oz’. In each of 
these steps the change of variables is to be performed according to Ex. 3. 
Finally, eliminate the intermediate variables 2, 41, 2, Yes Yoo 23 this is 
best done by multiplying, in the correct order, the three determinants 
corresponding to the above rotations. 


7. Note that coszOx’ = cosq cos — sing sin) cos. 
8. If a is a unit vector in the direction of the normal to the plane and 
6 a unit vector lying in the straight line, then J — o is the angle between 
a and 6. It follows that 
Aa + BB+ Cy 


P= MED Vat tet eT) 


9.¢%@=3,y=2,2= 1. 


: cos§ —sin@ 0 COS % cos 8 cosy | 
11. D=|sin6  cos0 0| x {sing sin B sin y ; 
0 0 1 sin(® — y) sin(y— αὐ sin(«a — 6) 


the first factor is equal to unity. 


12. Adding the third and second column to the first, dropping the 
factor A + 2B, and subtracting the first row from the second and third 
row, we have D = (4 + 2B)(B — A)? 

= {(. -Ἐ ν Ὁ 3) (αὐ Ὁ y+ 2— ay — az — yz)}?. 

13. In order to see that the determinant represents a linear function, 
subtract the first column from the other columns. By substituting «= —@ 
or x= —bin A, we get A and B, 


14, As uv = 1, Leibnitz’s rule (cf. Vol. I, p. 202) gives 


uy + uv’ == 0 
wy + Qe’ + uv” == 0 
uy + 8u’’2" Ἢ ν΄ — --μυ΄“, 
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These equations, considered as linear equations for v, v’, v’, have the 
determinant —D. If we solve the equations for v by the rule given on 
p- 25, we have 
0 “ 0 
0 WwW iu 
a uy’ Su’ Su’ 


= — — 


— κιϑυ"" / D, 


i.e. of” = Dv/u® = D/ut. 
15. (Ὁ) Put z= logu; for z we then have the equation 2, = 0, i.e. 
z, does not depend on y. Let z, = (x); then 
Hf 
z= f o(a)de + Hy). 
If we put 


dx 
ef ὁ = f(z), εἶ) — g{y)s 
then 
u == e* = f(x) X g{y)- 
17. Differentiate F(u,, u,) = 0 with respect to % and y. 


18. w is of the form 
= 4(Π) + a(*). 


19. (a) |f(@thytkh—f@y)| 
=| sae Ἐπ LV τα Ἐπὶ 
Vil (4 Ὁ ht Ay + b+ νὰ + e+ 20") 
< | 2ha + dky + h? + 212] 
Ξ 212 + + δι. + Bky| 
< 20} + + BV (+ BV (24 + y) 
τὸ ὃν (5 + ἡ {1+ 2V 2 + y*} 
if we assume that h? + A? < 1. Thus e.g. 
lf@thytk)—f@y|<e 


2 eee 
for ν (hi +) Sst ave 


20. Let ὦ = at, y= bi; then 


{2 
lim f(x, y) = lim a4b4 ___--___ = 0, 
war 9) t—>0 (a? 4- 64¢7)8 
232 
lim σία, y) = lim ae cee | 7 
t—>0 t—>o0 at? +. 033 — at 


but if (2, y) approaches the origin along the parabola y? = x, f(x,y) = 4; 
g(z, y) = 1. 
21. Let C be given by the equations z = x(t), y= y(t), where αἱ) and 
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y(t) have continuous derivatives. Let two points on C correspond to ἐν 
and ἔς. Applying oe mean value theorem, we get 


i= 7 JB -Ὁ φ5αι = (t, — τὴν ἀπῇ)" + Ds 
1 


d= A/ [xe(te) — x(t,)}? + [y(te) — y(t.) FP 
= (ἐς — ἡ} ἀ(τ) + Y(t)", 


where τι» το» tg lie between ¢, and ἔς; 
d — l Ξ-:-- ο(ΐς, = t,), 


V (ty)? + y(t)? — ὧν X72) + (73)? > Ὁ as 1, — t, > 0. 


22. As the series has positive terms, it is sufficient to prove its con- 
vergence and find its sum for any order of the terms. Puta -+- b= n; then 


since 


Qo + [Kn a τῶν ψ 
1-8 EC), £280) 
n=O azo 7! αὐγὰ Σ Re 0 
00 n-1 
= 2 TY a(i+ 9 ᾽ 
n=0 y” 4 7) 


since the relation 
nm 


DY (.) az* = nz(1 + 272 


a=0 


holds. (This may be proved by differentiating the identity 
Σ ) μα Ξε (1 + 2)5). 


a=0 


Thus 5.1 § (142) 


Zn=0 YY κα 


1 
“(Ey 
ce sy 


24. Tf dots denote differentiation with respect to the length of arc 8, 


we have 
k= V x’. 
Now 
δ τε: xP A xt, 
; 1 . ὦ αὐ (x x"), 
ΞΡ algae Le eae ae 
hence 
ΤᾺ x (x’x’’) 
x => > 


χ'χ.. ( x’ xa 
(x 
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25. By definition 
42 + y2 one 1; 
hence, by differentiating, we get 
σα ἢ νυ = BS ok. ἃς τῶν, ἄν τὸ Ay 


If we put 
xy” γος xy’ — Y> 
we have | 
= — yy’; y”’ ΒΕΝ γαΐ, 
and hence 


af 4 y!/2 = 2, 
Now as 2’ = a, 2” = 0, the osculating plane (cf. Ex. 1, p. 93) is given by 
—ay(E — 2) + (η -- yar” + (ζ -- γ τεῦ; « . (0) 
it obviously contains the normal of the cylinder, given by 
(ξ -- xa + (ἡ -- yy ΞΞ 0, ζ ΞΞ Ζ: 
By (a) the curvature (cf. Ex. 24) is given by 
_@ttytta) ty) _ 
~ gt ey’? + αἢ ~ +a)? 
By (6) the binormal vector (cf. Ex. 7, p. 94) is given by 


oan ¥ 
(Tarr ya te ater? Ὁ Sar +P TR TPITE Ἔγ Vara νὴ) + τὴ 
—ay aa’ 


“" (Wee wi+a vee) 
τὶ (Ξ- ew Vita er 


Since τ is the length of the derivative of this vector with respect to the 
length of are (the element of which is (1 + ae we have 


az 
= “5 73) _ 
to pap et ag aR 


26. Cf. Ex. 1, p. 93. The equation of the osculating plane is 
f+ fo = Ef” cos8 + 7, sind) + 9(f” sind — f’ cos) + ᾧ; 
the distance of the plane from the origin is 
(FS UV USA +S), 
which reduces to V(1 ++ 1/A?) in the special case. 


27. Cf. Ex. 24. 
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28. (a) According to Ex. 3, p. 19, the plane is given by 


4ai,> — x 40,7 —y ct, — 2 
Jat? — x 1b? — y οἷς --- 2 


(6) By Ex. 1, p. 93, the osculating plane at the point ¢ is the limit of 
the plane through three points which tend towards the same point, and is 
therefore given by 

32 bly 3 
fa ee 0. 
δ ὃ α 
At the point of intersection (x, y, z) of the osculating planes at ¢,, t,, ἔς 
this equation must be satisfied for ¢= ἡ, and ‘= ᾧ and t=%;. Hence 
ἢ.» ts, ts are the three roots of the equation above. Therefore 


3z 

—=& + by + be, 

~ = tft, + tts + bets, 
35 

ἃ ΞΞ- tylots. 


These expressions for 2, y, 2 satisfy the equation of the plane in (a). 


29. If ὃ, c are kept fixed and a alone varies, we have s = ἐδο sin A, 
ds = tbecosAdA. From a? = ὃ + ο — 2bc cosA, we have by differen- 
tiation ada = be sin AdA; hence 

a 
= Ada = : 
ds 5 εἴπ 4 “98 R cos A da 

30. Denote the components of the vector AP by 2, y, z. Then 
adx + ydy + zdz__ 
V (at $y? + 2) 


31. Using a self-evident notation, we have 


AP = V (22+ y2 + 2%), d(AP) = —a.dP., 


: d : ἃ i 
P=A— PA.a,P=—PA.a— q (PA).@ or PA .a@=— di (PA).a—P. 
By Ex. 30, 
<(PA) = —aP = —a(au + bv -- cw) = —u— (abv — (ac)w,. 


Now 
PAa= aut (abwa + (ac\wa --- au — bv — cw 
= [(@b)v + (ac)wja — vb — we. | 


32. P= au -+ bv+ cw, hence P= au + bv + cw + ati -+- 66+ cw. 
Introducing the expression for @ from the previous example and the similar 
expressions for 6 and ¢, we get the required expression for ἢ, 
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33. If (x*/a?) + (ψ" 653) = 1 is the equation of the conic, then 
(a? + y?)? = 4(a%a? + b*y?) is the equation of the envelope. Note that 
if the conic is a rectangular hyperbola this envelope is an ordinary lemnis- 
cate (a? + y?)? = 4α" («3 — y?). | 


35. If P describes the pedal curve I” of I’, construct on OP as diameter 
a circle in the plane perpendicular to the plane of ΤΊ the envelope is the 
surface generated by this variable circle. 


37. An ellipse. 
38. A plane touching the parabolas has an equation of the form 
—ce + cy+ez=1 or --οἷα -ἰ Y— a= 1. 
The corresponding envelopes are 
(y + 2)? = 45 and (y— z)? = 42. 

39. The proof resembles that for 1 = 2 (Appendix to Chap. III, ὃ I, 
p. 204). A positively definite quadratic form 24,;,7,%;, can be brought by a 
suitable transformation 7,= reas (i=1,..., 2) with a non-vanishing de- 

= 


1 
terminant into the form Lay2,%,= yt yet +++ Yi > mart... + 
x,*), where m is a suitable positive constant. For the applications it is 
important to remember that a necessary and sufficient condition that a 
form © = Xa,7,, shall be positively definite is that its principal first 
minors of order 1, 2,..., ”, a8 indicated below, 


ἀμ: Ae: ἄγ᾽ eo tae e Gin 


shall all be positive. ® is negatively definite if —@® is positively definite. 


40. Sketch the curve f = 0 and investigate the sign of f throughout 
the plane. 


41. If P, = (x, ψὺ» τι = PP,, we have 
3 3 
st aS ae Στ -- y,)da —(% — σῇ ἀν}, 


which is positively definite. 

42. At the point P,. Note that the function f= re + 1s is con- 
tinuous in the whole plane, but not differentiable at the points P,, P,, Ps, 
where it has conical points (like the function 27 = ν (x — 24)? + (y— 4) 
which geometrically represents a circular cone). Investigate the derivative 
of f at P, in all directions round this point. 


43. According to the first rule we have to compute d*f from (3), with 
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dX, +565 ALm, G2, ...,5 4°%,, substituted from (1). Note that (1) implies 
that 


PO, = UPpae, Ir, dey + Pua, Udy eet Que Pay, = O(u=1,...,m); 


if this is multiplied by 4, and added to (3) for all values of μ, we have 
Pf= CF = XF,, dx,dx,, because d*a,..., 0°, drop out on account 
of the relations (2). 


44. For F = f+ Ao (disregarding a positive factor) we get 
1,5 

@F = Σ dx,dx,, with dp = dx, + eve + dz, = 0. 
tk 


Eliminating dz,, we have to show that the quadratic form 


la-l 1,5--} 


1, π--} , 
—@F = (day +...+ dx,_,)* — Xdada, = XLdx? + Σ ἀκ, ἄχ, 
i,k i,k 
is positively definite. 
46. The co-ordinate axes. 


47. y == x*(1 +- 2'). The two branches of the curve forming the cusp 
at the origin lie on the same side of their common tangent. 


48. (a) Lf we put f=lz + my + nz, p= ὧν + y? + 2? — οὗ F=f — do, 
then the conditions for stationary values are 


b= Apz?—1, m= drpy®—1, n= λρερπῖ, ς, (4) 
Multiplying these equations by x, y, z respectively and adding, we have 
la+mytnz=drper™ . . “ee ee (B) 
Calculating 2, y, z from (A) and substituting in » = 0, we get 
Ap = (12 + m2 + n®)li¢el—P, 


Substitution of this expression for Ap in (8) gives the stationary value. 
(Ὁ) Cf. Ex. 43. Here we have 


PP = —rplp — 1)(29—2da® + yP-2dy* + 29—2de"); 


as Ap > 0, this quadratic form is positively or negatively definite according 
asp Sl. 


49. Minimum for x = 1, y = 4, saddle point for «= —1, y= 2. 


50. Let AB touch & at P. Let A’B’ be another tangent, and let the 
new point of contact be P’. Then if dp is the angle between AB and A’B’, 
and we neglect terms of the second order, the difference of the areas of 
A’B’C and ABC is 


AS = © ΖΡ: _ BPs, 


For the triangle of least area AS = 0, that is, AP = BP, 
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51. Apply the transformation 


2’ —xcosa—ysina, y’ = rsine + y cose. 


52. Let S denote the curve f(x, y) = C and S’ the curve φία, y) = C’. 
S and 9’ have a point of contact in (a, ὃ). In general, f(x, 9) — C is positive 
on one side of § and negative on the other side in some neighbourhood; 
similarly with φία, y) — O’ and δ΄. If e.g. f(a, Ὁ) is ἃ maximum of f, then 
f(a, y) --- Ο 350 on ϑ', 1.6. 8’ is wholly on one side of S; then S is also on 
one side of 9’. That is, φία, y) — C’ has a constant sign on S and as it 
is equal to zero at (a, δ), it has either a maximum or a minimum there, 


53. The equation of the generating tangent is 
2 sin® + y cos® = α(θ sin -+ cos8 — 1). 


d ΒΩ - πο Σὰ 

59. :-: υ 1 — 73 cost ae 
since 

1 1 

(eer paar eee 


tan § 
are tan [- 


V1 — a] 


we have 


d π 1 
gie=5(1- Fan) 
and therefore 


f(z) = πιορ  ΨΝ -- αὐ) --π log 2. 


56. According to p. 273, 


s=f { ViG- ΤῈ drd0 
0. f’'(@) 
53: ao f Jr + [3 ἀν 
9; 9 


θ, 
= [ν8 { log(1 + ν2}} [ 1340 (cf. Vol. 1, p. 216), 
6, 


which is [V2 + log(1 + v 2)] times the area of the projection 
6.50650, OSrsf'(®. 


57. As A — BR? = 8, A— 2 BR? = 4, we have A= 10, B= 42/R*. 
The attraction at an internal point is equal to the attraction of the total 
mass of the points inside of the sphere of radius r concentrated at the 
centre of the sphere. 
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58. By translation we can ensure that the triangle lies in the upper 
half-plane, Then its moment of inertia is equal to 


P2141, Xe4f2) + P(%2H2, Tas) + (%sY55 XY), 


where 9(2%,4,, 2242) denotes the moment of inertia of the quadrilateral 
with vertices (,, 0), (21. Yr)» (Zo» Ψε)» (%2, 0) multiplied by the sign of 
(αι --- 2). Then show that 


P(%4Y 1, %eYo) = τς (% — φρῬίψιἢ + ψιῖψα + YiYo? + Y2*)- 


60. 2— =, 
2 
61. Introduce polar co-ordinates with the pole as origin. 


2 sly 
62. 1-- [ (y — 4)dy [ dx = 12 — 16 log2. 
1 (8y—20)/(y—4) 


8 a 
63. (a) K=f ao [ rlogr@dr. 
0 0 


a, po(x) 
(b) κ- { f log (αὐ + y*)dy\ da, 
o ‘Yo 
where 
p(x) = x tanB for 0S 2 Sa cos; +/a? — 2? for acosB Sz Sa. 


64. V= τς Th? tan® x. 


For V = [rao =f (3 ees ) do, where the integral is to be 
tan « 
extended over the region 


h tan a(1 — sin 4/26 cos?/26) <r < htane. 


2π htana ᾿ 
That is, V = f dd Ἷ (, Ν ἢν 
0 h tan a(1 — sin 4/39 cog 2/39) tan « 
20 On 
= ἢ. tan? af 4 gin 8/3 9 cos 4/3 6d — h? tan? af } sin’ 0 cos? 048; 
_ do : 


if we substitute sin? = y in the first integral, it becomes 
το FOYT) 
5/6 (1 — y)1/6 dy — Bad, 2) = ~ S48 
[ yr (1 — yh? dy = BG 6) ΤΩ) 
Ξε Te) Γ(δ) = ver, 


where we have made use of the extension theorem for the gamma function 
(cf. pp. 335 and 337), 
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65. The generators are the lines of the surface given by ὦ = const., 
or by y= const. Thus, as dS = (1 + σοῦ + z*)'/2dady, 


η ξ ] Ἴ ξ 
[ὦ πατπτρ-- [ πα τγατ σεν 


= —are tan ener) 
(L+ G+ y)/2 
66. ὦ κι)-- [᾿ξ (BORE) af da: αν ees 
da > da Cosa 9 1+ acosz 4/1 — a? 


thus K(a) = x arcsina + const.; the constant is determined from the 
condition K(0) = 0. 


67. Introduce new variables u and v by the equations u—= 2°/y, 
v= y"/z. The area then becomes 


b? pd b? a 
f O(%, y) dudv = af u— 2/5 du [ v— 1/5 dy 
a? 


δ δίω, v) a? δ 


(cf. p. 268). 


68. Take a co-ordinate system O2x,, Ox,, Ox3, and denote the position 
vector of a variable point on by x. Then a= 4 { x X dx has the re- 
r 


quired properties, for ὡς, ΞΞ 4 f (x, d%,— σφ...) is the area of the projection 
r 
of I’ on the plane Oz,2,. 


69. The motion takes place in a plane, since p is a central force proved 
for the case p = 1/r? on pp. 423-4). Hence 


It follows that 
xy — ty = const. = ἢ, 


᾿Ξ τ δ ες 
δὰ p= -- ῦ7ῇβ. 


tt + y= — 


Hence 
ἀ 
* (92 12) -α -- ρ. 
ἐπ Ἄ[ (δ᾽ Ὁ Ψὴ tp 
The distance of the tangent from the origin is 
| wy — ay | h 


CS τ a 
a/ +o? a/ #2 Ὁ yp? 
23 (£912) 
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therefore 
d IW dr 
ag Pa 
or 
qd ht 
ar α: --- 


which proves the first statement. For the cardioid we have g = r?/V 2ar 


70. Let (x4, ¥1),- ++» (%qs Y,) be the attracting particles. Then the 
resultant force at a point (z, y) has the components 


Z-— Ly, ¥—- Ww 


as ee ne, 
ν V{(x πε αν)" Ῥ (y —_ y,)*} ν ν( "" x)? Se (ψ a y,)*} 


If we introduce the complex quantities 2, = 1 + ty, .++,% = 2%, + Wy 
z2=2+wy, Z= X+1Y, we have 


where f(z) denotes the polynomial (z — z,)... (z — z,,) and Z the complex 
quantity conjugate to z. The positions of equilibrium correspond to Z = 0, 
i.e. to the zeros of the polynomial f’(z), of which there are n — 1 at most. 

Positions of equilibrium in the particular case: (0, 0), (V/(a? — 6?), 0), 
(— V (a? — 83), 0). 


71. By definition 
= —x— Quy 
ἢ τ —Ny+ Qe © * * * * 8 8 (4) 


Or differentiating the two equations twice and combining them we get 
an equation involving z only, 


e+ (222 + 4μ3)} - atx = 0, 
and a corresponding equation involving y only, 
T+ (22 + 4μ5)ῦ + My = 0. 


Thus ὦ and y are linear combinations of etiut VF yD) (cf. Ex. 1, p. 444), 
or of cos(u+V2?+ 2), cos(u—V 22+ ya), sin(u + 1/224 yh, 
sin(u —V 42+ μϑ), with constant coefficients a, ὃ, c, d, and a’, b’, ce’, d’. 
From (A) it follows that a’ = —c, b°=—d, c’=a, d’=b. Using‘the 
initial conditions z(0) = y(0) = y(0) = 0, #(0) = u, we obtain the result 
given. 
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72. (δ) The equation becomes of the form treated in (a) if we mul- 
tiply it by “ὃ. It has the particular solutions τὸ = 2° and v= 2; hence, 
by (a), a third solution is given by w= 1 -ἰ «*; the general solution is then 


A(l + x4) + Ba? + Ox'. 


73. The curve satisfies the differential equation 


| n(x — y=, 


or in polar co-ordinates 7, 8, with 6 as independent variable, 


nr? 


dr ᾿ 
cos 6 do r sing 


that is, 


whence 


6 w7\ 1” 
[uo + 3) ( + singy" 


r= a Ξ------. = 
cos 8 cos*™+1§ 


(ef. Vol. I, pp. 214-5). 


74. According to p. 482, a solution of the first equation is of the form 
z= fla + at) + glx — at). 
On substituting this expression in the second equation we have 
7’ = 0, 
ie. either f = const. or g = const. Hence z = f(x + at) or z= f(x ΒΞ at) 


is the most general] solution of both equations. 


75. Put u = (a? + y* + 2*)"/2 and let Καὶ be of degree h. Then 
n—2 
AU = thy + Uy + Uy, = πίη + 1) + y? + 2) 2, 
OK ΘΚ OK . 
Sop ay og (cf. p. 109). 


—ith | 
Hence u = (2? + y?+ 22) 2 is a solution. 


76. (a) The value of the integral round the small circular detour 
tends to zero as the circle becomes smaller. If we put z= εἶθ on the 
23° (E912) 
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unit circle and z= x, z= ty respectively on the axes, Cauchy’s theorem 
gives 


ph 1\™ ef . 
0 -Ξ [Ἕ (« + 1 “7:1 dx + t [ 2 (εἴθ + 6 ἐθγπιρῖθη d8 
0 μ : 
; 1", 
“-ἰ [ (iy ΒΒ 1) (ἐψ)" ταν 
0 ἣν 
1 1\™ ial 
-[ (« Ἢ *) αὐτιά + 4.2m 1: cos™ θεύπθαθ 

0 x 0 


in(a—m) pl 1\m 
—e * f (-y +2) y"— dy; 
0 y 


by equating the imaginary parts of this equation, we get 


2 1 
am [ἢ cos™ § οοβθαθ = paca | (— y + "yh tdy 
0 2 0 y 


1 
= 4 sin —™) ( [1 - Hye m—2)/2 dy 


= }sin 5(n — m) B(m + 1, nem) (cf. p. 337). 


(ὃ) Use the relation 


sin (1 — m)r cee") = ; τε 
9 9 | ra 1 = S) (cf. p. 335). 


77. If αὶ + 0 and if C’ is a contour in the region in which f is regular, 
and contains y but not 0, then, by p. 549, 


ayy et ff) 
dy" (y+ αὐτὶ = Qnidy, (6+ αὐοῦυὝῖ( --α y+ 


[ we put a = ἡ = V x the latter integral becomes 


nl ii f(t) ἢ 
" 


πὶ J, (3 -- απ ει “" 


If we then substitute ἐδ = τ, the integral becomes 


ἘΝ | νὴ dt, 


4nidy (τ-- χ)ῦὔτι 


where C is a contour containing x but not 0; this integral is equal to 


ἜΑ V2) 
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; αἰὲν. g—v—iv\ /er—ty — eaatty 
78. | sinh 2 -- ( ) (τ τς. 
| sinh (z + ty) | 5 5 


==: ᾧ (cosh2z — cos2y) 
= }(cosh2z — 1). 


Integrate along the boundary of a square with sides x= -Ἐ πίη + 4) 
and y= -Ἐπίη + 4), where πὶ is an integer. As n—> © the integral tends 


to zero; hence the sum of the residues tends to zero. 
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— — two planes, II. 
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Confocal conics, 158, 537: 
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Discriminant, 172, 180, 210. 
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Double integral. See Integral. 
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Double point, 210. 

Du Bois Reymond’s proof of Euler’s 
equation, 499. 
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Elliptic integral, 221. 
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— law of conservation of, 281, 416, 512. 

— potential, 415, 511. 
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— — differential equation of, 454-5. 
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Flow of fluid, 370, 384, 388, 396. 
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— lines of, 384, 470. 
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—- compound, 69 et seq. 
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— homogeneous, 108-10. 
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— many-valued, 563. 

— of function, 494. 
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—=—s 


Gamma function, 323-38, 545, 565-6. 
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Green’s theorems, 366, 390. 

Guldin’s rule, 274, 294 et seq. 


Hamilton’s principle, 510-2. 
Heine-Borel theorem, 99. 

H6lder’s inequality, 201. 

Homogeneous function, 108-10. 

—- differential equation, 431, 438, 442, 


445-7, 449. 
Hyperboloid, 161, 168. 


Implicit functions, existence and con- 
tinuity of, 114, 117. 

Inertia, moment of, 278-80, 286. 

Inflection, point of, 125. 

Inner product, 7, 85. 

Integral as function of parameter, 216- 
21. 

— convergence of, 257, 259, 260, 263. 

— curves, 451. 

-- differentiation of, 219, 235, 240. 
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Tntegral, evaluation of definite, 554-6. 

— improper, 256-64, 307-13. 

— — convergent, 257. 

— line, 343 et seq. 

— mean value theorem, 232. 

— multiple, 215 et seq. 

—-—- reduction to repeated integrals 
237-8, 241-6, 266-7. 

— of product of functions, 228. 

— over surface, 300-7, 374-84. 

——in more 3 dimensions, 301 
et seq. 

— transformation of, 247-54, 368, 373. 

Integrating factor, 457-9. 

Integration, change of order of, 239, 
310-2. 

— of analytic functions, 537-41. 

— of power series, 526-8. 

— of rational functions, 556~7. 

— to fractional order, 339-40. 

Intensity of flow, 371, 339. 

Inverse functions, derivatives of, 142-5. 

Inversion, 135, 153, 157, 168. 

— in space, 159. 

Irrotational, 372, 397- 

Isoclines, 454. 

Isolated point, 210. 

Isoperimetrical problern, 
518-20. 


214, 493. 


Jacobian, 143-4, 147, 151, 154, 156~7, 
248, 253, 367-8, 377. 


Kepler’s laws, 422 et seq. 


Lagrange’s differential equation, 466. 

— dynamical equations, 512. 

— identity, 19. 

— multiplier, 190-9, 516-8. 

— representation of motion of fluid, 212. 

Laplace’s equation, 76, 93, 397, 472. 

— — boundary value problem, 478. 

— — from variation problem, 515. 

— — in polar co-ordinates, 76, 369, 391. 

Lemniscate, 116, 128, 132, %19. 

Length of arc, 86, 162. 

Level lines, 90. 

—— surfaces, 90, 121, 470. 

Limit of double sequence, 46, ΤΟΙ. 

Line element, 163, 273. 

Line integrals, 343 et seq. 

— — main theorem on, 352, 358, 397- 

Linear differential equation. See Lj- 
ferential equations. 

— equation, 23-6. 

Linearly dependent functions, 439~ .0. 

Lines of force, 384, 470. 

Lissajous figures, 422. 

Logarithm, 541-4, 564, 567. 


Many-valued functions, 563- 
Mappings, 133 et seq. 

— of surfaces, 161-2. 

Mass, 235-6, 276. 

— centre of, 12, 38, 277- 

— moment of, 276-7. 
Maxima. See Extreme values. 
Maxwell’s equations, 485-8. 
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Mean value theorem, 80. 

— —for potential functions, 477. 
— — of integral calculus, 232. 
Minima. See Extreme values. 
Minimal surfaces, 515. 

Mébius band, 379. 

Moment of inertia, 278-80, 286. 
— of mass, 276-7. 

Momental ellipsoid, 286. 
Multiple integrals. See Integral. 
Multiple point, 128. 

Multiplier, Euler’s, 457-9. 

— Lagrange’s, 190-9, 516-8. 


Nabla, 92. 

Neighbourhood, 42, 99. 

Newton’s fundamental equations of 
mechanics, 413. 

— law of attraction, 413. 

Node, 210. 

Normal, 124, 130, 163-4. 

— vector, 86 


o, O notation, 48. 

Open regions, 42. 
Order of vanishing, 47-9, 551- 
Orientation of co-ordinate axes, 2. 
— of surfaces, 375-81. 
Orthogonal curves, 126. 

—- trajectories, 456. 

Oscillations, small, 419. 
Osculating plane, 93, 94, 518. 
Outer product, 13 et seq., 85. 


Parabolas, confoccl, 126, 137, 139- 

Parabolic co-ordinates, 139. 

Parametric curves, 165. 

Partial derivatives, 51 et seq. 

Partial differential equations, 468, 481. 

Pendulum, 280-2. 

Planes, angle between, 11 

— equation of, 8. 9. 

Planetary motion, 422 ¢t se. 

Planimeter, 297-8. 

Plateau’s problem, 515. 

Poisson’s integral, 479. 

Polar co-ordinates, 138, 143-4. 

— — derivatives in, 75-6. 

—— im space, 141, 254. 

— — integrals in, 254. 

— — Laplace’s equation in, 76, 369, 391 

— — volume in, 267. 

Poles, 469, 552-3- 

Polynomials, 43, 45- 

—- Hermite, 82. 

— multiple integrals of, 228. 

Potential energy, 415, 511. 

— function, 91, 550. 

— of double layer, 472-7. 

— of force, 283, 35°. 

— of mass distribution, 469 ef seq. 

— of spherical surface, 284-5. 

.— — mean value theorem for, 477. 

Power function, 544-5. 

Power series, 525 et seg., 547-9. 553- 

Pressure, 392. 

Primitive transformations, 31, 32 149 
εἰ seq. 
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Quadratic forms, 204-7. 


Rational functions, 44, 45, 556. 

Real numbers, 569 et seq. 

Regions, 41 et seq. 

Regular function. See Analytic func- 
tion. 

Residues, 552. 

— theorem of, 553, 556-7. 

Revolution, area of surface of, 274. 

— potential of solid of, 286. 

— volume of solid of, 266-7. 

Riccati’s differential equation, 443-5. 

Riemann’s zeta-function, 545, 568. 

Rotation, 5, 12, 19, 38, 83, 88. 

— vector, 92. 


Saddle point, 185, 207, 211. 

Scalar, 84, 88. 

Scalar product, 7, 85. 

Schuler’s pendulum, 282. 

Screw, orientation of, 2. 

— surface, 276. 

Separation of variables, 431. 

Sets of points, 96 et seq. 

Singular points of analytic functions, 
552. 

— — of cufves, 127-9, 209-11. 

— — of surfaces, 211-2. 

Sinks, 370. 

Solid angle, 408, 474. 

Source-free vector field, 404. 

Sources, 370, 371, 469. 

Space differentiation, 235. 

Sphere, area of, 270-1, 273. 

— centre of mass of, 278. 

— line element on, 168. 

— moment of inertia of, 280. 

— n-dimensional, 302-4. 

— parametric representation of, 160. 

— potential of, 283, 284-5. 

— tangent plane to, 131. 

— volume of, 267. 

Spheroid, 275. 

Stationary character of integral, 497 
et seq., 507- 

— values, 186. 

Steiner’s theorem, 279-80. 

Stereographic projection, 160, 167. 

Stokes’s theorem, 365, 393, 402-4. 

Straight lines, equation of, 8, 9. 

— — shortest distance between, 10. 

Strophoid, 177, 210. 

Superposition, principle of, 438, 480. 

Surfaces, angle between, 130. 

— area of, 268~74, 300-7, 

— element of, 270. 

— family of, 130, 170. 

— Gauss’s fundamental quantities of, 
162, 168. 

— in implicit form, 129~31. 

— integration over, 300-7, 374-84. 

— normals of, 130, 163, 164. 

“- parametric representation of, 150. 

“τ΄ singular points of, 211-2. 

~ tangent plane of, 64, 130. 


Tangent line, 65, 124. 

— plane, 64 et seq, 130. 

— — of quadric, 77. 

—— vector, 86, 93. 

Tangential equation, 213. 

— function, 213. 

Taylor’s series, 528, 549. 

—— theorem, 8o. 

Tetrahedron, centre of mass of, 12. 
— volume of, 18, 27. 

Torsion, 94. 

Torus, 165-6, 274. 

Total differential, 66, 351. 
Trajectories, 456, 465. 
‘Transcendental function, 110. 
Transformations, affine, 27—33, 74, 78, 
_ 133. 

—- combination of, 146 et seq. 

- determinant of, 28, 33 et seq., 147. 
~~ general, 133 δὲ seg. 

--- of co-ordinates, 5. 

-- of derivatives, 75~6. 

—- of integrals, 247-54, 368, 373. 

— primitive, 31, 32, 149 et seq. 
‘Tube-surface, 179, 182, 275, 285, 298. 


Wbpeteemnined coefficients, method of, 

403-4. 

Uniform continuity, 97. 

Uniform convergence, Dini’s theorem 
on, 106. 

~—— of double sequence, 104 et seq. 

— — of improper integrals, 308 et seq. 


Variation of function, 496, 508. 

-—~ of parameters, 430, 445. 

Vector field, 82. 

Vectors, 3 et seq. 

~~ components of, 5. 

— curl of, 92, 393, 404. 

— divergence of, ΟἹ δὲ seg., 404. 

— families of, 85. 

— field of, 82. 

— scalar product of, 7, 85. 

— vector product of, 13 ef seg., 85. 

Velocity field, 371. 

— vector, 87. 

Vibrations, forced, 448-9. 

Volume, 223 et seq., 266, 387. 

— in polar co-ordinates, 267. 

— of n-dimensional sphere, 300-7, 

-~ of region bounded by planes, 294 
et seq. 


_— of solid of revolution 266-7, 


— of tetrahedron, 18, 27. 
— orientation of, 380. 


Wave equation, 481-5. 

Waves, 484-5. 

Weierstrass’s infinite product for gamma 
function, 333. 


Work, 343, 350, 373, 414. 
Wronskian, 440, 442. 


Zeros of analytic function, 551, 553, 559. 
Zeta function, 545, 568. 
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